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PREFACE TO THE SECOND EDITION 


Fe™ its inception, the aim of this book has been to bring the reader 
to an intermediate level of attainment in the main branches of 
theoretical physics from which he may be able to proceed, with the 
help of special literature, to the field of research. Experience shows that 
it is often the first contact with a complex problem that presents the 
major difficulty, and it is here that help is most urgently needed. 
Nevertheless, it is necessary to make a certain selection from the many 
topics that seem to offer promise of development. For example, there 
is the question of whether an extensive treatment of the Hamilton- 
Jacobi mechanics, which at the time of the first edition (1932) formed 
the basis of the old atom theory, is still advisable. The decision to 
retain it is founded on the conviction that only in this way is the com- 
pelling and logical evolution of atomic physics in the form of wave 
mechanics clearly seen. 

Ensuing revisions of the book have made possible the recasting of 
the presentation of many topics. The subject of nuclear physics re- 
quired, of course, the most extensive changes. In this connexion it is 
felt that a concise survey of the main lines of cosmic ray research is 
now in order, since knowledge in this field has progressed far beyond 
the stage of mere speculation. In this brief presentation much of the 
great mass of experimental material has been omitted, and it is hoped 
that specialists in this field will not be too critical of what is apparently 
a somewhat oversimplified picture. Geometric optics has been given 
more space and the theory of the top has been modernized on the 
basis of a treatment suggested by Professor Bauersfeld. 

The range of subject matter has been extended by the inclusion of 
selected topics in what might be called “ applied theoretical physics ”. 
To have included these items in the respective chapters dealing with 
these subjects would have interrupted the continuity of development, 
and so they have been grouped in a separate Part of the book. In 
response to numerous suggestions, a Mathematica] Addendum on the 


properties of Bessel Functions and Spherical Harmonics has been 
Vv 


vi PREFACE 


prepared. This material has been placed intentionally at the end of 
the work rather than in the Mathematical Introduction, in as much 
as it demands a somewhat higher order of computational skill on the 
part of the reader. 

Other changes include: (a) introduction of the M.K.S. system, 
chiefly in the formulas of macroscopic electromagnetism (there is no 
reason to change the familiar numerical relations in atomic physics); 
(b) addition of a considerable number of new exercises; (c) revision of 
the numerical values of physical constants; and (d) extension of the 
list of references for further study. It is hoped that these alterations 
will increase the usefulness of the work in its dual role of text and 
reference book, 

Aes, als 
TM oe 
Boston, Mass., AND 
New Brunswick, N.J., 
UiS.A: 
April, 1950. 


PREFACE TO THE THIRD EDITION 


In this revision there are two additional chapters: (1) Phenomeno- 
logical Theory of Superconductivity, (2) Theory of Elastomers; and 
the chapter on Nuclear Physics is considerably modified. A section on 
Fundamentals of the Matrix Calculus has been added to the first 
chapter and one on The Role of Lattice Defects in Dielectric Crystals 
to Chapter XLI. The Table of Physical Constants has also been revised. 
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THEORETICAL PHYSICS 


INTRODUCTION 


Tur PurPosE AND MetTHops or THEORETICAL PuHysiIcs 


Purely experimental physics confines its activities to the exhibition 
of natural phenomena and the careful description of what occurs. 
One might, for example, observe the luminous effects produced by the 
passage of an electric current through a rarefied gas, record what is 
observed, and stop at that point; but to-day a procedure of this kind 
is justly regarded as being unsatisfactory. As soon as we inquire into 
the reasons for the phenomena, we enter the domain of theory, which, 
on the basis of hypotheses admitting of more or less direct test, con- 
nects the observed phenomena and traces them back to single “ pure ” 
phenomena, thus bringing about a logical arrangement of an enormous 
amount of observational material. 

In the given example of electrical discharge in gases, an “ explana- 
tion ’—i.e. a reference back to simple elements—requires theoretical 
concepts concerning the construction of the atom from electric charges 
and the mechanism of the production of charge-bearing particles. We 
thus find that the explanation of the phenomenon is far from simple, 
and that many effects operate simultaneously. Consequently, from 
the theoretical standpoint, we cannot look upon the phenomenon as 
“simple”, however easy it is to produce experimentally. Theory 
alone can decide whether the experimental conditions are pure, i.e. 
simple from a theoretical point of view. In the present example, an 
experiment in which electrons of measurable uniform velocity collide 
with gas atoms may be regarded as simple, in spite of the considerable 
experimental difficulties, since on the basis of such experiments one 
can attempt to give an account of the more complex phenomena of 
the glow discharge. 

While it is true that theory often sets difficult, if not impossible 
tasks for experiment, it does, on the other hand, often lighten the 
work of the experimenter by disclosing cogent relationships which 
make possible the indirect determination of inaccessible quantities, 


and thus render difficult measurements unnecessary. If it is required, 
1 
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for example, to measure the reflecting. power of a certain metal, the 
direct determination would require troublesome and withal not very 
accurate photometric measurements. However, if we are familiar with 
the theory of metallic reflection (p. 346), we will measure, instead, two 
angles—the principal angle of incidence and the principal azimuth— 
from which the value of the reflecting power is completely determined. 

Whence does theory obtain its hypotheses concerning the connexions 
between individual physical quantities and events? In the last analysis, 
only from experiment. It is the art of the theorist to deduce from the 
data at hand, connexions of the most far-reaching significance, and 
to draw therefrom conclusions which suggest new experiments. 
There does not exist a theory which draws only upon itself, and which 
has no contact with experimental results. The number of possibilities 
is too large for even the greatest genius to be able to construct, by 
unaided intuition, a world-picture which agrees with experience. 
Because of their neglect of experiment, the scientists (natural philo- 
sophers) of ancient times exhausted themselves in speculations which 
only proved of lasting value where they were connected with obser- 
vation, as in Astronomy and Mechanics. A train of thought of the 
nature of the well-known Hegelian dialogue * seems quite absurd to 
us to-day, despite the fact that when contradictions between experi- 
ment and the consequences of a well-founded theory arise, we look for 
a mistake in the experimental procedure as often as we suspect an 
error in the calculations. In such a case, however, the theory has been 
set up to begin with so as to agree with observational facts. But while 
it is true that the first task of theory is to disclose relationships, an 
equally important part of its work is to formulate these relationships 
mathematically. Mathematics is the outstanding tool of the theorist. 
Its use represents a rationalization of thought, in that the process of 
deriving important conclusions from the initial hypotheses runs in 
the trustworthy channels of rules of calculation learned once for all. 
At the same time, one must not lose sight of the meaning of the com- 
putations. The beginner, especially, is inclined to ignore the physical 
meaning of his work, as contrasted with the purely formal calcu- 
lations. The position occupied by mathematics in the field of theoretical 
physics implies that it is not the problem of the theoretical physicist 
to devise mathematical proofs. He must rely upon the soundness of 
the tool delivered to him by the mathematician. Even in a case where, 
occasionally, he must construct his own tool, he need not trouble 
about mathematical existence theorems, provided the result is suffi- 
ciently evident on physical grounds. Indeed, the strict requirements 
of pure mathematics often contradict the physical facts. For example, 
if density is defined as the limiting value of the ratio of mass to volume 


*“ There can be only seven planets.” ‘ But this is contrary to fact.” ‘So much 
the worse for the facts.” 
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as smaller and smaller volumes are taken, the existence of atoms leads 
to meaningless density fluctuations, the values depending upon whether 
the volume element encloses an atomic nucleus or not. The “small 
quantities’ prescribed by strict mathematics are indispensable in 
physics. Although we reckon with them as if they were “ infinitely 
small” quantities, physical differentials have a not too small value. 
For such reasons, the ability to use the calculus as a tool is far more 
important to a physicist than a knowledge of strict concepts such as 
the limit mentioned above. 

Theoretical and experimental physics cannot be separated, and 
a flawless, logically ordered picture of nature is obtained only by the 
application of both methods jointly. A rationally applied theory may 
have direct and immediate practical significance. If it is of impor- 
tance to obtain the highest possible efficiency in a large-scale technical 
process, there is only one way to proceed: we must ascertain the most 
favourable conditions by exact calculations based on the theory; 
intuition is often deceptive. One need only recall, for example, the 
original pointed form of the airship, which seems to the great majority 
of people, if they are unfamiliar with hydrodynamics, to be the most 
effective form for cutting through the air. 

Tlus an exact knowledge of natural laws is sooner or later trans- 
muted into economic advantages, which, as a sort of “ premium on 
intelligence ” *, are gained by any society which organizes its industrial 
processes on rational principles. 


* The expression was coined by Schottky in the same connexion. 
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PART I 
MATHEMATICAL INTRODUCTION 


In this textbook the fundamental principles of the differential and integral 
calculus are assumed to be known. Any mathematics required beyond this point 
is collected in four preliminary chapters, in order to avoid later interruption of 
the physical train of thought by auxiliary mathematical discussions. A branch 
ot mathematics of especial value to theoretical physics is Vector Analysis, which 
has been developed largely by physicists. Its concepts have immediate per- 
ceptual meaning, so that many physical laws show their full significance only when 
stated in the language of vectors. It is therefore quite a mistaken view to regard 
vector analysis merely as a computationa) shorthand. 


CHAPTER I 


Vector ANALYSIS 


1. The Concept of a Vector. 


Besides such magnitudes as temperature, mass, and so on, which 
are characterized by the assignment of a single number, and which 
are called scalars, there also occur in physics quantities which are not 
completely defined by the specification of a single number. The most 
important group of these is characterized by the fact that, besides the 
magnitude, the direction of the quantity must also be given. If, for 
example, we prescribe that an object, 
located by means of its centre of 
gravity P, be given a displacement 


ps 


P 


Fig. 1 Fig. a 


of 2 cm., then the point P’ occupied by the object after displace- 
ment may be anywhere on the surface of a sphere of radius 2 cm. 
with centre at P. The new position of the centre of gravity will not 
be determined uniquely unless we specify also the direction of the 
displacement in some manner. Two displacements of a point may 
be combined into a single equivalent displacement by a simple 
method (fig. 1). Instead of moving the point P to P’ in a certain 
direction, and then displacing it in a new direction to P”, it might 
have been moved directly along the third side of the triangle PP’P” 
to P’. Since this process may be repeated, we can use it to charac- 
terize a displacement in still another way. We place P at the origin 
of a rectangular co-ordinate system, and move the point first along the 
a-axis to P,, a distance a, then parallel to the y-axis a distance b, to P,, 
and finally from here parallel to the 2-axisto P’, a distance ¢ (fig. 2). 
? 
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Instead of this, we might have moved P at once in the direction PP’ 
a distance 


Nee 


d= VF FPTaA 


We see, then, that the displacement of P is uniquely determined by 
specifying the three numbers a, 6 and c, which are called components 
of the displacement. 

A large number of physical quantities follow the same law of com- 
bination as the displacement of a point, and may, therefore, also be 
defined by three numbers. Such quantities are called vectors. We 
may represent a vector diagrammatically by means of a directed line 
segment (arrow), whose length, on any convenient scale, is numeri- 
cally equal to the magnitude of the physical quantity, and whose 
direction is that of the physical quantity. This geometric represen- 
tation gives vector quantities an important advantage over other 
non-scalar quantities arising in physics, e.g. tensors, for which no 
such simple model exists. 

Two vectors are said to be equal if they are identical with respect 
to both direction and magnitude. Since a pure displacement, i.e. a 
displacement without rotation, does not alter the direction, two vec- 
tors may still be equal, even when they lie in different (but parallel) 
lines. Physical quantities which are altered by pure displacement are 
therefore not immediately representable by vectors. To this class 
belongs, for example, the force acting on a rigid body capable of ro- 
tating about an axis: parallel displacement alters the lever arm of the 
force, and thus changes its effect. It is to be noted, further, that not 
every physical quantity which can be represented uniquely by a 
directed line segment may be treated as a vector; it is also necessary 
to investigate whether this quantity follows the Law of Composition 
obeyed by the displacement of a point. For instance, the rotation of 
a rigid body about an axis may be represented by an arrow whose 
direction is that of the axis of rotation, and whose length in centi- 
metres is numerically equal to the rotation in degrees. Moreover, the 
direction of the arrow may be specified so that the rotation is clock- 
wise when sighting in this direction. But we do not obtain a third 
rotation equivalent to the joint effect of two rotations by combining, 
as above, their representative arrows; the vectorial composition may 
be shown to be valid only for infinitesimal rotations. 

In this book, vectors will be designated by heavy letters (bold-face 
or Clarendon type). 


2. Addition and Subtraction of Vectors; Multiplication of a Vector by 
a Scalar. 


The composition of two displacements of a point, described in 
§ 1 (p. 7), has, as will be shown at once, all the characteristics of a 
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summation. In general, we define, therefore, as the sum of two vectors 
A and B, a vector C obtained by laying off the vector B from the ter- 
minal point of A and then drawing a vector from the initial point of 
A to the end point of B (fig. 3). This combination is written as a vector 


equati 
2 ove... ee 


A vector equation is equivalent to three scalar equations, since, as was 
shown in § 1 (p. 8), a vector is determined by specifying its three 
components, and two vectors are equal 
only if the three components are respec- 
tively equal. For if any vector is con- 
structed as the combination of three 
vectors respectively equal to its com- 
ponents, two equal vectors can be 
obtained only if their corresponding Fig. 3 
components are identical. 

This geometric sum is commutative, like an ordinary sum; i.e. the 
value is independent of the order in which the summation is 
performed. As is seen from fig. 3, we 
obtain the same vector, apart from the 
immaterial parallel displacement, by laying 
oft A from the end point of B and drawing 
a line from the initial point of B to the 
terminus of A. Further, a vector sum is 
associative; i.e. in the case of a sum of 
several vectors, the individual terms may 
be grouped in any arbitrary manner: 


S=(A+B)+C=A+ (B+ C) 
=pi(At+c) . . (2) 


The proof of this is evident from fig. 4. 
The sum of two vectors having the same 
direction and sense is obtained by addition Fig. 4 
of their lengths, the direction remaining the 
same. From this follows at once the definition of the product of a 
vector and a pure number. According to the meaning of multiplication, 
mA means the sum of m terms, each one being A, i.e. a vector having 
the same direction, but m times as long. This leads to an important 
representation for a vector: if the direction is specified by a vector 
of length 1, any vector having this direction may be represented by 
multiplying this unit vector e by the magnitude of A, which may be 
designated by the corresponding Roman letter, or by | A|: 


Mae =|Ele0 os. ... @ 


If we think of a vector as being compounded from three vectors having 
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the directions of the axes of a rectangular co-ordinate system, and if 
we denote the lengths of these vectors (which we shall call the rect- 
angular components of A), by A,, A,, A,, and if t, 7, ® are the unit 
vectors in the directions of the axes, then the original vector is given, 
in terms of its components, as 


Seg | A. ee 


The difference of the vectors C and A is a vector B which when 
added to A gives the vector C. As is seen from fig. 3 (p. 9), we obtain 
B by laying off A, with its direction reversed, from the terminus of C, 
and then connecting the initial point of € with the end point of A. 
From this it follows at once that the meaning of the multiplication of 
a vector by (—1) is merely reversal of direction, for, retaining the 
formal laws of ordinary arithmetic, we may look upon the subtraction 
of the vector A as the addition of a vector —A. 


Ez. 1. Express, by means of an equation, the fact that three vectors A, B, 
and @ form a closed triangle, all three vectors describing the perimeter in the 
same direction. 

Ex. 2. Express each of the following by an equation: 


(a) Two vectors A and B are parallel. 
(b) Three vectors A, B and C are coplanar. 


3. The Scalar Product of two Vectors. 


In physics there arise certain combinations of vectors which possess 
the more important properties of products. We define as the scalar 
product of two vectors, a number (scalar) equal to the product of the magni- 
tudes of the two vectors multiplied by the cosine of the angle included 
between them. The scalar product is positive if the included angle is 
acute, and negative if the angle is obtuse. Then, if we agree to indicate 
the scalar product by writing the two vectors alongside each other * 
the definition of the scalar product reads 


AB= ABcos(AB), ....- +. (5) 


where (AB) is the angle included between the two vectors. Since 

A cos(AB) is equal to the projection of the vector A upon the direction 

of B, the scalar product may also be defined as the product of the 

magnitude of one vector by the projection of the other upon it. A 

simple expression follows for this projection of a vector A upon a 

direction given by the unit vector e: it is merely the scalar product Ae. 
The scalar product has the property of commutativity: 


AB=BA, ....... (6) 


* It is sometimes convenient to write the scalar product within brackets, in which 
case the brackets used are round; e.g. the product of the two scalar products AB and 
cD abe written (AB)(CD). The scalar product itself is written (AB) or (A.B) by 
some authors, 
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for, in the defining equation (5) (p. 10), the order of the factors is 
immaterial. 

The scalar product possesses, further, the most important property 
of an ordinary number product—that of being distributive with re- 
spect to addition. This is expressed by the equation 


A(B+ C+D+...)=AB+ AC+AD+... .. (7) 


It may be seen from fig. 5, that the projection, on the direction 
of A, of the sum of the three vectors 
is the same as the sum of the projections 
of the vectors, whence, on account of the 
way the scalar product was defined, equa- 
tion (7) is verified. 

However, the scalar product of two 
vectors differs from the product of two 
numbers in one respect. The latter Fig. 5 
vanishes only if one or both of the 
factors are zero; but the scalar product vanishes also when cos(AB) 
is zero, i.e. if the two vectors are perpendicular. Thus, for the 
three unit vectors of a rectangular co-ordinate system, denoted as 
before by ¢, 7, &, we have 

jet bk sla | i (-)) 


The scalar product of a given vector by itself is termed the square 
of the vector. Since cos(AB) = 1 in this case, the result is simply the 
square of the magnitude of the vector: 

A?= AA= A?, ‘oes aman. (9) 


and, reciprocally, the magnitude may be written 
ASW at . . .. . = (10) 


Thus, for the unit vectors, 
ti=ypS haem ome =. « ((1)) 
If the rectangular components of two vectors are given, 
A=A,i+4,j+4,k and B= B,i+ B,j+ B,R, 


we obtain, on account of the distributive property, by multiplying 
out in the usual manner, 


AB= A,B,tt + A,Byt7 +++, 
which, by equations (8) and (11), reduces to 
AB = A,B, + A,B, + A,B,. « ele) 
Thus the scalar product of two vectors is equal to the sum of the products 
of the corresponding components. 
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In rectangular co-ordinates, the components are identical with the 
projections upon the axes, so that 


Ae ees ae 


It is immediately evident from this result that if € is the vector sum 
of A and B, then each component of C is equal to the sum of the cor- 
responding components; for if equation (1) be multiplied by ¢ there 
results immediately 

Of=tAg se Bete eee «CU 


Equation (13) is no longer true for oblique co-ordinates, as may 
be seen from fig. 6, for the two-dimensional case. If we regard as com- 
ponents of A the partial vectors in the 
' directions of the axes (from which A may 
' be obtained by vector addition), then it 
' is evident that these partial vectors are 
not equal to the projections upon the 
; 
' 
| 
{ 
t 


‘. axes. But the terminus of A may be 

determined uniquely by specifying the 

projections upon the axes, as well as by 

giving the partial vectors. The former 

are, therefore, in a sense, also components 

Ar of A. Because of their different behaviour 

Fig. 6 with respect to linear transformations, 

the components of the first kind, which 

yield A by vector addition, are called the contravariant components, 

and the projections are called the covariant components of the vector. 

This distinction is important in cases where the use of oblique co- 
ordinates is essential, as in the Generalized Theory of Relativity. 


Ex. 3. Give the geometric significance of 
(A + B)?= A? + 2AB + B*. 


Ex. 4. What is the meaning of (A+ B)(A— B) for the case where A* = B*? 
Ez. 5. Calculate the angle between the two vectors i 


8,, = cosa,,¢+ cosB,7+ cosy,2 (n= 1, 2}. 


4. The Vector Product of two Vectors. The Directed Plane Area as 
a Vector. 


Besides the scalar product, there is another equally important 
product-like combination of two vectors, which is itself a vector. The 
vector product of two vectors A and B is defined as a vector P which is 
perpendicular to the plane determined by A and B, and whose magni- 
tude is equal to the area of the parallelogram formed by A and B, 
i.e. equal to AB sin(AB). The sign (sense) of P is so determined that, 
sighting along P, the shortest rotation from A (the first factor), to- 
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ward B (the second factor), is clockwise (fig. 7). This stipulation 
denies the vector product the property of commutativity possessed by 
the scalar product; for if we reverse the order 
of the factors, then the turning of B toward A 
must be clockwise when looking in the direc- 
tion of P, which means that P is now reversed. 
The vector product is indicated by writing 
the two vectors alongside each other, and 
enclosing them in square brackets.* Thus 


P=[AB]=— [BA]. . . (15) 
The magnitude of the product vector is 
P= ABsin(AB) .. . (15’) ad 


The most important property of the vector product, without 
which the use of the term product would not be justified, is that of 
distributivity with respect to addition. That is, 


[A(B+ 0+ D+ ...)]=[AB]+ [AC]+ [ADI+... . (16) 


The proof of this formula is somewhat cumbersome, but not difficult, 
and will not be given here. 

Just as the scalar product of two non-vanishing vectors becomes 
zero when the two vectors are perpendicular, so the vector product 
vanishes if the factors are parallel. The equation [AB] = 0 expresses 
the fact that A and B are parallel, provided that A and B differ from 
zero. In the same way, [AA] = 0. For the unit vectors along the axes, 


[¢7]=[77]=[RAA] =O. «. «~~ (17) 
[7g]=k; [fe] =% [Rt] =7. « . . (18) 
Using these relationships, the application of the distributive property 


gives the following representation of the vector product in terms of 
the components: 


[AB] = [(4,2+ 4,j+ 4,2) (B,¢+ B,j+ B,R)] 
a (Aye ,— A,B,)t+ 2, ai A,B,)J i (A,B, = A,B,)k. 


This may be written as a determinant: 


ij Rk 
[AB] = A, A, A. ee e@ ee @ (19) 
By B, B, 


The change in sign of the vector product with reversal of the order 
of the factors manifests itself here as the well-known law that the 
interchange of two rows changes the sign of the determinant. 

* Besides the square brackets, the notation A x B is often used. 


14 MATHEMATICAL INTRODUCTION [CHap. 


The specification of the product vector P gives the following in- 
formation concerning the parallelogram formed by the two vectors 
Aand B: (1) its position in space (the plane perpendicular to P); (2) the 
relative position of the sides A and B with respect to one another; 
(3) the area, numerically equal to the length of P. The form of the 
parallelogram is not given by P. In looking upon the form as being 
unimportant, we are recognizing the fact that every portion of a plane 
may be represented by a vector whose direction and magnitude are 
uniquely determined, according to the above rules, by the orientation, 
direction of description, and area of the figure. 

For the vectors §, representing the faces of a closed polyhedron, 
the following theorem holds: If the representative vector 8, is as- 
signed to each face in such manner that it is directed towards the 
outside of the solid in every case, then the sum of these vectors 
vanishes: 

x8,=0 for closed polyhedra. wes eemn20) 


This theorem is easily verified for a tetrahedron. If we denote the 
three vectors emanating from the vertex 
(fig. 8) by A, B and C, then the three 
faces passing through this vertex are [AB], 
[BC] and [CA]. The base is represented 
by [(C— A) (B— A)]. If this is expanded, 
and the resulting vector products added to 
the above three, the result is zero. Now 
any polyhedron may be subdivided into 
a number of tetrahedra. The above 
Fig. 8 theorem holds for each of these com- 
ponent tetrahedra, and every surface in- 
serted by the subdivision in the interior of the solid enters into the 
calculation twice, with oppositely directed normals, so that in forming 
the sum, the extra surfaces formed by cutting the original solid into 
tetrahedra cancel out, leaving only the sum over the external surfaces. 
We can go a step further: if we have an arbitrary closed curved 
surface, we can approximate to it by a polyhedron whoge faces are 
portions of the tangent planes. In the limit, when the faces dS become 
vanishingly small, the polyhedron and the actual surface coincide, 
and the sum passes into an integral 


$ dS = 0 for closed surfaces. +s ed) 


The sign fp indicates integration over a closed region. A closed surface 


of this kind is often termed a “ shell”; this type of integral, which 
may be termed a “shell integral’, will be met with often in vector 
analysis. 
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In spite of the fact that we can assign the product vector P uniquely 
to the parallelogram formed by two vectors, there is a certain dif- 
ference between the parallelogram and its representative vector. If, 
namely, the parallelogram be reflected in its own plane, the direction 
of one side with respect to the other remains unaltered, but the sign 
of the product vector changes. This fundamental difference between 
vectors like displacements (polar vectors) and those which represent 
a direction of rotation (axial vectors) comes out clearly when we 
change from a right-handed to a left-handed system of co-ordinates. 
But since such a change is generally unnecessary and superfluous, 
this difference is of no consequence in actual calculation. On the 
other hand, in the four-dimensional vector analysis of the Theory of 
Relativity, the distinction is of essential importance; in that case a 
polar vector has four components, while an axial vector has six. 

Ez. 6. Verify (16), using an expression containing only two terms. 

Ex. 7. What is the value of [AB]? + (AB)?? 

Ex. 8. In solid analytical geometry, all theorems concerning lines and planes 
may be derived with little calculation if we operate with the radius vector » and 
specify directions by unit vectors, instead of using Cartesian co-ordinates. In 
this manner give: 

(a) the equation of a plane whose normal direction is that of # and whose 
distance from the origin is p, 

(b) the distance of a point ~, from this plane, 

(c) the equation of the plane passing through three points 7}, %2, ”s. 


5. Multiple Products. 


(a) Product of a vector with the scalar product of two 
other vectors 


Since a scalar product is an ordinary number, the product of a 
vector A with the scalar product BC means the multiplication of A 
with this number, according to the rule given in § 2 (p. 9), 1.e. a vector 
having the direction of A. This is written A(BC) or (BC) A. It is to be 
noticed that (AB)C has an entirely different meaning from A(BC), 
viz. the former is a vector in the direction of C. 


(b) Scalar product of a vector with the vector product of two 
other vectors 


If P = [AB], then the product CP = C[AB] is the volume of the 
parallelepiped having the three vectors A, B, and C as contiguous 
edges, for the magnitude of P is equal to the area of the parallelogram 
formed by A and B (fig. 9). Thus 


cP = CP cos(CP), 


is the volume of the parallelepiped, since C cos(CP) is equal to its 
altitude. One might equally well consider the base of the parallelepiped 
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to be formed by the vectors C and A, and then form the scalar product 
of this quantity with B. This means that the volume can also be 
represented by the product [CA]B. Because of 


[AB] this property, the square brackets are unneces- 
sary, and from now on such a triple product 
= will be denoted simply by writing the three 


ae factors alongside each other. However, the 

G sign of the vector product changes each time the 
cyclic order of the factors is changed. The 

effect of interchanging two factors is seen from 

A fig. 9. [BA] is a vector directed downward, 
and hence cos(CP) becomes negative. We may 
set up the following rule for the sign of the triple scalar product: 


The product ABC is positive if the three vectors are relatively 
arranged like the axes of a right-handed co-ordinate system. Thus 


ABC = BCA = CAB = — ACB = — BAC = — CBA. (22) 


Fig. 9 


If the components of the three vectors are given, then 


ABC = (4,7 + A,j + 4,h) {(B,C, — B,C,)é + (B,C.— BzC,)7 
SEO, hee |. 


This may be written as a determinant: 


A, Ay A, 
ABC=|B,°B, B,| .... . (23) 
C20. 20. 


Equations (22) thus express the well-known property of determinants 
according to which the interchange of 
two rows causes a change in algebraic 


sign. 


(c) Vector product of a vector with the 
vector product of two other vectors 


If P = [BC], then the vector product 
R = [AP] = [A[BC]] 


signifies a vector lying in the plane of 
B and C, for P = [BC] is perpendicular 
to this plane, but R = [AP] is in turn perpendicular to P, and so 
falls in the plane of B and C (fig. 10). 
Since any vector V lying in the plane of B and 0 may be written 
in the form 
V=aB+ pe 
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by suitably choosing the scalar multipliers a and 8, R must have this 
form, and it remains to determine the numbers a and f. To this end, 
we introduce a co-ordinate system in such manner that the z-axis is 
in the direction of C and the y-axis is in the plane of B and C. This 
may be done without restricting the generality of the discussion. We 
then have 

A= 4,1+ A4,j+ 4,k, 

B= B,2 + B,J, 

C= C,2. 


The vector product [BC] then assumes the simple form 
[Bc] = — B,C,R, 
and [A[BC]]= — 4,B,C,2 + A,B,C,7. 
If the vector 4,B,C,2 be added and subtracted, there results 
[A[BC]]= 4,0,(B,¢ + B,j) — (42B. + A,yBy) Cet. 
This is equivalent to the important formula 
[A[BC]]= B(AC)— C(AB). . . . . (24) 


The coefficients a and f are thus the scalar products AC and —AB. 

With the aid of this formula, complex products may be converted 
to simpler forms. Take, for example, the scalar product of two vector 
products: 


P = [AB] [CD]. 
We put [AB] = E and obtain, by (22) (p. 16) 
P = E[CD] = — C[ED] = — C[[AB]D], 


and then, using (24), 
P = C{A(DB) — B(AD)}. 
Hence [AB] [CD] = (AC) (BD) — (BC) (AD). « « 8(26) 
Ex. 9. Transform [[AB][CD]]. 


6. Differentiation of a Vector with respect to a Scalar; Application to 
the Theory of Space Curves. 


Let a vector v be a continuous function of a continuous scalar 
variable wu: 5 Se 
If the variable u is increased by Au, the vector will change by an 


amount Av= v(u+ Au) — v(u), 
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and, in complete analogy with scalar functions, we define the deriva- 
tive du/du as the limit : 


== lim ZutrAvy—eu (26) 


Uu Au—>0 U 
Derivatives of a higher order are defined similarly, e.g.: 
(ze 
»_ \duJ _ @v_ 4. v'(ut+Au)— v'(u) o7 
es a a Au en 


If the position vector v of the points on a space curve be given as 
a function of the length of arc 8, measured 
from a given initial point, then the magnitude 
of Ay is identical with As, and the limit of 
Ar/As is a vector of length 1, having the direc- 
tion of the tangent to the curve (fig. 11). This 
unit tangent vector is denoted by #, and we have 
dr 
t= as « « « (8) 

The rules for the differentiation of products 
also correspond to those for ordinary scalar functions, as may be 
seen readily by writing the derivatives as limits. In the case of the 
vector product, however, the order of the factors is important. We 
thus have 


Fig. 11 


d(AB) dB, dA, ,dB, dA 
a da Me © a 


Bae ad 2 | azz | a | = a a kal (30) 


If a vector does not change in length, then, since v? = const., 


(29) 


Since neither dv/du nor v is to vanish, this means that the derivative 
of a vector of constant length is perpendicular to the vector. This is 
also evident geometrically, for if the length is constant, the end point 
of the vector is restricted to move on a sphere. If the increment is 
infinitesimal, it is tangent to the sphere, and hence is perpendicular 
to the vector itself. 

This result may be applied to the unit tangent ¢. Since this 
vector is always of unit length, its derivative must always be 
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perpendicular to #, and so must be a vector in the normal plane 
to the curve. But this derivative, being the vector difference of 
two consecutive tangent vectors, 
must lie in the osculating plane 
formed by the latter, and so its 
direction is that of the principal 
normal, which direction we de- 
signate by the unit vector 7. 
In order to calculate the magni- 
tude of the vector d¢/ds, we note 
that the curve, in the neighbour- 
hood of two consecutive tangents, 
corresponding to three neighbour- 
ing points, may be replaced by 
the circle of curvature, whose 
centre M is determined by the 
intersection of the perpendicu- 
lars to the two consecutive 
tangents (fig. 12). The angle dd 
between these tangents is the 
same as that between the two 
radii of the circle of curvature. If p is the radius of this circle 
then, in the limit, 


ds = pad. °e © «© © e@ @ @ (31) 
On the other hand, | d¢| = d¢, whence 


se) 2 
ds| p 


Thus is obtained the important equation 


2 a. oC hae e r) . e ° ® (82) 
The value of the curvature is obtained from this result by squaring 
(scalar product) and extracting the root: 


——__—— 


1 d2 2 d2 2 d2 2 d2z\2 
3-(@)-IE Ere © 


The unit vector 6 perpendicular to the osculating plane, gives the 
direction of the binormal. If we stipulate that the three vectors ¢, 
and 6, in this order, form a right-handed triad, then 


b=[tw]l . - ee « » (84) 


For a plane curve, the osculating plane (and therefore the binormal) have 
constant direction, so that d6/ds vanishes. For a non-plane (skew) ourve, this 
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derivative may be looked upon as a measure of the second curvature, and its 
magnitude is known as the torsion t. The direction of d5/ds is found in the follow- 
ing manner: From the properties of the unit vector, db/ds must be perpendicular 
to 5, i.e. parallel to the osculating plane. Further, since 6 is perpendicular to 
t, b¢ = 0, and so 
d(bt) 
ds 


db dt 
= f_— 6—=0. 
i ds 


Since, also, & is perpendicular to # = p(d¢/ds), there resulta 


db 
#_- = 0, 
ds 


i.e. the vector db/ds is perpendicular to ¢. Since the former is parallel to the 
osculating plane, it has the direction of the principal normal #. To fix the sign, 
we specify that the torsion is to be reckoned positive if the rotation of 6 is clock- 
wise when looking in the direction of ¢. This gives the vector equation 


=e =—- TH ees e 8 © @® @ @ (35) 


These examples show how much the use of vector analysis simplifies and 
clarifies the material of differential geometry. In what follows, we shall require 
only the principles presented above, and the reader is referred to modern text- 
books on differential geometry for further applications, 


Ex. 10, When is [az | =0? 
du 


Hz. 11, An arbitrary surface A has a plane boundary curve. Form [dA =8 
and show that [68] = 0. 


7. Space Derivatives of a Scalar Quantity. - 


If a scalar quantity—the temperature, for example—is given as 
a function of a point in a region, we speak of a scalar field. Let the 
scalar point function have the value u at a certain point. The change 
in the value of this function, corresponding to a displacement of amount 
ds, will depend on the direction of the displacement, i.e. the derivative 
du/ds may have any one of an infinity of values, depending on the 
direction of the displacement ds. It is easily shown, however, that we 
can specify the change in u in any direction, provided we know-a cer- 
tain vector obtainable by means of differential operations. In rect- 
angular co-ordinates we have 


ds = dxi+ dyj + dzk, 
Again, we have du = = dz + i dy + = dz. 


Evidently, then, du may be regarded as the scalar product of ds with 
@ vector 


Ou. , OU. , OU 
dz** dy! + ag” 
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which is called the gradient of u, and is written gradu: 


Ou. , Ow. , Ou 
Pelt a, 1 oJ tg, oe e@ (36) 
that is, aw= dS(gradu). . . . « « « (39) 


The meaning of the gradient may be seen in this way: Leaving dis- 
continuous functions out of considera- 
tion, and dealing only with continuous 
point-functions, we can connect all 
points in the region having the same 
value of wu by means of surfaces— 
so-called level surfaces (fig. 13). Each 
of these surfaces is characterized by 
the fact that displacements wholly within 
the surface do not alter the value of 
u. If, then, we let ds, lie in one of the level surfaces, we have 


dS (gradu) = 0. 


Fig. 13 


But since neither ds, nor gradu is to vanish, this means that the vector 
gradu is perpendicular to the level surface. 

Further, from the definition of the scalar product, it follows that 
the increment du has its greatest value—the magnitude of ds remain- 
ing constant—when ds and gradu are 
in the same direction, or, in other 
words, the vector gradu gives the 
direction of greatest change (“slope ”) 
of the point-function u— hence the 
name “ gradient”. According to (37), 
its magnitude is equal to du/ds if ds 
is perpendicular to the level surface. 
The change of u in any other direction 
is obtained, according to (37), by multi- 
plying by the cosine of the angle $ 
between the gradient and the direction 
of displacement. This suggests a simple graphical construction for 
the several values of du, for a ds of fixed magnitude (fig. 14). Two 
lines of length equal to the magnitude of gradu are drawn through 
P, and normal to the level surface, one above and one below, and 
the spheres having these two lines as diameters are described. Then 
a secant drawn in any direction gives the magnitude of the change in 
that direction, in relation to the change du in the direction of the 
gradient. It must be remembered that ds is held constant here. 

The derivative of u in the direction of s is denoted by Ou/ds, and 
is thus obtained by projection of gradu on the direction s. 
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Numerous examples of the physical occurrence of the gradient concept will 
be met with in many sections of this work. One example may be given now. 
A weather map has marked upon it the lines of equal air pressure (isobars). The 
direction of the wind is then given, apart from the effect of the earth’s rotation, 
by the direction of greatest pressure drop, which is perpendicular to the iso- 
bars; and the strength of the wind is determined by the magnitude of the pres- 
sure drop. 


By introducing the gradient we have obtained a vector field, that 
of gradu, from a scalar field, for gradu is a vector magnitude which 
alters in value from place to place in the region. However, not every 
vector field may be obtained from a scalar field in this manner. If a 

vector field has this property, a result of 

C’ great importance follows: Imagine a curve C 

P, drawn in the vector field (fig. 15). Let this 

C curve consist of a succession of line-elements 

ds. The line integral of a vector v along the 

B curve C is defined as the limit, for ds in- 

Fig. 15 finitely small, of the sum of the scalar pro- 

ducts uds, the summation to begin at P, 

and end at P;. If now v is the gradient of a scalar wu, this line integral 

between P, and P, is independent of the form of the curve C, for 
the individual magnitudes 


vds = ds (gradu) = du 


represent, according to the definition of the gradient, the change in 
the function w in moving along a distance ds. ‘The sum of these changes 
is the difference between the values of u at P, and at P,, and this dif- 
ference is independent of the path by which one passes from P, to P,. 

If there are two paths, C and C’, then reversing the direction of 
motion along C’ gives with C a closed curve which is described in one 
direction. But since the reversal of C’ causes all its line-elements ds 
to reverse their sign, and since the value of the line integral is the 
same on both portions of the curve, the integral along the path 
vanishes. We thus have the important theorem: If a vector-field is 
representable as a field of the gradient of a scalar point function, the value 
of the line integral of the vector, taken between two points in the region, 
ts independent of the path; and the line integral over a closed path 
vanishes. Thus 


J, (radu) ds = 14 — ty eo + « « (38) 
and f (gradu) ds = 0. ree ee 


From the definition (36) of the gradient, a useful rule follows: 
If u is a function of a simple point function v, then, since 
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Ou du Ov 


da dv Oa" 


d 
gradu = ~ grade. Pay 3 RP) 


Ex. 12. What is the meaning of grad r? (r = distance from origin.) 
_ Ex, 13. Let a scalar point function depend only on the distance r from the 
origin. Compute grad f(r). 


8. The Concept of Divergence and Gauss’s Theorem. 


If an arbitrary vector field is given, we may, as in the analogous case of § 6 
(p. 17), wish to determine the change in the field vector v accompanying a dis- 
placement ds. As may readily be seen, the calculation of this change necessitates 
a knowledge of three gradients, viz. those of the rectangular components, which 
give the amounts of the changes of the components. We thus arrive at a set of 
nine scalars (three vectors). Quantities of this nature will not be met with until 
later, and so we put this question aside, and take up another physically significant 
differential operation, which leads from a vector field to a scalar field. 


In order to understand this operation more clearly, we give the 
field vector a special meaning. Let the vector vw represent, in direc- 
tion and magnitude, the volume of fluid 
passing, per second, through an area of 
1 sq. cm. perpendicular to v (fig. 16). 

The amount of fluid passing through the 

element of area AS, each second, is then 

given by the scalar product vASs; for Fig. 16 

the quantity passing through is given 

by v,, the component of the flow perpendicular to the surface element. 
Let us now enclose a space 7 in the vector field by means of an arbi- 
trary closed surface. Call the elements of this surface d8 and let them 
be so oriented that the normals are directed outward. The amount of 
fluid passing outward through an element dS, in unit time, is therefore 
vdS; inward flow has the negative sign. Summation of these elemen- 
tary contributions over the entire surface gives the excess amount of 
fluid passing to the outside each second. This yields the surface in- 


tegral $ vd§. If there are no sources within the surface, the integral 


must vanish. If sources exist within, the integral furnishes a measure 
of the combined strength of all sources within the bounded 
volume. The total strength depends also on the volume, and 
the important quantity is the ratio of the surface integral to 
the volume. In the case of sources continuously distributed in 
space, by means of this ratio we can express the source-strength 
for each element of volume. For the limiting value of the 
ratio, the expression divv (read “ divergence of v”’), has been 
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introduced. Divergence is, then, equivalent to source-strength. Thus 


: Fall 
divo = lin $ vds. . er 


If the components of v are continuous point functions having con- 
tinuous derivatives, this limit is finite, and independent of the form of 
the volume element. This latter fact is somewhat troublesome to prove, 
but it is easy to show that the limit is finite. Thus, let the volume 
element selected be a small sphere of radius p at whose centre the 
field vector has the value vw». The departures from this value are then, 
in any case, of the order of magnitude of the radius p. Now the sur- 
face element on the sphere is p*dQ, where dQ is an elementary solid 
angle. The quantities to be summed in forming the integral are thus 
of the form (v)-+ wp)dS, where w is a variable finite vector, whose 


further properties need not be given. Since by (21) (p. 14) $ ds=0, 


the part of the integral contributed by the first part, viz. f U)dS= Vp f d§ 


vanishes, and there remains a con- 
tribution from the second part, of 
the order of p*. But the volume of 
the sphere is 47/3, so that the 
result of division by this quantity 
must be finite. 
Let us now consider a finite volume 
Faw which is bounded by a closed surface 
(fig. 17). Let this region be sub- 
divided into volume elements. The definition of the divergence holds 
for each of these: 


divvdr= $ vds. 


Let both sides be summed over all the elements of volume. The left 
side becomes the volume integral Hi divudr. In the right member, all 


the interior surface elements occur twice (as surfaces of adjacent 
volume elements) with oppositely directed normals. Their contri- 
butions cancel out, since the vector v, on account of its continuity, 
has the same magnitude both times. There remain only the contri- 
butions of elements of the outer surface. This yields Gauss’s Theorem: 


f vd8 = faiv ods. ar | 


That is, the surface integral of the vector v, taken over a closed surface, 

ts equal to the volume integral of the divergence of v taken throughout the 

enclosed volume. This is sometimes called the Divergence Theorem. 
If the hydrodynamical case is taken as a basis for demonstrating 
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this theorem, the result appears almost self-evident. The theorem, 
_ ne is true for any vector field satisfying the conditions given 
above. 
__ To obtain an expression for the divergence of a vector in terms of 
its rectangular components, we choose as 
volume element a rectangular parallelepiped 
with edges dx, dy and dz. At x, an amount y 
of fluid dydz(v,), passes through the face 
dydz (fig. 18). Only the normal component 
of w contributes to the fluid passing through dz 
the surface. This fluid enters the volume, Vo al 
since the normal has the direction of the 
negative a-axis. ay 

At z+ dz, an amount dydz(vz),+ a2 streams Fig. 18 
out through the opposite face. The normal is 
here directed along the positive z-axis. Expanding (Ve)et+ae by 
Taylor’s Theorem, we have for the contribution of these two surface 
elements 


Ov, 
(«. + on dx — v) dy dz. 


Analogous contributions are furnished by the two other pairs of oppo- 
site faces. Thus we have 


§ vds= Ge Bags =) dndy da, 


oy az 
and, after division by the volume drdydz, 
i! ig A 
Tm ce at oa ee e e@ (42) 


Ex. 14. Calculate div r from first principles, and also by the formula. 

Ex. 15. How may the “ gold” balance of a country be calculated from the 
amount of imports and exports? To what extent does this represent an applica- 
tion of Gauss’s Theorem? (‘ Gold” = equivalent of merchandise.) 


9. The Curl of a Vector, and Stokes’s Theorem. 


Another equally important differential operation leads from a 
given vector field not to a scalar field, as in forming the divergence. 
but to another vector field. 

We refer back to the relation (38) (p. 22), according to which the 
line integral of a vector v, taken over a closed curve, vanishes if the 
vector is the gradient of a scalar field. In general, this integral does 
not vanish; and its magnitude measures an important property of 
the field, especially when the integral is taken for infinitesimal sur- 
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face elements, and referred to unit area. Here, too, it may be shown 
that the limiting value is independent of the particular form of the 
boundary, and again an estimation of the order of magnitude shows 
that the limit has a meaning when wv is a continuous differentiable 
point function. The value of the integral, 
however, depends on the orientation of the 
surface element, as may be shown by a simple 
example. Let the vector v have the same 
direction at all points in the region, but let its 
magnitude, represented by the length of the 
arrows in fig. 19, vary in a direction at right 
angles to the direction of v. If the surface 
element is placed so that its normal is in the direction of vw, then 
v is perpendicular to ds along the entire circuit, and the integral 
vanishes. On the other hand, if the normal is perpendicular 
to v, then the net contribution of the edges perpendicular to v is 
zero, but that of the edges parallel to uv is not, since the magnitude 

of vw was taken to be different at the 

( latter edges. The value of the limit 


Fig. 19 


me 
L, = limz, § vis » . (43) 


is thus a function of the direction of the 

normal to the surface element. We now 

5 show that we can give the value of this limit 

for any direction, if we know the value for 

any three non-coplanar directions. For 

convenience we take these three directions 

A to be the co-ordinate axes. As surface 

Fig. 20 element we choose a small triangle 

AS = ABC, whose vertices lie in the axes 

(fig. 20). Instead of passing around the triangle ABC, we could 

describe, in turn, the triangles OBC=AS,, OCA=AS, and 
OAB = AS,. We can calculate the limit i 


1 
AS, 


for each. In adding the line integrals along the partial triangles, each 
axis will be covered twice, in opposite directions. There remains only 
the part contributed by the sides 4B, BC and CA, so that the re- 


lationship LAS=1,AS,+L,A84+1,4S, . . oi) 
is satisfied. On the other hand, from § 4 (p. 14), 
AS=nAS=iAS,+jA8,+ RAS, . « (45) 


La f vdeo, ww. . . (48) 
OBO 
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The unit normal vector to AS is denoted here by #, and is directed 
toward the outside of the tetrahedron, while z, 7, ® point inward. If 
cosa, cosf, cosy are the direction cosines of the normals #, this 
equation is, in terms of components, 


AS,= AS cosa, AS,= AScosB, AS,= AS cosy. 
Putting these values in (44) gives 
L, = L, cosa + L,cosB + L, cosy. - « (46) 


The sum on the right may be interpreted as the scalar product of the 
unit normal vector # with a vector whose components are L,, L,, L, 
This vector is called “the curl of vw” (written: curl v).* 

We have therefore 


curlu=71L2,+j7l,+ RL, .... (47) 
Tt follows that 
LAS = ¢ vds=m(curlv)AS=(curlv)AS. . (48) 


Just as we obtained Gauss’s Theorem, when considering the diver- 
gence, by passing from infinitesimal volume 
elements to finite volumes, so we obtain 
here a new and important relationship by 
considering a portion of a surface bounded 
by acurve. This curve need not be plane, 
but is to be traversed in a given sense 
(fig. 21). Let the surface be subdivided ast 

into infinitely small elements. The boun- 

dary of each element is to be traversed in the same sense as the outer 
curve. Then, for each element, 


$ ods = (curl v)A§,. 


If we add these equations for the separate elements, the contributions 
from the inner dividing lines cancel out on the left side of the resulting 
equation, since each segment of these lines is traversed twice, in oppo- 
site directions. The left member is then merely the integral along the 
bounding curve, and we obtain the important formula called Stokes’s 
Theorem: 
¢ vds = fourlods. ma» ee 
0 


The line integral of the vector v, taken over a closed curve C, ts equal to 
the surface integral of the curl of v, taken over any surface having C as 
a boundary. 


* The veotor is sometimes called “‘ the rotation of wy”, and written: rot v. 
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There follows at once an important property of the vector, curl v, 
its divergence is zero. If we put curl v= w, then Gauss’s Theorem 
may be applied to a closed surface, and 


¢ wds = fdivwdr= [div curl vdr. 


Let this closed surface be divided into two parts by a closed curve 
(fig. 22). Then 


fav curl vdr= fi wis+ f wds=f curl vd8 + f° curl vds. 


If, now, we apply Stokes’s Theorem to each of 
the two parts, we must remember that in forming 
the integral over the entire surface, all the nor- 
mals are directed outward; but in the applica- 
tion of this theorem, the direction of the 
normals is determined by the direction in 
which the curve C is traversed. If we agree 
to take dS always toward the outside, then 
the sign must be reversed in transforming the 
second integral. We thus have 


[div curl vdr = f vds— ¢ vds=0. 


Since this equation holds for any volume, it follows that 
diveurlyj=O, . « . « «+. s mO0) 


Further, the vanishing of the line integral of the gradient of a 
scalar point function, taken over a closed 
curve [(38’) (p. 22)], may be expressed in 
the following way by applying Stokes’s 
Theorem: 


curlgradu=0. . . (51) 


It remains to calculate the components of 
the vector curl vw from the components of 
the vector v. From (47) (p. 27) and (43’) 
Fig. 23 (p. 26), we obtain the z-component of curl v 
by traversing a surface element which lies 
in the yz-plane. Let this element have the form of a square of 
side 2h (cf. fig. 23), with sides parallel to the axes. Only the y-com- 
ponent of vw contributes to the integral along the horizontal sides, 
only the z-component contributes on the vertical sides. If we let the 
subscript 0 refer to the values at the centre of the square, then v, 
along AB has the value 


cn + 
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Along CD: en (5) gies (5) y. 

02) 5 dy Jo 
The contribution of the side AB thus is 


. We cs a av 
[eds = fray =2h(%)o— ane( Fe 


In the same way, the side CD yields 


ie [Ce - Ov 
J vds=— si vy dy = — 2h(v,y)y — 2h? (Ge). 


Together, these two sides give 


B D Ov 
a vds ah vds 4h (=). 


Similarly, the two vertical sides give 


oO A ov 
= 2 z A 
i} vds 5 vds = 4h (). 


Since the area of the square is 4h?, division by this quantity yields * 


(curl v), = Oy a ae 
and, in like manner, 
(curl v) Oy _ 80s 
v 02 Oa” 
Ovy Oy 
(curl v), = OE — oy’ 
Hence : : : : 
_ (Av, O%\ (Oe _9%z\ 7 (Oy 9% a 
owlo= (7 V+ (F me at 7 re me le 


On the understanding that the “product” of the differentiating 
operator 0/éx with a quantity u means du/dx, then the last equation 
may be written as a determinant: 


t jk 
a 0 a 
curl v = an dy ae 
Opeay  Vede SP 274) 


Ex. 16. Calculate curl». 


* The subscripts are omitted; the derivatives refer, as before, to the centre of the 
element. 
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10. The Operator V. 
If we compare the three formule 


OU OU Ou 
(36) (p. 21): gradu= is +jz+ kz, 


: ' Ov, , Ov, , ON, 
(42) (p. 25): divv = om - a -|- Bp? 


(00, dv, Ov, 04, dv, Ov, 


(47’) (p.29): eurlo=7 se) +9 (Fe S) -(Ge— oe) 


we recognize that we can express all of them symbolically in terms of 
a vector whose components are 0/dx, 0/dy, 0/0z, on the principle just 
explained (cf. the last sentence of the preceding section). This sym- 
bolical vector is denoted by V. It was introduced by Sir William 
Hamilton, and is called “nabla”, after an ancient Assyrian harp 
whose form V resembles: * 


iOus een 0 
Vitae oe oy eo 8 e© « « (53) 


If we multiply a scalar quantity wu with this vector operator, we 
obtain 


Ou, .0U Ou 
Vu = ton TIRy + ee grad wu. ee (54) 


If we form the scalar product of the nabla operator with a vector v, 

we obtain, according to the definition of scalar product, the sum of 
the products of corresponding components: 

_. Omg Oy Ee 

VO eey oo ee oe ° e e (55) 

Finally, equation (52) (p. 29) represents the vector product of the 

nabla operator with v: : 

[V v] = curl. ¥ oe . e e e . ~ (56) 


From the formal correspondence of the operations grad, div, and curl 
with multiplication, it follows at once that these operations are dis- 
tributive with respect to addition. That is, 


V(v, + ¥.) = VV, + Vv, &e. «al om) 
By starting with the definition of divergence, and generalizing, we 


obtain a definition of the nabla operator which is independent of the 
co-ordinate system: 


* The name “nabla” was used by Heaviside. This operator is also frequently 
called ‘‘ del”, and sometimes ‘‘ atled ” (the word “ delta ” reversed). 


I] VECTOR ANALYSIS 31 
ee 
divv = Vu = lim — f dso, 


; ee 
that is, V = lim re ¢ a8, 
: (58) 
gradu = Vu = lim i ¢ dSu, 


Penal! 
curl v = [V v}j=lim ,- ¢ [ds vi]. 


We shall illustrate the method of proving these formule by taking 
the case of the gradient. Since the form of the volume element is 
entirely at our disposal, we take 
a small cylinder, the generating 
lines of which are in the direction 
of gradu and are therefore nor- 
mal to the level surface (fig. 24). 
Apart from terms of higher order, 
the value of u over the base of 
the cylinder is uy) — h| gradu]; 
at the top of the cylinder, the 
value is up+h|gradu|. It is 
to be remembered that, in form- 
ing the surface integral, the elements dS must always point out- 
ward from the elementary volume. The lateral surface of the cylinder 
does not contribute to the integral, since wu has a constant value in each 
transverse section; and to each surface element there corresponds 
another which is equal and opposite. Also, we obtain the contributions 
of the ends of the cylinder by multiplying the area AS by the dif- 
ference in the values of u, and by expressing the direction of d8 by 
means of gradu: 


$ dSu = (AS) (2h gradu) = Ar gradu. 


Dividing by the volume, and passing to the limit, we obtain the third 
equation of (58). 

These formule yield important generalizations of Gauss’s Theorem, 
the proof of which is analogous to that given above: 


f d8u= fgradudr. ey eee 
g [480] = curludr. ... ~~ (60) 


Theorems (59) and (60) are also easily proved by writing them out in their 
scalar forms (which are often useful) and using (41). For (41) can be written 
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[ca + mp + noyas = [ (GE + 32 +E) ae, 


where A, B, C are scalar functions, and J, m, n are the direction cosines of the 
outward normal to S. Since A, B, C are independent, it follows that 


fiaas = [ Zar, [usas = [3 ax, froas = [Zar. 
Ou oy dz 


These formule are closely connected with Green’s Theorem (p. 270). They are 
equivalent to (59), and also lead at once to (60), which involves three equations 


of the type 
f(r — nv,)dS = SG ~ Sv) ds. 
= i Oy oz 


11. Calculation of the Gradient in a Vector Field; Fundamental Prin- 
ciples of Tensor Analysis. 


In § 7 (p. 20) the question “ How does a scalar point function 
change with a displacement ds?” was treated. This question may be 
extended to vector fields, and we may inquire ‘‘ How does the vector 
v change with a displacement ds?” If we start with the components 
of the vector, this question may be referred back to the case of a 
scalar point function. If a vector field be given, then at each point in 
space we have a field of three scalars, viz. the three components. But, 
according to § 7 (p. 21), the change in the components may be written 
down at once: 


dv, = ds gradv, = Cre de ap Gedy ™ ee de, 
dv, = ds gradv, = oe d+ Fly + Sade) . (61) 


dv, = ds gradv, = es an oh e dy + eed, 
and so 
du = idv, + jdv, + kdv, 
= ds gradv,.¢-+ ds gradv,.7 + ds gradv,.k. . (61') 
Merely as an abbreviation we write 
dv = ds grad:v, «ee « eee) 


which is read: ‘“ds-vector gradient of wv.” 

In order to be able to calculate du, three vectors (or nine scalars) 
must be known. We shall see that such forms, consisting of nine 
numbers, have also a physical meaning. From (61) we see that the 
components of the vector dv are linear functions of the components 
of the vector ds, the coefficients of these functions being the partial 
derivatives 0v,/0x, 0v,/oy, &c. 

Let us now investigate such linear vector functions in detail. As 
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in (61), let the components of a vector zw be linear functions of the 
components of a vector v: 


Wy == Ay Vz + Ap Vy + Ayy Vz, 
Wy = Ag, Ug + Aggy Vy + Ags Vz, b says (00) 
Wy = Ag, Vg FP Age Vy + Agg Vz. 

In this manner the vector w is placed in one-to-one correspondence 

with the vector v. The scheme of coefficients ag, has thus an independent 

meaning if this correspondence is such that the passage from v to w is 

independent of the particular co-ordinate system im which the vectors are 

resolved into components. In this case, the coefficients aj, are said to be 

the components of a Tensor.* 

A vector is a physically determined directed quantity in space, but 
the values of the components depend on the choice of axes. In the 
t, J, & system, Vz,=Vi, ty =Vj, 0, =U. 


For a system 2’, 7’, ®’, turned with respect to this system, 


t' = By t+ Bie 7 + Big 2, 
J = Gn tt Baad + Boa? ae ae otOe) 
= Bs, t+ Boo J + Bag 2, 


where, since 2’, 7’, #’ again form a rectangular system, the f,; represent 
the direction cosines of the new axes referred to the old; e.g. Bi, are 
the direction cosines of the new axes with respect to the old. Then, 
as may be verified by forming the scalar products z’ 7’ = 0, 2’2’= 1, &c., 


Bu? ate Bis” ah Bis" = 1, 
B11 Bor + Bie P22 + Bis Bes = 95 


in general, 2 Bix Bie = 1 fort =7 } (65) 
= Oifore: 7. eo 


Thus the old axes are ——— in terms of = new: 


t= Byt t+ Bay J” thom 
{= Biz t’ + Bog J” + aR, « « « (66) 
= Bist’ + Bos J” + Bag B' 


Si as ai of v become, in the new co-ordinate system, 


a= ut = Byort+ Bud + Pv? = ByxyP2+ Byes%y+ Bis %2> 
= UJ = By VI+ Bog VJ + BogVR= BaY2et Bog Vy + Bos Vz, ¢ (67) 
= UR! = By VtE+ By0F + Bg30R = Bo V2+ Boot Bass, 


i.e. the vector components transform in the same way as the axes. 


—— Vg = Br Ye + Bory + Bs %'s 
y= Bisa + Brgy + Boxe, p + 2 + » (68) 
0, = Byg¥e + Posy + Bs %e- 
* Also called in German works an Affinor, the term originating in the fact that for 
o = y the ay give an affine transformation of space (or homogeneous strain). 
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How must the tensor components a,,. transform, if a change of co- 
ordinate system is not to alter the relationship of w to v? The follow- 
ing equations must hold: 
We = AyyVq + AyoVy TF M3%z, 
Wy = AgVe + Aggy + AogVz, 2 + 6 « (69) 
Wz = AgVz + Aggy + AgqVz5 
and Wy = yy" Vy st yy Vy ae ys Ve's 
Wate Og, Vent Gag Vy tien Ure se +e mel tO) 
Wat = Ag, Vg? + Age Vy + dag Vz 
In addition, w,, wy, w, and wy, Wy, wW, must be so related that the 
same vector tv is determined by both triads. If we multiply the first 
of the unaccented equations by f,,, the second by Bj, the third by f,3, 
and add, we obtain, by (67), 


We = (Bir + Bie%o1 + Bi3%31)¥e + (Bir 12 + Bi2%2 + Fiata)Yy 

+ (Bir 443 + Bie%e3 + Bis%33)U2- : (71) 
If we express the v,, vy, ¥, here in terms of the new oxi 
according to (68), we obtain w,, as a function of vy, vy, v,. This value 
of w, must be identical with that defined by (70). Comparing the 
coefficients of ¥,, vy, v,, we have 


Oyy’ = By? 041 + Bry Brodie + Bir Bis4ig + Bie 811421 + Bie” Geo 
~ Bie Big@e3 + P43 811% + Big Bi2%32 + Bis” 4a3- (72) 


Thus the tensor components transform, under rotation of axes, in 
such manner that the new components become linear functions of all 
the old ones, the coefficients being the squares and products of the Bj. 

To find the coefficients for the tensor components a,,’ set vy = vy’, 
Vz = %,, &c., and use (67) to form the product »;'v,’ of the vector com- 
ponents, remembering that in expanding the brackets the order of the 
factors v, and 1, must not be changed. Replacing v,'v,’ by a,;', the co- 
efficients of vy, yield those of aj,. 

It is possible to represent a tensor by means of vectors. For the 
three components of zw in equation (63) (p. 33) may be written as 
the scalar products of the vector v with the three vectors @,, Qs, 5. 
This amounts to regarding the three coefficients of each row as vector 


components: QA, = yt + Oyj + ak, (73) 
W=4,0:'t+a,v:'j+a,uv-k.| * ° °° 

But, as may be seen in the example of forming a gradient, the three vec- 

tors depend upon the choice of co-ordinate system, for the three vectors 

gradv,, gradv, and gradv, are dependent upon the co-ordinate system. 

Since the components of zw are linear homogeneous functions of 


the components of v, according to (63) (p. 33), this functional cor- 
respondence ©® satisfies the relationship 


O(r, “= Vp) a O(v,) ae D(v,), eo e e (74) 
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i.e. ® is distributive with respect to addition. But this is the essential 
property of multiplication, since the other properties of products 
have already been given up in the case of the vector product. We 
may thus consider the vector zw as resulting from the multiplication 
of the vector v with the tensor ®. This tensor may be represented, 
according to (73), by three pairs of vectors (dyads): 


Q@,°t+a,*J7+a,:kR. = 6s) ele (75) 


The first factors in each term are called the antecedents, the second 
factors, the consequents; the dot does not indicate multiplication, but 
merely separates the factors. We understand ®v to mean a vector 
which results from scalar multiplication of the consequents with v, 
and v® means a vector obtained from v by scalar multiplication of 
the antecedents with v. Thus 


®v=a,:itv+a,:ju+a;:Rv, - « (76) 
vO=a,v0°i+a,0°j7+a,u°R. ee ucta) 
The two vectors are, in general, different. The tensor resulting 
from interchanging the antecedents and consequents is called the 
conjugate tensor Do. 
Oa Patimt he 1 ag 
O,v= t-a,0+7°a,0+ Rk: azv. 
Since it is immaterial whether the scalar @,v is written before or after 
the vector z, comparison with (77) shows that 
U ®O = ®, vz. . © @ © © @ @ (79) 
In the component representation of a tensor, changing to the conjugate 


tensor means the interchange of rows and columns in the array of 
coefficients. 


The dyad, indicated by writing two vectors side by side with a dot 
separating them,* also has the leading property of multiplication, viz. 
distributivity with respect to addition: 

(@,+a)°t=a,:t+a,t. . . « - (80) 
To show this it is sufficient to form the scalar product of the ante- 
cedents with a vector v, in which case 
v(a, + a,)* t= va,*t+ va,°F, 


since the scalar products are distributive; the result therefore follows. 
We may therefore look upon the union of two vectors to form a dyad 


* Parentheses may, in some cases, be necessary for clarity, e.g. if the factors are 
multinomials, 
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as a new kind of non-commutative product, called the direct or dyadic 
product. This leads to a new interpretation of the expression ds grad: v 
with which we started. If we form the dyadic product of the operator 
nabla with wv, there results 


V:v 
me é : ; 
=(ig tig + az) (Vn + J + 0,R) 2 


Ov, 


“00g, s0Ue OU\ . 4, Oy OV, a 
(a ae i+ (setae) amie 


= gradv,°%+ gradvy+7 + gradv,: Rk. 


If this tensor is now multiplied by the displacement ds, we obtain 
exactly (62), viz. 
dsV:ou=dsgimd-v. 2. . . . . GZ) 


By dyadic multiplication of the nabla operator with the field vector v we 
obtain a tensor called the vector gradient of v. Multiplication of the dis- 
placement ds with this tensor as post-factor gives the change of the vector 
v due to the displacement ds. 
Let us again consider tensors in general. A tensor is said to be 
symmetric if 
©, = 9, or, in terms of components, if a;,—= a,, . (83) 


and is antisymmetric (skew-symmetric) if 
®, = — ®, or, in terms of components, ““ » i: . (83’) 
Dig = —OAny 

By (83), the symmetric tensor has but 6 independent components, 
and, according to (83’), the antisymmetric tensor has only three com- 
ponents, i.e. a8 many as a vector. As a matter of fact, in three dimen- 
sions, the multiplication of a vector with an antisymmetric, tensor 
always may be replaced by forming the vector product with a vector. 
In physics, symmetric tensors are specially important. They may be 
represented by a surface of the second degree. The vectors v are drawn 
as radius vectors 7 from a fixed origin. By means of the tensor 0, 
a vector 7 = 7’ is allocated to each vectory. Let the scalar product 
rr’ be designated by p. Then 


4H = p= V7 (Or) = ay 2 + ayy Ty + A302 + Ay YE + Agny® +... 


Because of the proviso that © is to be a symmetric tensor, we 
have 


p= 7r(Or) = ay, 2? + aggy? 4- 1332" + 2a, ry + Logg yz + 2ag,22, (84) 
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from which there follows 


' 10 
See Ay, % atk Qe Ui 2432 i DO} a . 8 e@ (85) 
y' =} gradp. 


This gives a graphical construction for ’. By (85), x’ has the direction 
of the normal to the surface p = const., at the end point P of ». If we 
draw the surface p= 1, then, according to (84), the magnitude of 7’ 
is the reciprocal of the projection of 
vy on the direction of the normal at grad p 
P (cf. fig. 25). 

The surface p= 1 is called the P 
tensor ellipsoid, although without 
further limitation on the values of 
the coefficients, it might be any 
second degree surface. The repre- 
sentation by means of a second degree 
surface is seen to be possible, since 
both a surface of this kind and a Fig. 25 
symmetric tensor have six indepen- 
dent coefficients. Further, for every surface of the second degree 
there is one specially appropriate co-ordinate system, viz. that of 
the principal axes. In this system of axes the surface has the 
equation 

p= a,074+ ayy? + Ay2* «2 we (84’) 


and the tensor, referred to these new 2’, 7’, 2’ axes, becomes simply 
O=at tetas 7’ +ay,R' Rk’. « » (75) 
The components of w are thus given by 
Wy =AyVy, Wy = Ay Vy3 We = Azzy Ve. + « (86) 


Ex. 17. Write the Frenet formule [equns. (32), p. 19, and (35), p. 20], using 


the vector gradient. 
Ex. 18. Determine the directions of the principal axes of a tensor ellipsoid 
by using the relation that 7’ = dr in these directions. 


12. Calculation of more complicated Vector Differential Expressions 
with the help of the Nabla Operator. 


The operations grad, div, curl and grad may be performed readily, 
in the case of products of scalar or vector point functions, with the 
help of the V-operator. It is only necessary to remember that V is a 
sign of differentiation as well as a vector. Everything standing to the 
right of such a sign is subject to the process of differentiation. In 
ordinary differentiation, the quantities to be held constant may always 
be placed to the left of the differentiating symbol. But since the 
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vector product, and especially the dyadic product, of two vectors are 
not commutative—though of course in a vector product we can always 
change the order by changing the sign—we shall indicate by means 
of the subscript ¢ the constancy of a factor on the right of the sign 
of differentiation. This will permit us to leave constants on the right 
side of the sign Y. By following a limiting process entirely analogous 
to that for the ordinary differentiation of products, it may be shown 
that, in general, a space derivative (grad, div, curl, grad) of a pro- 
duct is equal to the sum of the corresponding expressions for products 
in which only one factor is variable. Thus we obtain the following 
practical rule for the space differentiation of products: Using the 
V-symbol, write the differential expression as the sum of derivatives in 
which only one factor is subject to differentiation. Transform these by 
the rules of vector algebra in such a way that all quantities not to be dif- 
ferentiated are on the left of the sign of differentiation, and interpret 
the resulting expressions in terms of the special symbols, grad, 
dw, &c. 

This method is easily understood in the case of the more important 
a frequently occurring formule. These expressions will be computed 

elow. 


(a) Products of scalar point functions 


1. grad uvw = Vuv,w, + Vu,vw, + Vu,v,w 
= vw gradu + wu gradv + wv grad wv, - » i) 


(b) Product of a scalar point function with a vectorial 


point function 
2. div uw = Vuv,-+ Vu,v = vgradu+udivv. . (88) 
3. curluw=([Vuv,]+ [Vu,v] = [gradu, v]-+weurlv. (89) 
4. grad-uv=V-uv,+ V°u,v=gradu-v+u grad:v. (90) 
(c) Products of vectorial point functions ’ 
graavw=V:vw,+V°U,w. 
Now [v curlw] = [v[Vw]]= V-v.w— vV-w 
= grad vu,w — v grad : w; 
thus 


grad vw=[v curlw]-+ wv grad-w-+ [w curl v]+ wgrad-v. (91) 
div[vw]= V[vw,]+ V[v,.w]= w[V v]— v[ Vw] 
= Ww curly — WU curl zw. ._ © © «© @® (92) 
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curl[vw] = [V[vw,]]+[V[v,w]] 


= w grad: v — w divu — v grad: w+ vudivw. (93) 


(d) Second derivatives 

2 du, 2 Ou, 8 tu 

Ox Oz | Oy dy | Oz Oz 

Ou , Ou , du 

ere 7 oe . ee e (94) 


div gradu = VVu = 


The scalar product of the ee ae ae itself is therefore equal to 
a denoted by A. Note, how- 


ever that the rule for products al in § 12, p. 38, does not apply to 
A, as the following example shows: 


the Laplacian operator aaa + a 7 ogil 


div grad uv = div(u gradv + v gradu) = uwAv + v Au 
+ 2gradu gradv. 


Again, we have curl gradu = [V Vu] = 0. soto (49) 


This result, already obtained in § 9 (p. 28), follows purely formally 
here from the rule of vector algebra which states that a product of the 
form [AAa] vanishes. Similar remarks hold for the relationship 

div curl v= VI[Vz] = 0, s e e e (48) 


also obtained in § 9 (p. 28). 

On the other hand, there is no simpler vector expression for 
grad divv. In rectangular co-ordinates, this expression signifies the 
vector 

i? av, as Ov, 

“Oa Oa oy 5) 


[v2 | vy ae Ou, , Fo, 
Td (at Fy a7 me) tO NGep Byde | aa) e) 
With the help of the expression for grad divw, the expression curl 


curl v may be transformed in a manner which finds important appli- 
cation in electrodynamics: 


curl curlu=[V[Vv]]=V:Vu—VV:v=grad divu—VV'v. (96) 
Here we have the scalar product of V with itself standing before a 


vector. If this vector is written in terms of its components, the com- 
plete expression curl curl v may be calculated with little difficulty; 


OV 
O22 


dive +J x dive + kx L divo=i +— 
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the computation shows that the result is grad divv minus a vector 
with components as il 


OU, 45 02” vy , 2 Peaaaenes 
ial om i(a +a yt oo) aa tay t oe 
+k Gets ra iaaaaessaall (97) 


Thus the rule VV = A, which held for simple point functions, is true 
here also. Hence we have the important relation 


curl curl v = grad divw — Av. eo e « (98) 


Ex. 19. Calculate the following surface integrals for constant vector 8: 
(a) $ (ir).d8;  (b) $ vy. 2dS. 

1 
Ex. 20. Calculate A 7 


Ex. 21. Convert the surface integral 
(uw grad v — v grad ud 


into a volume integral. In particular apply the result to v = 1/r. It should be 
remembered that the point O is to be excluded from the region of integration, 
on account of the discontinuity of 1/r. Thus the surface integral must also ex- 
tend over the small sphere enclosing O and having its normal directed toward 
this point. 


13.* Differential Vector Operations in Curvilinear Orthogonal Co- 
ordinates. 


In many cases occurring in practice, it is more expedient to resolve 
a vector not in Cartesian co-ordinates, as done exclusively thus far, 
but to use other parameters which are often inherent in the- problem 
itself. For example, in studying the propagation of electromagnetic 
waves over the earth’s surface, spherical surface co-ordinates (latitude 
and longitude) are indicated. In space, a point is located by means 
of three parameters u, v, w. The rectangular co-ordinates are then 
functions of these parameters: 


t= ,(u, v%,W), Y= p(w, v,¥), 2 p3(%, v,w). . (99) 


If one co-ordinate, say u, is held constant, (99) will represent the 
parametric equation of the surface u = const. ‘In the same way we get 
another surface for v= const., and through every point in space there 


* Starred sections may be omitted without destroying the continuity, 
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will be three surfaces corresponding to the three co-ordinate planes. 
We restrict our considerations to those systems where the three co- 
ordinate surfaces form an orthogonal set, i.e. are normal to each other in 
pairs (fig. 26), as this type of curvilinear co-ordinate system is almost 
exclusively used. In the case of spherical space co-ordinates it is 
immediately evident that the three surfaces—sphere, radial cone and 
meridian plane—are mutually perpendicular. Elliptical co-ordinates 
are also orthogonal. Their surfaces consist of confocal ellipsoids of 
rotation, hyperboloids of either one or two sheets, and planes con- 
taining one or the other principal axis of the conics. If the co-ordinate 
surfaces are orthogonal, so will be the curves of intersection, called 
co-ordinate lines. The tangents drawn at an intersection of three 


Pe a as | 
ei / 


w=const. 


Fig. 26 


surfaces will be characterized by the unit vectors z, v, w, correspond- 
ing to the Cartesian unit vectors z, 7, &. There is an important dif- 
ference between the two sets: the former change their direction as 
we go from point to point. If a vector A is given as a function of posi- 
tion, its respective components at the point P are understood to be 
its projections on the directions 7%, v, w@ drawn at the point in ques- 
tion. The scalar and vector products retain their form in this scheme 
and it is only when we pass to differential operations that the relations 
differ from their Cartesian forms. If the co-ordinate u is allowed 
to increase by du, there is a displacement in the z direction of 


amount 
ds,, = U(u,v,w)duu, . . . . . (100) 


where the function U(u, v, w) changes from one place to another. In 
an individual case its value may be read off from a figure. In the same 
way. 

ds, = V(u,v, w)dvv, dsy= W(u, v, w)dww , (100) 
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The components of the gradient of a scalar function may be found 
at once as the projections in the #, v, w directions, and these pro- 
jections represent the derivatives 0/ds in these directions. From 
(100), 


_ 10s Jie _1 OY 
gadwp=pa, sradw—po, stadub=p75,- (101) 


In order to compute the divergence of a vector A we start with the 
definition (40), p. 24, selecting as volume element a parallelepiped 
formed by co-ordinate surfaces. Consider the two sides normal to z. 
One of these is strictly perpendicular; the other is perpendicular as 
far as quantities of the second order. Only the u-component A, will 
contribute to the surface integral. At the point u the area of the sur- 
face element is | ds, | | ds, | = (VW), dudw, while at u + du it is 
(VW)u4+au dv dw, so that considermg the opposite directions of the 
normals, the net contribution of both surfaces will be 


(AV W)y do dvo + (Ag VW) au 0 deo = S48) ay dy dn 


Forming the analogous expression for the other pairs of surfaces and 
dividing by the volume UVW du dv dw, we have 


_ 5 1 fAA,VW) , 4,70) , (407) 
dv A= aig ae ee oe | yeic! 


Substituting the special value grad y for the vector A, we have 


; re) (ee 9 Th) ee 
Sen U du V ov W dw/ |. (103) 
= oy | ace) cr 9) 


In computing the curl we proceed again as in the case of rect- 
angular Cartesian co-ordinates by traversing, one after the other, three 
elementary rectangles lying, respectively, in the three co-ordinate 
planes. It must be remembered that the lengths of two opposite sides 
will differ somewhat. In the surface u = const. we get the contri- 
butions (4,,V),, dv and (—A,V)o+ aw dv by going along the v curves and 
the contributions —(A,W), dw and (Ay W)»+ ay dw along the w curves. 
Expanding these expressions, adding them and dividing the result by 
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the area, we get the u component of the curl. The other two follow 
by permutation of the letters: 


(curl A), = Ww es aera 


VW Ov Ow 
_ 1 [e(4,U) _ 0(A,W) 
(earl Alipay ee ~ Be | i) 


= 0(A,V) __ 0(A,U) 
(curl A)y == UV po — Aa 


The expression for the vector gradient in curvilinear co-ordinates 
is troublesome to derive, and since it is seldom needed it will not be 
deduced here. 


Ex. 22. Compute grad), div A, Ay and curl A in cylindrical co-ordinates 
(z, p, >) and in space polar co-ordinates (r, $, 6). 


14. Degeneration of the Vector Differential Operations at Surfaces of 
Discontinuity in the Field. 


In proving the above relationships of vector analysis, we have 
hitherto imposed the condition that the point 
function be continuous in the region under n 
consideration. However, the case often arises Ve 
in physics where a scalar or vector point 
function has different values on two sides of 
a given surface. In this case, the limiting Fig. 27. 
values defined by our differential operations 
become infinite. If, for example, we consider the divergence 


wfhs 


vi 


: Ral 
divv =lim< vds, 


this limit has a meaning only if the vector v is continuous within the 
volume element Ar. Suppose, however, that a surface of discontinuity 
passes through Ar. Then we may choose as volume element a small 
cylinder whose bases AS are close to the surface of discontinuity, and 
whose lateral surface is perpendicular to it (fig. 27). With continuous 
point functions, the difference v, — v, of the values on the two bases 
of the cylinder vanishes as the altitude of the cylinder is reduced to 
zero; here, however, V, — ¥, becomes the difference of the values on 
the two sides of the surface of discontinuity. If we divide the integral 


fp v d§, taken over the surface of the cylinder, by the volume Ar, the 


44 MATHEMATICAL INTRODUCTION CuHapP. 


result is infinite, for Av vanishes to e higher order as the cylinder 
is made smaller. If we wish to obtain a limit in such cases, we 
must divide by the area of the base AS rather than by the volume 
of the cylinder. The resulting limit is called the surface divergence 
(Div v): 


, iat 
Div v =lim-,f vis. 2). G5) 


If we introduce as unit normal vector a vector of length 1 pointing 
from side 1 toward side 2, then, with a sufficiently small surface element, 
we have for the lower side 


J» dS = —nv, AS, 


and for the upper side 
[ods =+nv,AS. 
2 


The negative sign is to be used on the lower side, since the normals 
are to point outward in forming the surface integral, but the vector 
m was taken to point inward. The contribution of the lateral cylindri- 
cal surface can be made an infinitesimal of higher order by reducing 
the altitude of the cylinder. We thus have, as a limit, the contri- 
butions of the bases of the cylinder, and so 


Div v = lim - n(v_—v,)AS = n(v,—2v,). . (106) 


Since the definition by means of the limit of a surface integral divided 
by the enclosed volume is not confined to the divergence, but repre- 
sents the general co-ordinate-free definition of the V-operator, we 
obtain for surfaces of discontinuity, in analogy with the ordinary 
V-operator, a reduced operator—the “surface nabla ”’—denoted by 
the sign ||. Its particular meaning depends upon whether it is applied 
to a scalar- or a vector-point function, and will be made clear by the 
following: 


Surface gradient: || u—= Grad u = 2 (u, — %). « ©, MRE CLO a 
Surface divergence, || v = Div v = z(v, — v,). . . . (108) 
Surface curl: [|| v] = Curl v = [2(v, — v,)]. ~ oe + oe ID) 
Surface vector gradient: ||- v = Grad: v = 2+ (v,—,). . (110) 
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If a surface of discontinuity passes through the region of integration 
V, the theorem of Gauss must be supplemented by a term corre- 
sponding to the surface divergence at this surface of discontinuity. 
This is done as follows: A closed surface is drawn surrounding the 
surface of discontinuity closely (fig. 28). This separates the latter surface 


Fig. 28 


from the region of integration. Gauss’s Theorem is now applied to the 
remaining volume, remembering that the new surface F,, as well as 
the outer surface F,, contributes to the surface integral: 


$,? dS + $? ds = f div v dr. 


If #2 is again used to indicate the unit normal vector of the surface of 
discontinuity, pointing from side 1 to side 2, then 


$f,» as =f mv, 45 a nv, d8 = — J Div v8, 
whence $f vas =f divodr+fDivods. . . (ul) 


How is the reduced nabla operation to be performed on a product 
of point functions which are discontinuous on a given surface? If the 
calculational rules of § 12 (p. 38) are formally applied here, what 
meaning is to be assigned to a quantity with subscript c? A simple 
manipulation makes this clear. We have 

0) 


7A(UgY, — Uy) = ee (Ug — ty) + “1 = = (U2 — ») | 


If we designate the average values (v, + v,)/2 in the customary way, 
by a horizontal bar over the symbols, then 


Grad wv = || wv, + || uv = 220,(v_ — %) + 220,(¥2— 4). (112) 
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The subscript ¢ on a quantity standing after the surface nabla thus 
signifies that this quantity is to be replaced by the mean of the values 
on the two sides of the surface of discontinuity. In this way all the 
calculational rules of § 12 (p. 38) may be applied formally to the 
degenerate differential operations. 


15.* Fundamentals of the Matrix Calculus.* 


On p. 33 the coefficients a,, fulfilling certain transformation con- 
ditions were designated as tensor components. It proves useful in many 
branches of physics to introduce quite general arrays of such coefficients 
as mathematical quantities. An array of this kind need not be square; 
it may have m rows and n columns, and would then be called a matrix 
of order m,n. The individual coefficients a,, are called elements of the 
matrix. The entire matrix is designated by a bold-face letter: A. 

Two matrices are equal when and only when their corresponding 
elements are identical. Thus a matrix equation replaces mn numerical 
equations. A matrix having all its elements equal to zero is called a 
null matrix, O. A square matrix having only its diagonal elements 
different from zero is called a diagonal matrix. If all these diagonal 
elements are equal to unity the matrix is called the unit matrix, E. 

A square matrix is said to be symmetric if each element is equal to 
the one which is in a symmetric position to it with respect to the 
diagonal, that is, if a,,—a,, A square matrix is said to be anti- 
symmetric (or skew symmetric) if each element is opposite in sign to its 
“reflection” in the diagonal, that is, if a,,— —a,,; and further, if the 

~~ 


diagonal elements are zero (a;;== 0). The matrix A formed by inter- 
changing rows and columns of A is called the transpose of A. A sym- 
metric matrix is, then, its own transpose. 

As in the case of tensors, which are merely a special kind of matrix, 
the sum of two matrices is defined as the matrix in which each element 
is the sum of the corresponding elements of the separate matrices. 
Logically, the product of a matrix by a number p is then taken to be 
the matrix, each of whose elements is uw times that of the original 
matrix. 

Up to this point we have given merely an alternative way of writing 
the results of p. 33. The matrix calculus becomes really fruitful when 
we define the product of two matrices. This permits us to replace long- 
winded summation formulas by a new symbolism. We start again with 
a linear transformation which, through the matrix A, gives us the 
variables z;, in terms of the variables y,. If, in turn, the variables y;, 
are given in terms of x, through the medium of a matrix B, then the 


* Although the matrix calculus will be used very little in the text, a brief account 


of the basic principles is given here because of the increasing use of this branch of 
mathematics. 
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z, are themselves linear functions of the z,. It is readily computed 
that the coefficients c;, are given by 


Cy, = Ltiby, oS ite eo ee (113) 


This means that the matrix element c;, is obtained by multiplying each 
element of the 2th row of A by the corresponding element of the kth 
column of B and adding the products. It is logical to designate this 
combination as the product of the two matrices, since it can be shown 
readily that it has the property of distributivity 


A(B+C)=AB+AC ... . (114) 


as well as of associativity 
A(BGje(ABC. .... . =. (115) 


On the other hand, like the vector product, it does not possess com- 
mutativity: The result is quite different from the previous if the z, 
and the y;, are related by the matrix B, and the y, and the , by the 
matrix A. 

It may happen that the product of two matrices is independent of 
their order of multiplication; the two are then said to be commutative; 
for example, the unit matrix E is commutative with every matrix. 
The product of any matrix with the null matrix Q is always the null 
matrix itself. On the other hand, the product of two matrices, neither 
of which is the null matrix, may happen to be the null matrix; it is 
not proper to conclude that if the matrix product vanishes one of the 
factors must be the null matrix. In view of the rule for forming the 
elements of the product matrix, we have 


AB=BA ........ (116) 


The definition of matrix product is not confined to square matrices. 
The procedure designated by (113) can be carried out as long as the 
number of columns of the first matrix is equal to the number of rows 
of the second. Thus matrices of order m,n may always be multiplied 
by those of order n,7; the product will be a matrix of order m,r. This 
permits us to write vectors as single-column or single-row matrices, e.g. 


HM 7] 
--(2). >: Qe aga) 


The transformation prescribed by a matrix A can be written 


a’ 
v=()am 7 
2! 
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The product of a matrix A of order 3,3 with the matrix x of order 3,1 
is a matrix of order 3,1 and so is again a vector. 

If the determinant formed from the coefficients of a given square 
matrix is different from zero, then the matrix which represents y, as 
functions of x, may be solved for the x, as functions of y,. The new 
scheme which results is the inverse, or reciprocal, of the original matrix 
and is designated’ A-!. Since application of A to the x, gives us the y;,, 
and application of A~! to the y, again gives us the z,, it must be true 
that 


ATA=AA1=E, .. . . . (119) 


The second equality may be verified by starting with the y,. Since the 
inverse of the inverse matrix must again be the original matrix, 


(AS) =A: en 1) 
Moreover, 
(AB) ="BaA-. —_ =. . ah) 


This is true because if we multiply both sides of the equation by AB, 
E=ABBA--=AA1=E, . . . . (122) 


on account of the associative law. 
An orthogonal matrix is one in which the sum of the products of 
corresponding members of two rows has the following properties: 


DN rig eas (Ue # 1) 
k 


; 123 
=1 for b=e)\ i 


The definition may be expressed in another way. The product sums 
defined above represent the product of the matrix A with its transpose 


A. If a matrix is orthogonal, then 


AA=E ....... (124) 


However, this is also the definition of the matrix A-) which is re- 
ciprocal to A. Thus an orthogonal matrix has the property that its 
transpose is the same as its reciprocal. An example of an orthogonal 
matrix is the set of direction cosines of two rectangular co-ordinate 
systems that differ in orientation (equation (64), p. 33). 

The matrix calculus may be extended to include matrices with 
complex elements. The transposed matrix is then one where, in addition 
to the interchange of rows and columns, each element is replaced by 
its complex conjugate. A symmetric matrix then corresponds with the 
so-called Hermitian matrix, and the orthogonal matrix, because of 


= E becomes identical with the unit matrix. 
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Ex, 22a. The question posed in Hz. 18 (p. 37) may be formulated in matrix 
notation as follows: Given an n-dimensional symmetric square matrix A. Find 
the vectors » (single-column matrices) for which 


Ar=)r or (A — E)r = 0. 


Show that (a) this leads to an equation of nth order in 4; (b) the » corresponding 
to various values of ) are mutually perpendicular (since it is only the ratios of the 
components of y that enter, their magnitude may be taken equal to unity); 
(c) the matrix formed by using these vector components as rows is an orthogonal 
matrix, §; (d) the matrix §'AS is a diagonal matrix with the roots A; occupying 
the diagonal. 


CHAPTER II 


MATHEMATICAL REPRESENTATION OF PERIODIC PHENOMENA; 
THEORY OF VIBRATIONS AND WAVES 


1. Simple Harmonic Vibrations. 


The simplest temporally periodic process (vibration) is described 
mathematically by the sine or cosine function. If the process repeats 
itself y times per second, the function is either 


u=Asin2wvt or u=Acos2mvt. .. . (1) 


A is called the amplitude and v the frequency of the vibration. Be- 
sides the frequency v, we introduce the angular frequency w = 2av 
to simplify the notation. A phenomenon described by a simple sine 
or cosine function is not only the simplest vibration mathematically, 
but physically as well. It is called a semple harmonic vibration. 

The computations are considerably simplified by using imaginary 
exponentials instead of the trigonometric functions with their cumber- 
some addition theorems. The connexion between the two types of 
functions is given by the Euler Formula 


e* = coswt+isinw. . .. . . (2) 


This notation also leads to an extremely important representation of 
n vibration, using the complex plane (cf. Chap. III); for 


a en )) 


represents a complex number whose representative point, on index, 
as we shall call it, describes a circle of radius A with angular velocity 
w. The projections on the real and imaginary axes are respectively 


. (4) 


But since physics deals with real quantities, the final results of a 
computation using complex numbers must admit of translation into 
real magnitudes. This is very simple; an equation involving complex 
numbers means that the real as well as the imaginary parts satisfy 
the equation. We can therefore take either the real or the imaginary 
part of the equation as the physical statement. 

The square of the amplitude is often of importance. It is most 
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x= R(z)= Acoswt; y= 1(z)= Asinot. . 
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readily obtained from the complex representation by multiplying the 
vibration function by its conjugate: 


Meee. lw ee ee =6(5) 


The great advantage of using complex numbers manifests itself in 
the case where two vibrations of the same frequency, but of different 
phase, are to be combined. If there is but one vibration function, the 
point at which we begin to count the time is of no consequence, and 
so we write this function in the form (1) or (3). If, however, we are 
required to add a second vibration to this one, the new oscillation will 
not, in general, attain its maximum value at the same instant as the 
original one, but at a certain interval before or after. In this case 
we say that there is a difference of phase 5 between the two vibrations. 
In the real representation, then, 


u, = A, coswt, u,= A, cos(wt + §), 
and the resultant of the two oscillations is 
U, + U, = A, coswt + A, cosd coswt — A,sinédsinwt. (6) 
The right member may be written as a single cosine vibration by 
transforming the coefficients of sinwt and coswt so that they assume 


the character of the sine and cosine of an angle ¢, multiplied by the 
same coefficient: 


(4,+ A, cos) coswt — A, sind sinwt 


(4, +4, cos5)°-+-A,?sin®d A,+A, cos 5 
=V/(A,+A,c0s5)?+A,” sin®5| (A,-+ A, cos 8)?-+-A,? sin? coswt 
A, sind } 
~ V4, +4, 0085) Ay? sin? t bd e ° e e A % Lf 
/(A,+ 4, cos8)?-++ A,” sin® d sinw Fi 
A, + A, cosd 

wT ae Lee 

Put (A, + A, cos 5)? + A,? gin? 5 cos d (8) 

Sai sing. . . (9) 


4/(A, + A, cos8)? + A,” sin?d = 


— V/A? + A, + 24,A, 0038 (coswt + 4) 
Then ty + fag CES cag ores tteemmamcationss\ 10) 


According to the expression under the radical, the amplitude A of the 
resulting vibration is given as the third side of the triangle having the 
amplitudes A, and A, as adjacent sides, and § as exterior angle (fig. 1). 
The difference in phase ¢ between the resultant vibration and uy 18 
the angle between the sides A and u, of this triangle. ae 

This construction corresponds exactly with the addition, in the 
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Gauss plane, of two complex numbers, which add like vectors. TJ'c 
obtain the resultant of two vibrations having equal frequencies, but differ- 


ing in phase, add the corresponding = 
complex numbers. The amplitude in a 
and phase of the resultant are given, es 

respectwely, by the length and direc- TP 

tion of the radius vector representing figs: 

this sum. 

In electrical engineering, where this method is most frequently 
used, this representation is referred to as the “ vector diagram”, on 
account of the way in which the quantities are combined. It must be 
remembered, however, that the complex numbers by means of which 
the vibration phenomenon is represented are not vectors in the physical 
sense; the latter are spatial, and are not confined to a plane. For this 
reason, it would be more correct to speak of the “index diagram ” 
than of the vector diagram. This diagram may be drawn for any 
instant of time; but since the phase difference is constant, the entire 
triangle rotates as a rigid figure with the angular speed w, as the 
time advances. We may therefore choose any position—for example, 
the real axis—for the line of the first vibration. 


Fig. 2 


If more than two vibrations are to be compounded, we obtain the 
index of the resultant as before by laying off the individual indices in 
succession—like vectors—connecting the initial point of the first 
index with the terminus of the last. A case occurring frequently in 
practice is the combination of a large number of vibrations of equal 
amplitude, there being a constant difference of phase Ad between 
successive vibrations. The vector diagram then becomes a portion of 
a polygon, which approaches a circular are as the individual amplitudes 
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decrease (fig. 2). The phase difference between the first and the Nth 
vibration is (NV — 1)A¢, which may be written N A¢ if N is large. 
The greatest value of the resultant amplitude is Na, obtained when 
Ad = 0. As A¢ increases, the broken line becomes a circular arc of 
greater and greater curvature. If the arc closes to form a full circle, 
ie. if Ad = 27/N, the resulting amplitude vanishes. As the phase 
difference further increases, a small arc remains after the circle is 
closed. This arc again yields a finite value of the resultant, until, at 
Ad = 47/N, a second zero point is reached, and so on. 

For arbitrary phase differences Af we obtain, from fig. 2, a 
resultant amplitude 


WAS” ‘aoe 6 pee 


_ 
ca 


or, putting NAd¢ = ¢, A= Na—-. Ee @: to oedema 
2. 


The representation by complex numbers also gives a simple con- 
struction for the derivative. If 


z== Ae, 
then = = iw Adt = iwe. 


This is a complex number obtained by multiplying z by w and turn- 
ing it through an angle 7/2 in the counter-clockwise direction. Dif- 
ferentiating again, ’ 

om = —w*Aevt = —wz, 
This is a complex number whose index again falls in the line Oz, but 
in the opposite direction. We see, in addition, that a simple harmonic 
vibration satisfies the differential equation 


— +. w'2 = 0, 7. e« ef 8 @ @ (12) 


which is called the differential equation of an (undamped) simple 
harmonic vibration. Similarly, the indefinite integral 


jr a 
fot= =— Ae = ——2 
Ww w 
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is found by rotating the index 2 through an angle 7/2 in the clockwise 
direction, and dividing by w. y 


2. Representation of more complicated Periodic Phenomena by Series 
of Harmonic Terms. Fourier Series. The Fourier Integral. 


Let a purely arbitrary process, which is repeated v times per second, 
be represented by u=/(t). That is to say, we have 


i(:+3)=s0. tee ee (13) 


Let us make the proviso that f(t) is not to pass through infinitely many 
maxima and minima within the time of one vibration, and that the 
integral J f(t) dt is to converge even if the function has a finite number 
of infinite values in this range. A finite number of discontinuities is 
also permissible. Under these conditions the function f(t) may be 
represented over a complete period, and thus from t=—o to 
t= +, except at the discontinuities, by a series of simple harmonic 
functions, the frequencies in which are integral multiples of the funda- 
mental frequency. Such series are called Fourier Series, after their dis- 
coverer. For a proof of the possibility of developing f(¢) in a Fourier 
series under these very general conditions, we must refer to textbooks on 
mathematics. Here we shall give only the method of determining the 
coefficients. It is most convenient to start from the complex repre- 
sentation and write 
S(t) = ag + ae? + a,eott |. a,emor 4 ||, 
+ a_e*' + a_e tt |. a_,e-miwt |, 
n=+0 
= 2X ae, oo ce (he 
n=—o 
Since the left member is real, the coefficients of the series on the right 
must be such that no imaginary terms occur. To determine Qo, we 
integrate both sides over one complete period, i.e. from 0 to. 2mr/w. 
Because of the periodicity of the complex exponential function, all 
contributions from the terms on the right vanish, with the exception 
of do, for 
2r/w . a : 2r/w a 
i a,e%* dt = as le | = te (etant e°) = 0, (15) 


nia »0 Mo 


On the other hand, a, is determined by the equation 


rf a 


fH )d= Say or = Zl Aya=FH* (6) 


* f(® is the usual notation for the mean value of f(t). 
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To determine the other coefficients, we multiply both sides by e~™** 
and integrate, as before, from 0 to 27/w. Again, all terms on the right 
cancel out (because of the periodicity of the imaginary exponentials) 
except the a,-term, which contains no exponential factor, and which 
gives the value (27/w)a, on integration. Thus we have 


@ silo ‘ 
a= sf f(the dt, 2 6 © 6 © (1%) 

Moe Ps) 27 foo ‘ 
and similarly G_n= 5 f f(tjetdt. . « « © « (18) 


The reduction to the usual real form of the Fourier series, 
f(t) = b+, coswt+...b, cosnut+ ...¢, sinwi+ ...C, sinnwt+... 


Ss >; ba cosnwt a. >, Cy sin nwt, eee 8 e ee @ @ (19) 
tt] 1 


is very simple. If the real and imaginary parts of each term in the 
complex form are separated, and the terms in a, and a_, are paired, 
then we have 
Ct Bs (cos nut +-7 sin nwt) 

Qa 

Zr | wo 


(f f (6) cosnat dt — if Fo sinnatdt}; 


. @ os 
a_,e-' = = (cosnwt — 1 sinnwt) 
7 


{ ih F(t) cos nwt dt + 4 is F(t) sin nwt au}; (20) 


2rfw 
i @ 
a,e"* + a_,e-™"' = — cos not i F (é) cos nut dt 
7 0 


wo. Qa fw ; 
+ —sin nuot [ f (t) sinnet de, 
i.@: i 2 


2 fw Zr foo : 
by =f(t); b= mal f (0) cosnant dt; cy = ms f(t) sinnat dt. 


It is to be noted that the summation extends from n=—©® to 
n= +o in the complex representation, but from 0 or from 1 to + 
if the real representation is used.* 
By inserting the expressions for the coefficients, we can represent 
the Fourier Series by a single summation. However, it 1s necessary to 
*In most physical problems f() is not given by an analytical expression, but by an 


empirical curve, so that the integrals must be evaluated numerically or graphically. 
Sal computing methods as well as mechanical devices called harmonic analysers 


have been worked out for this purpose. 
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assign a new symbol for the variable of integration, since otherwise 
¢t would be used for two different purposes. If the integration variable 
is called a, then 


an=+o 


wo... aele : 
fo= 2 = em i f (a)e~"**da, 


R= —O 
n=+0 4, 2a foo a 
= ae a(t—a) 
=a. os f f(aje-)da, =. . . (21) 
We introduce the time of one complete vibration—the period 
LT = 2m/w. Also, on account of the periodicity of the function f(t), 
we can take the range of integration from —7'/2 to +7'/2 instead of 
from 0 to T. Then there results 


n=+o +T/2 2rni 
f=" Saf flo TO) dao a. (22) 


At this point we can pass to non-periodic functions, which may be 
looked upon as extreme cases of periodic functions whose period 
extends from —o to+o. If we put 1/7 = As, then 


n=+oa T/2 
fo= : a As Ip 8 SF (aje2#t—#)45 dq, 2 « (23) 


Now the definite integral i ¢(s)ds is defined as the limit, for As 
0 
infinitely small, of the sum . 


= Erdle 


“+ 2 


Also, f $(s)ds= a #6) ds-+ f fags(s ide 3 (mAs) As (24) 


From this result it follows that, as 7’ grows beyond all bound, the 
expression (23) passes over into the Fourier Integral 


fo=f was yf “Fe) ePnilt—2) dq, — [eras f Te) e-trieda, (25) 


The second form discloses the meaning of this identity: the non- 
periodic function f may be expressed by a continuous series of har- 
monic periodic functions whose amplitudes are given as functions of 
the sequence number s by 


ie Fe) e~2rttad g, 


The possibility of such a representation is of great importance in the 
analytical treatment of functions which are otherwise not expressible 
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by a unified mathematical expression. Let there be given, for 
example, a simple harmonic vibration which, however, is not of 
indefinite duration, i.e. we suppose it to start at t= 0 and cease at 
t= T. Such a vibration cannot be represented by e?"™*, since this is 
the expression for a vibration existing from t= —o to t=-+o. 
We can, nevertheless, insert the function f, so defined, in the Fourier 
Integral and determine the distribution of frequencies therein. This 
distribution has, naturally, a maximum for s=v. The shorter the time 
the vibration lasts, the wider the “frequency band” covered by it. 

By taking the quantities in pairs and applying the Euler Formula, 
as in the case of the Fourier Series (p. 55), we can reduce the complex 
form of the Fourier Integral to a real form: 


f)=2 [a f “RG CRRERalti—aider se. (26) 


Ex. 23. Develop, in a Fourier Series, the periodic function which has the value 
0 from 0 to 7'/2, and the value 1 from 7/2 to 7, then 0 once more, and so on— 
sometimes called a “‘ square wave”. 

Ex. 24. Express e~‘coswt by a continuous series of undamped harmonic 
vibrations, and find the frequency of the component vibration for which the 
value of the square of the amplitude is half the maximum value. 


3. Modulated Vibrations and Beats. 


In wireless telephony we deal with “ modulated” vibrations in 
the transmitter. These are oscillations in which the peak amplitude 
itself is a periodic function of the time. The amplitude, however, 
changes slowly compared with the frequency of the actual vibration. 
The latter vibration—the so-called “ carrier wave ”—has a frequency 
of the order of 1,000,000 sec-1, while the frequency of modulation— 
which is the frequency of the radiated tone—is around 500 sec—?. 
Using real functions, a modulated frequency of this kind may be 
represented by 

u= Acosa,t cosw,t,  (w, >a). « + « (27) 


But, by a familiar formula of trigonometry, 


2 cosw,t coswet = C08 (Ww, + a,)t + cos (w, — w,)t. . (28) 
The use of this formula enables us to write (27) in the form 


= = CO8 (Ww, + @,)t + S cos(w,—m,)t. « » (29) 
This signifies the combination of two vibrations of equal amplitudes, 
and having frequencies wz + w, and w,— oy, which are very jclose 
together. In practice, this type of vibration may be produced in 
either of these two ways, i.e. by modulating a carrier frequency, or 
by combining two vibrations which differ but little in frequency. The 
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latter case, because of its well-known acoustical manifestation, is 
known as the phenomenon of beats. - The angular frequency of the 
beats is w, — w,. It is to be remembered, however, that the phenome- 
non itself is correctly represented by either (27) or (29). 


The occurrence of beats represents the simplest case of an almost-periodtc 
phenomenon. If, for example, «, and w, are not commensurable, then, strictly 
speaking, the function u has no definite period, i.e. there is no fixed interval 7 
such that the value of u at any time ¢ is repeated at time?-++ 7’. Nevertheless, 
within a certain latitude of departure ¢, a “time of recurrence” may be defined. 


4. Combination of Vibrations along different Axes. Lissajous’ Figures. 


Thus far we have considered perfectly general periodic functions wu, 
which could be represented either in a co-ordinate system with ¢ as 
abscissa and u as ordinate, or in the Argand diagram of the complex 
plane. Now we wish to give our function a particular meaning: let u 
be the co-ordinate x of a point moving along the z-axis. If, now, the 
other co-ordinates (components of the radius vector) are also periodic 
functions of the time, we inquire the nature of the curve described 
by P, the extremity of the radius vector. We restrict ourselves to the 
important case of motion in a plane, the z2-co-ordinate being omitted. 
The motion in the zy-plane is to be distinguished, of course, from 
rotation of the index in a vector diagram. If we desire to employ the 
latter representation here also, we must introduce a complex plane 
with rotating index for each co-ordinate. For the discussion of the 
orbit, we thus find it simpler to start from the real representation and 
write 

r=acosw, y=bcos(wt— 8) . . . (30) 
It is thus specified, for the present, that the two vibrations have the 
same frequency. We obtain widely different vibration figures for 
differing values of the phase difference 5. First, let us take 8 = 0. In 
this case, the point remains on the straight line 


vay 
ca’ ~ 
which is the diagonal of a rectangle with sides a and b. This motion 


is called the linear form of vibration. If we next take 5 between 0 and 
7/2, elimination of ¢ in (30) gives the equation of the orbit as 


y = b= cos3 + ba/1—% sins, 


2 2 
(y = a cos3 — #1 — =) sin? 6, « « (31) 


This is the equation of a second degree curve. From the parametric 
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form (30), it is evident that neither the z- nor the y-co-ordinate can 
become infinite, i.e. the curve must be an ellipse. Its principal axes 
may be determined by the methods of analytical geometry. For 
5 = 7/2 we have 

z=acosat, y= bsinat. 


This, however, is the familiar parametric representation of the ellipse 
a 6 


whose principal axes are the co-ordinate axes. 

The direction in which the ellipse (30) is described may be seen 
from the parametric representation. If we start at ¢ = 0, then P is at 
its greatest distance from O in the direction of the a-axis, i.e. the x of 
P is a maximum. As ¢ increases, x decreases, but (if 5 is less than x) 
y increases in the direction of the positive y-axis. This form of vibra- 
tion is called a left-handed elliptic vibration. If 8 is allowed to increase 
to the value 7, 


z=acoswt, y= —bcosut, 


This is the original linear vibration reflected in the y-axis. Assigning 
5 the value 37/2 gives the same ellipse as for 5 = 7/2; but this curve 
is traversed in the opposite sense, and we 
have a case of right-handed elliptic motion. 
We again obtain the linear motion with 
which we started by putting = 27. The 
intermediate ellipses may be drawn with the 
aid of the above considerations (cf. fig. 3). 
If the amplitudes a and 6 are equal, we have 
the special case of motion in a circle. This 
may be either right-handed or left-handed. 

If we employ exponentials instead of trigonometric functions, 


24> aet 
Y= 2 = me | 5 > See. (32) 


This shows that the ratio of the components of the radius vector is 
real only when the phase difference is 0 or 7, i.e. when the vibration 
is linear, for 

a rn) 


Thus the complex number representation provides a simple oriterton of an 
elliptic vibration: the ratio of the components x and y ts complex. 
If the two frequencies are not equal, the phase difference is con: 
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stantly changing. For the case where the frequency difference is 
small compared to the individual frequencies, the phase relation 
changes slowly, and we can write 


Z= ac0S8sa,t, 
y = bcos[w,t + (w, — @,)t] = b cos(w,t + ef). } ey 


The phase difference 5 thus becomes a linear function of the time, 
and the point P traverses in smooth succession all the elliptical curves 
corresponding to the various values 
of 8. The resulting pattern, called 
a Inssajous figure, after its dis- 
coverer, has the property of gradually 
covering the entire rectangle of sides 
a and 6b (cf. fig. 4). The Lissajous 


( 


= — ~~ = 


. 
X 
S 


SARK) 


figure is the simplest example of a 4 
conditionally periodic system. In this 4 OSes 
type of system—which is of impor- re— @ —+ 


tance in Celestial Mechanics and, to a Fig. 4 

certain extent, also in Atomic Me- 

chanics—each co-ordinate of P is, in fact, a periodic function of the 
time. The orbit itself is closed only when a condition of commensura- 
bility connects the two periods. In this case alone can we speak of a 
periodic motion. 

Since any vector (e.g. the vector representing the electric field 
strength) may be represented as a radius vector, our considerations 
are perfectly general, and hold for the motion of the terminus of n 
vector, as well as for the motion of a material particle. It is further 
of importance to note that a right-handed and a left-handed circular 
motion of the same frequency and amplitude always combine to form 
a linear vibration, whose axis is determined by the phase difference 
of the two motions. If the left-handed motion is 


t= — 
Yy re sin wt, eo e e # e e aeP) 


and the right-handed motion is 


Lq = a cos(wt — 8), 
Re “ities! 1 


then a simple trigonometric transformation gives 


2, + = 2a 008 2 cos(wt — 8/2). er 


Similarly, Y1 + Y= 2a sing cos(wt — 6/2), . . «. (38) 
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This shows that the s- and y-components of the resulting motion do 
not differ in phase, and the vibration is linear. The direction of the 
axis is given by division of the two equations: 


n= tan 5° e e e« © © @ (39) 


This result is still more easily obtained by transferring the circular 
vibrations to the complex plane, where they are represented by 


% = ae and 2%=aet-), | , . (40) 
The sum becomes 
% — — aetsl2 { ei(wt—8/2) =e eee) 
= 2ae*/? cos(wt — 8/2). . . 2. . © (41) 


This is a vibration taking place in a line making an angle 8/2 with the 
teal axis. 

This method, which is always applicable to 
circular vibrations, is not to be confused with the 
vector diagram introduced in § 1 (p. 52), There, 
only the real part of the complex number had 
physical significance; in circular vibration, the 
complex number itself gives the correct picture 
of the process. 

The same result is obtained diagrammatically 
by combining the instantaneous radius vectors, 

Ras and again the geometry of the figure gives the 

angle 8/2 (fig. 5). 
Ex. 25. Draw, for several values of the phase difference, the closed vibration 


figure resulting from combination of an z- and a y-vibration having the ratio 
of frequencies 1] : 2. 


5. The Propagation of Periodic Disturbances in the form of Waves. 


Hitherto we have confined our attention to the particular point 
in space at which a given vibration is taking place; in what follows 
we shall consider all points of the region. First we take the simple 
case in which motion in a certain direction (call this the z-axis) 1s inde- 
pendent of the y- and z-co-ordinates, i.e. is a function of x alone. At 
x= 0 let 

wu, 0) ==etet* <ieaelen «©» ete) 


We call a process a wave if the same state of vibration exists at = 
as ab «= 0, but with a difference of phase corresponding to the finite 
velocity of propagation v of the phase.* That is, at the time ¢, the 


* v is also referred to as the “ wave velocity ”. 
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same condition obtains at z as held at 0 at the time t — x/v. We thus 
write * p 
u(t, 2) = Aa) SS ee (43) 


In this way u becomes not only a function of the time, but also of 
the co-ordinate x. If we imagine a snapshot of the process to be made 
at a time ty, then the corresponding equation is 


(to, 2) = Adee, . . . (44) 


The instantaneous value at 0 recurs if x increases by an integral 
multiple of 
2arv 


w 


_v 
=, 
for in this case the argument of the imaginary exponential increases 
by 27, and the function remains unchanged. This distance, which gives 
the separation of the points of equal phase, is called the wave-length A. 
From the above considerations, A obeys the fundamental equation of 
wave theory: 
Av = v: shies cea (45) 
Wave-length x Frequency = velocity of propagation of the phase. 


A wave of the kind described, in which w depends, in addition to 
the time, only upon the co-ordinate of the direction of propagation, 
is called a plane wave, since u is constant in any plane perpendicular 
to the direction of propagation. The simple harmonic plane wave is 
a particular integral of a partial differential equation which is readily 
deduced. If u is differentiated twice with respect to t, and twice with 
respect to 7, we obtain 


2, 2, 2 
= = — w*Aet—*) » and os =— aoe) . (46) 
Ou 1 de 
BO that aa = ve On’ s te ° e . e ~ (47) 


The general integral of this second order partial differential equation 
must contain two arbitrary functions. As may be verified readily, 
any function f of (t — z/v) satisfies the equation, but so does any 
function g of (¢+ a/v). The latter corresponds to a wave moving in 
the direction of the negative v-axis. The general integral is then 


u=s(¢—3) + 9(¢+ 2), 2. es 


* In the simplest case, as taken here, the amplitude A is independent of the position 
in space. Nevertheless, A may also be a function of x. Thus, in an absorbing medium 
the amplitude falls off as e~**. Here, however, we consider only undamped waves 
which, in our case of dependence solely on x, have constant amplitude. 
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For a plane wave whose wave normal 7 (i.e. the perpendicular to 
the planes of equal phase) is arbitrarily oriented with respect to the 
axes, the planes of equal phase have the equation 7 = const., and 
the plane wave is represented by 


° ro ° 
w= Ago(e- ) — Ado(t- (43’) 
If this equation is differentiated twice with respect to t and twice with 
respect to each co-ordinate, we can form the most general differential 


equation defining an undamped wave, of which (43’) is only one 
particular integral. This equation turns out to be 


Ou , eu, ou om Ou 
da Oy oa Yom ft 
Another very important special case is that of a spherical wave; here 
the function depends only on the distance r from a centre O. The trans- 
formation of Au to this case—the special case of spherical polar co- 
ordinates when u depends on r only—is not difficult if we use the 
vector meaning of Aw, viz. div grad u. We have 


grad u(r) = wl, 


x cosa + ycosB + sooty) 
v e 


e (49) 


: dul ,. 
div grad u(r) = 7 — div r+ me ee 


du , 2du 

ant Far 
Then (49) becomes 92, O04 1 02u 
Ort ror Ot 


A particular integral is 
uaF ch('-%), eeeeee (51) 


as may be seen readily by substitution, or by writing the equation in 
the form 


02 1 2 
a7 (ru) = SR (ru). 


This is a simple harmonic wave spreading equally along radii in 
all directions from the origin. In contrast with plane waves, the 
amplitude falls off as 1/r, corresponding to the increase of the wave 
surfaces. The surfaces of constant phase are given by r= const., 
and are therefore spheres, The general solution, consisting of one 
wave emanating from O and another closing in towards Q, is 
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u = (1/r){f(tt—r/v) + 9(é+7/r)}. - - . (82) 
Ez. 26. Give the differential equation of a cylindrical wave, and find its 
integral. 


6. Combination of several Waves having the same direction of Propaga- 
tion; Linearly and Elliptically Polarized Waves; Group Velocity. 


(a) Phase velocity independent of the frequency; absence of dispersion 


If u at z= 0 is a complicated function of the time, representable 
by a Fourier Series, and if there is no dispersion, then the phenomenon 
is repeated at every point with a phase difference corresponding to the 
velocity of propagation. In order to represent such a wave, we have 
only to replace ¢ by ¢— x/v in the Fourier Series. If the quantity 
satisfying the wave equation is of the nature of a vector, we speak of 
pure longitudinal waves if this vector is along the direction of propa- 
gation, i.e. the z-axis. In this case everything is cylindrically sym- 
metrical around the x-axis, and there is no uniquely distinguished direc- 
tion in the planes perpendicular to this axis. If, on the other hand, 
the vector has no component in the z-direction, we speak of pure 
transverse waves. If there is no phase difference at O between the two 
components of the vector—i.e. if the vibration is linear, according to 
§ 4 (p. 58)—it remains linear at every point, if the phase velocity is 
the same for both components. In this case we speak of linearly 
polarized waves, and refer to the plane determined by the directions of 
propagation and vibration as the plane of vibration. If the vibration 
is elliptic at O, it is elliptic, under the same conditions, at all points in 
space, and we have an elliptically polarized wave, of which a special 
case is the circularly polarized wave. 

The case in which the phase velocity is somewhat different for the 
two components is of importance. If we again represent the vectorial 
point function by means of a radius vector in the planes perpendicular 
to the z-axis, 


y= acosu (1— 2) . 

YY a 

= boosw (¢— 2) = B eos | ¢— Diet x( > — i) 
VP) VY yy = =% 


Comparison with formule (30) (p. 58) shows that the phase difference 
varies with the position along the x-axis, independently of the time 
(cf. fig. 6). Points of equal phase difference, and therefore having the 
same vibration figure (e.g. a straight line), are apart a distance A, 


given by 
wA( = — 3) = 20 or Joli . oe (53) 


Similarly, we obtain a phase difference varying with the co-ordinate 
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if we have two oppositely directed circularly polarized waves of equal 
amplitude, but having different velocities of propagation. According 


to § 4 (p. 60), two such vibrations always combine to give a linear 
vibration, and the position of the axis of vibration is given by the 
phase difference. If the latter varies from place to place, this signifies 
a gradual azimuthal rotation of the axis of vibration as we move in 
the direction of propagation. 


(b) Dispersion; phase velocity dependent wpon frequency 


If the partial vibrations composing a complicated vibrational 
phenomenon are propagated with different velocities, we obtain in 
general, by superposition of all these vibrations, a non-periodic con- 
dition, concerning which little can be said. It is only when the 
partial vibrations are close together in frequency that the nature of 
the result is clear. The simplest case is that of two slightly different 
vibrations of equal amplitude which produce a modulated vibration 
by means of beats. As long as there is no dispersion, the modulation 
(in radio, the audio-frequency note) is, of course, transmitted with the 
same velocity as the carrier wave. If, however, dispersion exists, we 
obtain another velocity—the group velocity—as the following simple 
computation shows: 


Let w,=w+ Aw and n=0+ 2S do 


Then the modulated wave becomes 


F(a, t)= cos wy (¢ — ) ++ cos w (« — 9) 
OF v 
= Of, 2% of, 2% 
nsom(3(--2)+5('-9)} 
Bl fey 2) \ eee 7 2 
cos | 5 (« z) 5 (« 3) \ 
We may set w, = w and v, = v in the sum, without appreciable error. 


Then r 
M7) (4)) (43) W 
F(z, )= 2eose( -?) 008 {et — a a 2) a}. 
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Neglecting higher terms, 
ad a 
% »  v \vo dw : 


Thus one obtains 


F(x, t) = 2 con (1 — >) cose (1 _- *) 


where, for brevity, we have set 


The meaning of this result is as follows: We have a wave of 
angular frequency w; its amplitude is subject to a wave-like periodic 
variation * of angular frequency Aw. While the phase of the wave is 
propagated with velocity v, the velocity of propagation of the modu- 
lation has the value V, determined by 


v 
1_%% 
V dv e é& s e se e es 


It is useful to express the group velocity also in terms of A. Since v/v = A, 
(54) may be written 


(54) 


_ Ww _ a dv 
ai d(1/r) aN 
and since vA = w, 
dy dv 
Aa ob v aa 
Substituting the value of A(dv/dA) into the above, we obtain 
= dv LA 
V=v A s 6 eee © og 


The velocity V is, in general, identical with the signal velocity, 
i.e. the velocity of propagation of a signal. If we have a vibration at 
the origin O starting at time t= 0 and terminating at t= 7, the 
function which represents it is in general non-periodic, but may be 
represented by a continuous sequence of harmonic functions, accord- 
ing to § 2 (p. 56). If the duration 7 of the original vibration is 
small, we obtain a narrow band of side frequencies, for which, if the 
dispersion is not too great, the derivative dv/dw may be regarded 
as constant. In the same way as a modulated wave results from 
superposition of two slightly different primary waves, a vibration 


* Because the algebraic sign of the amplitude is of no concern, the frequency is not 
Aw/2 but Aw (cf. p. 56). 
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lasting for a limited time at any one point results in this case by 
superposition of all the partial frequencies. The velocity of propa- 
gation of the limited wave train is then given by V. Since signals can 
be given only by initiating or terminating a vibration process, and 
not by individual crests or troughs of an unlimited wave, V is the 
velocity of propagation of acoustical or optical signals, as obtained 
by measurement, 


In the region of anomalous dispersion, the signal velocity, i.e. the velocity 
of propagation of the energy, no longer coincides with the group velocity V, which 
loses its significance in this instance. 


Ex. 27. How must the phase velocity »v depend on vy, in order that the group 
velocity V be proportional to the reciprocal of the phase velocity ? 


7. Combination of Waves having the same Frequency but different 
directions of Propagation. Standing Waves. 
(a) Superposition of two waves moving in opposite directions 
Let Uy = Aeiv(t—2!e) 


represent a wave travelling in the direction of the positive z-axis, 


and let 
Us — Aeim(t+x/0) +18, 


represent a wave of the same amplitude and frequency travelling 
in the direction of the negative z-axis. The sum is 


+ y= Aeihetts){ (S45) ee, ota) } 
= 2A cos{ %” + 5) Serer (5) 
v 


This result is to be interpreted as follows: 
A eilot+3/2) 


represents & vibration having the same phase all through space. The 
factor ; 
cos bas a 5) 
v 2 


indicates that the amplitude is a periodic function of x. The period 
is v/v = A. The chief characteristic of a wave, viz. the finite velocity 
of propagation of the phase, is entirely absent. For this reason, the 
phenomenon is called a standing wave. If the two amplitudes are 
unequal, there exists, in addition to the standing wave, a wave travel- 
ling in the direction of the stronger partial wave, whose amplitude is 
the difference of the amplitudes of the components. 
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(6) Superposition of two plane waves meeting at an angle 


A case arising especially frequently in optics is that of a plane wave 
reflected from a plane surface which we shall take to be the zy-plane 
of a co-ordinate system. Call the angle between the wave-normal and 
the z-axis a. If we let the wave-normal 7 fall in the yz-plane, as in 
fig. 7, then, by the laws of optics and acoustics, the normal to the 
reflected wave, #’, will also lie in the yz-plane, and will also make an 
angle a with the z-axis. For the incident wave, the surfaces of equal 
phase are the planes perpendicular to #. These planes have the 
equation yz = const. The equation of a wave moving in the direc- 
tion of the unit vector 

uv = (cosa)z + (cos 8) 7+ (cosy)z 
is thus c— Ado(*-F) = 2 eee 


From this equation there follows at once, by putting 7 = z, the pre- 


Ws 


) 
Ys 
XR: 


Fig. 7 
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eer form of a wave moving in the z-direction. In our case we have 
cf. fig. 7), 


m = (sina) 7 — (cosa); #2’ = (sina) 7 + (cosa)R. . 
By superposition of the two waves we obtain 
t—ysina—2z cosa (Emam = + xcone 


U,+ Uy = Acie sea 080) + Ae ysine ts cose) 


_ 2 Aeo(t- 2 *) COs (“2ee") 
v 


This is @ wave travelling in the direction of the y-axis, the wave-front 
being modulated with the period A/cosa. The phase velocity of this 
combination wave is v/sina. For a= 0 we again have the case of a 
standing wave. 


CHAPTER III 


SgeLecrep Topics IN THE THEORY OF FUNCTIONS 
OF A CoMPLEX VARIABLE 


1. Conformal Mapping of one Plane on another. 


_ Since many problems of theoretical physics may be solved par- 
ticularly simply with the aid of the Theory of Complex Functions, 
we give here a rapid account of some of the most useful results of 
function theory. For rigorous deductions of these results, however, 
the reader should consult textbooks on the subject. 


Fig. 1 


If the argument of a function, e.g. the sine function, is a complex 
number z = x + iy, then, in general, the function will also be a com- 
plex number w= u-+ ww. If we represent the complex number z by 
a point in a plane—the Gauss plane or Argand diagram—and the 
complex number w by a point in a second plane, then the function 
f(z) establishes a correspondence of the points of the w-plane with those 
of the z-plane, and we say that one plane is mapped on the other. 
The function f(z) is said to be monogenic at those points where w is 
finite and where the limit 


f'@ = lim‘ og =) ie) oe (1) 


is finite and independent of the way in which the point z is approached 
6 
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as Az tends to zero. We now state a theorem: Within a region in 
which w is regular, the z-plane may be mapped on the w-plane, with 
the exception of those points where f’(z) = 0, by means of a function 
w = f(z), in such a way that corresponding small portions of each 
plane are similar and angles are preserved (conformal mapping). For 
a proof, we consider a small triangle in the 2-plane, determined by 
the points 2, 2 “+ A,z and 2) + A,2 (fig. 1). These points correspond 
to the points wy, Wy + Ayw = wo + f'(%) Az and w+ Ayw = 
Wy + f’(%)Agz, in the w-plane. Thus, the quantities Ayw and A,w 
are obtained by multiplying the complex numbers A,z and A,z by the 
same complex number f’(z,). But this means that A,z and A,z are 
turned through the same angle and elongated in the same ratio.* 
The similarity of the two triangles is thus demonstrated; all angles 


z Plane w Plane 
e $8 : + e@ a* iV. & 
nthe bi bef ata te doce \* a\ : —- 
mh theo foce bor to - re 
pote cheba al ae Val 


Pet lets. 
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_ Fig. 2 


are preserved in the mapping. The type of mapping represented by 
the function w= (f(z) is therefore termed conformal. The lines 
x = const. and y= const. in the z-plane form a rectilinear rectangular 
co-ordinate system. On account of the preservation of angles, these 
straight lines correspond to two families of mutually perpendicular 
curves in the w-plane. As an example, consider the function . 


u-+ w= w= cosz = $(e* + e—*) = fe*-9 + fet 
= coshy cosz — + sinhy sing, 
that is 
u= coshycosz, v= — sinhysinz. 
Elimination of x yields 
u vw 
uy | Gey 
cosh*y — sinh*y 
* We see at once that the multiplication of two complex numbers represents a 

rotation and a change of length. If z, = p,e’*: and zy = p,e’%s, then 2,25 = p,pget(?s t+ 60), 
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Similarly by eliminating y, _ 


The curves = const. thus become, in the w-plane, hyperbolas with 
foci at —1 and +-1; the curves y = const. become ellipses having the 
same foci (fig. 2). It is known from analytic geometry that these con- 
focal conics form an orthogonal system. The strip of the z-plane 
between x= 0 and += maps itself into the entire w-plane. To 
penne the entire z-plane requires a w-plane of infinitely many 
sheets. 


Hz. 28. Disouss the transformation w = z 4+ 1/2. 


2. The Cauchy-Riemann Conditions and the Differential Equation of 
Laplace. 


The real part u and the imaginary part v of w= u-+ w are func- 
tions of the two variables z and y. Nevertheless, two arbitrary func- 
tions u(x, y) and v(x, y) cannot, in general, be considered to be the 
real and imaginary parts of a function of a complex variable. If the 
functions u and v originate in a complex function, they satisfy certain 
special conditions. If we denote by f’(z) the derivative of the function 
f with respect to its argument, then, since u + tw = f(z + ty) = f(z), 


0 .0 pane ’ 
so tis ase) =f'es 
Ou 


ROU. Gegene ies 
3y ag ag FO: 


Comparison gives the Cauchy-Riemann Drfferential Equations 


au _ 2s 

Bo eet eee (2) 
Ou _—av 

oy oa 


These relationships must hold between u and v, but neither of the 
two functions may be chosen at will. If we differentiate the first of 
the above equations with respect to 2, the second with respect to y, 
and add, we obtain Laplace’s Differential Equation 

eu , ou 

=F <7. a =U. - @ @ e@ »« 3 

aga ay Au=0 (3) 
Similarly, by differentiating the first with respect to y and the second 
with respect to x, and subtracting. 
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angen «, a) edie od 
y 


Hence both the real and the imaginary parts of the complex function 
w satisfy Laplace’s equation: Au= 0, Av = 0. 


3. Line Tntcanalal in the Gauss Plane; the Cauchy Integral Theorem. 


Form the integral fi f(z)dz between two points Py and P, of the 


curve C in the eeu (fig. 3). Cauchy’s F 
theorem is: The integral along a second curve C P 
C’, between the same points, has the same 

value if the function f(z) is monogenic at all C 

points in the region bounded by the two 
curves; or, what is the same thing, the con- 


tour integral ¢ £(z)dz vanishes tf the function 
is monogenic in the enclosed region. To 
prove this statement, we separate real and imaginary parts: 


f (ut wv) (dx + tidy) = § (ude — vdy) +14 (vd + udy) 
= fFds+if Fads. 


The first integral represents a plane line integral $ Fds if we put 


F,=u and F,=—v. But by Stokes’s Theorem (p. 27), since d8 
has a z-component only, 


f Fas = f curl Fds ae dx dy, 


and similarly, for the second integral, 


$¥ ds = foul ds=f f (2 = ae 7) ney. 2 


However, by the Cauchy-Riemann equations 4 the integrands in 
both double integrals vanish identically, which proves the theorem. 
Further, the following theorem may be proved: If the line integral 
along a closed curve C does not vanish, but has a finite value, on 
account of the existence of a singularity of the function in the region 
enclosed by C, then the same value is obtained by integrating along 
another closed curve C’, provided the function is monogenic in the 
region between the two curves. The two curves C and C’ (fig. 4) form 
the boundary of a region to which Stokes’s Theorem may be applied, 
since the function f (and therefore also uw and v) are regular within 


5 


Fig. 3 
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this region.* It is to be remembered, however, that in applying Stokes’s 
Theorem, the boundary curve is to be traversed in such direction that 
the bounded surface is always on the left. Hence the direction in which 
the inner surface is described must be reversed; or, if the curves are 
traversed in the same sense, 


f-f=0 


If there is but one singular point z), we may therefore integrate around 
a small circle of radius p, with centre at z). In the greater number 
of cases, the singularity at z) consists in the function becoming © 


Fig. § 


infinite to a certain definite order n; ie. a power series develop- 
ment at 2) contains terms (2 — 2), ... (2 — %)-". It may be shown 
at once that the value of the integral depends only upon the term 
(z — 29)-1, for if we put (cf. fig. 5) 


z— 2% = pe*, dz= ipe* dd, 
then 


$ (2 — 2%)"dz = Hi “jpntt ela+Bib de Ee eekt Gavel 
: 0 n+1 o 


On account of the periodicity of the complex exponential function, 
the integrals vanish for n += —1, but for n = —1, 


dz 2 4 pe!* dd : 
————> I eo 2774. ee e@ ¢ @ 4) 
$ Z— i) pe* ( 


If the path of integration encloses a singularity 2» of the function f, the 


: ; : a a kes’s 
* From a strict, mathematical viewpoint it is allowable to apply the Sto 
ee only after joining the two curves by a “cut”. In forming the line integral 
this cut will be traversed twice in opposite directions, hence contributes nothing to 
the integral. By inserting the cut we get a single, continuous, bounding curve that can 
be traversed in one operation. 
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value of the complete line integral is 2ai times the coefficient of the term 
(z — 2)7} of the power series development (in powers of 2 — Zo), which 
holds in the neighbourhood of zp. This coefficient is called the residue 
of the function at z). If several singularities are enclosed, it is readily 
shown that the value of the integral is equal to the sum of the separate 
residues multiplied by 2ai. If the point z= oo is enclosed, the sub- 
stitution z= 1/t, dz = —d¢/t? is made, which reduces the point at 
infinity to the zero-point. Again the essential coefficient is that of 
the term in 2~}, for this yields the term in 1/t upon making the above 
substitution. 


Ex. 29. Using the Cauchy Theorem, evaluate the integral 
I= Qa d 9 
o 1+ ecosg 


by expressing cos@ in terms of e## and introducing e'¢ = z as a new variab!s, 


CHAPTER IV 


THe FUNDAMENTAL PROBLEM OF THE CALCULUS OF 
VARIATIONS AND ITS SOLUTION 


1. Statement of the Problem of the Calculus of Variations. 


The question ‘‘ For what values of the independent variable has 
a given function y= f(x) a turning value?” is treated in elementary 
differential calculus. A necessary condition is the vanishing of the 
first derivative. Similarly, a necessary condition for an extreme value 
—i.e, a maximum or minimum, or turning value, or extremum—of a 
function of several variables is the vanishing of all partial derivatives 
of the first order of/ox, of/oy. . . . The following question is much 
more difficult to answer: ‘‘ Given a definite integral whose integrand 
is a function of 2, y and of the first derivative y’: 


I ={" F (a, y, y’) dz; 


for what function y(z) is the value of the integral a maximum or a 
minimum?” In contrast with the simple extreme-value problem of 
differential calculus, the function y(x) is not known here, but is to be 
determined in such way that the integral is an extremum. In geo- 
metry and in physics problems of this type meet us at every turn. 
The simplest example is furnished by the question: “ What is the 
shortest curve which can be drawn joining two given points?” Ina 
plane, the answer may be given immediately: “ The straight line.” 
But if the two points and their connecting curve are to lie on a given 
arbitrary surface, then the analytic equation of this curve—which is 
called a geodesic—is found only by solution of the above extreme- 
value problem, which is the fundamental problem of the Calculus of 


Variations. 


2. Derivation of the Euler-Lagrange Differential Equation. 


We shall now show how the extremal problem of the calculus of 
variations may be reduced to the determination of the extreme value 
of a known function. For this purpose we consider functions % of 2, 
which are “ neighbouring ” functions toy. The function @ is arrived 
at as follows: Let « be a small quantity, and let n(x) be an arbitrary 
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function of z, continuous, along with its first two derivatives, in the 
range of integration. Then we introduce into the integral, in place of 
y and y’, the neighbouring functions 7 = y+ en and 7’=y' + ey’. 

We stipulate, however, that these 
comparison functions § coincide with 
the function y(x) at the end points 
of the range of integration (fig. 1). 
We must therefore require of the 
arbitrary function 7 that it vanish at 
the ends of the interval; for if the 
various curves connecting two given 
points are compared, an obvious con- 
dition is that all curves to be com- 
pared shall pass through these two 
points, and that no curves which do Big. 

not pass through these points shall - 

be considered. If we substitute the neighbouring functions in the 
integral J, the integral becomes a function of «. We then require 
that y(x) make the integral an extremum, i.e. the function J(e) must 
have an extreme value for «= 0. 


I(e) =|" F(x, y+ en, y’ + en’) dx = extremum fore=0. ' (1) 


This gives us a simple method of determining the extreme value of a 
given integral. The condition is 


(=) = se 


We expand the integrand function F in a Taylor’s Series, according 
to powers of ¢, and obtain 


H=f"{Fe wy) + nz + or 55+ terms ine &...}de, 


If we differentiate with respect to « under the integral sign, as is allow- 
able, we obtain 


al 1( OF oF 
zi ey WM ean | da. - (4) 


This expression is to vanish for e=0. The terms in e€ do 
this of themselves. Thus there remains the condition for an 


extremum: 
: dr=0. . . 2. (5 
Lat ay) D 
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The second term oe. be transformed by integration by parts: 


Leal dat 


The first term vanishes since y is zero at the limits. Then 


dl 1 ee y,y') d@ OF (2, y _ 
O=— f—)= ee NL, 
‘é ie n oy dz Oy’ dz. (6) 


On account of the fact that 7 is perfectly arbitrary, the integral can 
vanish only if the bracketed expression in the integrand is zero. 
This gives the Euler-Lagrange Differential Equation: 


a oF(z,y, y)_ OF (ey, y') 
ea = 


which must be satisfied by y, if y is to make the integral an extremum. 
The essentially difficult investigation of the nature of the extremum 
(whether maximum or minimum) seldom arises in physics, and need 
not be treated here. On the other hand, the case where F is a function 
of several dependent variables y, and their derivatives is of great 
importance. In analogy with the above, we introduce as neighbouring 
functions 


$,= 9+ 4713 © 2+ Ge= Yet umes --- Ye = Yet enn 


where the 7, are again to vanish at the limits of the integral. The 
integral then becomes a function of the f variables «,...e,. The 
condition for an extremum is, of course, the vanishing of the partial 


derivatives 
OT (ey, €,---€%) aL 
<a = i ™\ ay, dedy,) 
when €, =e. - =e, = 0. 


It follows as before that the coefficient of each of the functions y 
within the integral sign must vanish, i.e. 
d oF oF 
—~_—— —- a = k=1,2,...f). 
ey f) 
The Euler-Lagrange equation therefore holds for each of the dependent 
variables. 


The difference ' 
He)— 10) = + 
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for ¢ small, is usually termed the variation of the integral, and is written 


4, 
8] F(a, y, y’)dz 
Xo 


We then write, instead of 
I "F(a, y, y’)dx = extremum, 
the equation expressing the vanishing of the variation: 
8["Feyy)dem [dF (mw v)dz = 0, 


for which the Euler-Lagrange equation must be satisfied, just as for (1) above. 

We call SF the variation of F. An important conclusion may be drawn 
from this formulation of the variation problem. Let F be the total derivative 
of a function G(x, y): 


F(x,y, 7) = £G(e, y). 


In this case the integral may be evaluated immediately: 


* dg 


ey 
Fdz= or dx = G(X, ¥3) — G(X, Yo): 


Xo Xo 


Since the varied function coincides with the original function at the limita, we 
have for every connexion between y and 2: 


ey 
8 Fdz = 8G4(%, y;) — 5G (2, yo) = 0. 


% 


me 


That is, any arbitrary functional relationship y(x) satisfies the condition that 
the variation of the integral shall vanish, and the extremal problem no longer 
has any meaning. 


Ez, 30. Prove the following: If, in the integral whose extreme value is sought, 
the integrand F does not contain x explicitly, then a first integral is 
,OF 
F—y’ — = const, 


by’ 


to 2 Ley 
fares; Pas in a 
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~, 
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CHAPTER V 


Toe MEcHANICS OF A SINGLE PARTICLE 


l. The Fundamental Concepts of Kinematics. 


We shall concern ourselves, in this first chapter on mechanics, with 
the motion of bodies whose extension in space may be neglected, and 
which may therefore be re- 
presented schematically by 
means of particles, or 
points endowed with mass 
(cf. § 2, p. 84). The posi- 
tion of a particle is indi- 
cated by a radius vector + 
drawn from a fixed poimt 
O. If necessary, we may 
resolve this vector into 
components. At the time 
t, let the particle P be at “ a 
a point in space specified pit 
by the vector 7. At the 
time t+ dt the vector is Fig. 1 
x -+ dr (fig. 1). The velocity 
is the vector v resulting from taking the limit of dv/dt for dt infinitely 
small, i.e. 


vidv 


Orbit 


Hodograph 


2 == 


ore ce) ~s deen) 

The direction of the velocity vector is thus given by the small vector 
dry having the direction of the tangent to the path. Now, in general, 
the vector v will itself be a function of the time. We obtain a vivid 
picture of the trend of the velocity if we draw the vectors v from a 
new centre O, as radius vectors. Then there is a definite terminus of 
a radius vector v corresponding to every instant of time. If all these 
points are joined, we obtain a new curve, called the hodograph of the 
motion. While the particle P traverses the actual orbit, the “* image 
point of the velocity”, as defined above, moves over the hodograph. 


* When not explicitly written out, each differentiation with respect to time will be 
indicated by a dot over the appropriate quantity. 
61 
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The acceleration is the limit of the change in wv per unit time, i.e. 


a ae 
a, Ue OA «és ee) 

Since wv is the radius vector of the point on the hodograph, the accelera- 
tion of the particle itself is equal to the velocity of its image point on 
the hodograph. ° 

The velocity v is said to be uniform only if the vector v is constant. 
This definition requires that the motion be rectilinear. Motion on a 
curve in which the magnitude of the velocity is constant—i.e. where 
equal arcs are traversed in equal times—can nevertheless not be said 
to have uniform velocity. 

We may resolve the acceleration in various ways: 


(a) Tangential and normal acceleration: 


where # is the unit tangent vevtor (p. 18) and v is the magnitude of wv. 
Differentiation i 


dtds @ 
a=Ctt oS — et WO, ie 


[cf. eqn. (32), p. 19]. Here signifies the unit normal vector pointing 
toward the concave side of the curve, and p is the radius of curvature. 
The tangential acceleration has the magnitude 


Aan = dt = ap" . -_ @ ee #8 @# (5) 


The normal acceleration, directed toward the inside of the path, is 


ye 
a, = rf oe (6) 0 Fee one (6) 


From (4) it is evident that the accclcration is always in the osculating 
plane. 


(6) In rectangular co-ordinates: 


r=ri+yj+zk, 
y*+=¢¢t+y7+ Zk, e e e 2 e@ e (7) 
¥ = gi+ G74 zk. 
That is, 
VW, @, y= 9, ial 
a, coe 178 re yj, Cis e e e e e (8) 
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(c) The resolution in plane polar co-ordinates r, ¢ is also of im- 
portance. For this purpose we introduce two mutually perpendicular 
unit vectors e, and e@,. These vectors have, respectively, the direc- 
tions of increasing r and increasing ¢, and unlike the vectors 2, 7, R, 


change their direction with time. Since the derivative of a unit vector 
is perpendicular to the vector, we have (cf. fig. 2) 


and we obtain, from r= re,, 
y*=fe,+ré,=fe,+ bres, 
and, by a second differentiation, 
y=fe,+re,t ore, + bie, +. bre, 
= (#— ree, + (r+ 2467) e. 
Thus 
a,=F—r¢? } 
ay = or + ade 


2. Newton’s Second Law of Motion. 


(a) The law of inertia 


The first of Newton’s laws states that every body tends to remain at 
rest or in uniform motion in a straight line, unless acted wpon by external 
influences. This law, commonly called the Law of Inertia, is by no 
means axiomatic, but represents an ingenious extrapolation of our 
physical experience; for we cannot free a body completely from 
external influences, since the gravitational effects of the earth and 
of the stars are always present, 


84 MECHANICS [Crap. 


(b) Force and acceleration 


If we wish to alter the state of motion of a body, e.g. a sphere 
resting on a horizontal plane, by the use of our muscles, then a cer- 
tain effort, increasing with the resulting change in velocity, is re- 
quired. This effort, which we call force, is a direct sensory impression, 
and hence not further definable. The direction of the acceleration is 
determined by the direction in which we allow our muscles to work, 
so that force, like acceleration, is a vector. But from common 
experience we know that different amounts of force are necessary to 
produce a given acceleration, depending upon the nature of the body 
acted upon, 6.g. a sphere of iron or of wood. Reciprocally, the effect 
of a given force depends upon the nature of the body to which it is 
applied. The direction of the acceleration, however, is the same for all 
bodies. We must therefore assign to each body a scalar property 
which we call the iertial mass m. The simplest equation embracing 
these factors is 


F=ma=m =m. eo e@ ee e (10) 


Since we have introduced no factor of proportionality, the unit 
of force is determined by using the fundamental C.G.S. units, 
i.e. length in cm., mass in gm., and time in sec. The force which 
imparts to 1 gm. of mass an acceleration of 1 cm./sec.? is called 
1 dyne. . 

Throughout Newtonian Mechanics, to which we limit ourselves for 
the present, it is tacitly assumed that the inertial mass m is a constant 
individual property of a body. A more cautious way of writing the 
fundamental law (10) leaves this question open: 


F= 5 (mv) =. ee 


The quantity 2 = mv introduced here is called the momentum. New- 
ton’s second law, stated in terms of momentum, is then: The force ts 
equal to the change in momentum per second.* 

All about us in nature we see changes taking place in the state of 
motion of bodies, without exertion of muscular effort on our part. 
We interpret the cause of these changes as “ forces’ which operate 
on the bodies in the same way as our muscles do. The investigation 
of these forces, which may be of a very diverse nature, is an important 
problem in physics. In mechanics, however, we take the force to be 


; * A more complete general statement reads: “ Rate of change of momentum is propor- 
ne to the force producing it, and this change takes place in the direction in which the 
ce acta.” 
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given, and confine ourselves to computing the effects. If several forces 
act on a body, each produces its own acceleration: 


F, = Ma; 


But since the resultant acceleration is the vector sum of the separate 
accelerations, and the inertial mass m is the same for all, 


ma= Mua, = LF, = F. 


We may therefore replace all the separate applied forces F, by their 
resultant F in order to calculate the acceleration. 

Like most physical laws, the Newtonian Law of Motion has the 
form of a differential equation. The variation in any interval of time 
is obtained from this equation by continuously repeated application 
of the law, starting with given initial conditions, i.e. by integration of 
the differential equation. The unique power of theoretical physics is to 
be found in the circumstance that the laws of nature can be formu- 
lated in terms of differential equations. The fact that we can deduce 
descriptions of such apparently diverse phenomena as free fall, pro- 
jectile motion and planetary motion from a single law depends on the 
circumstance that what happens in a short interval of time in any of 
these cases is deducible from the same relation. 

In most cases eqn. (10) (p. 84) must be expressed in terms of the 
co-ordinates appropriate to the problem. Thus we obtain, in general, 
a system of three differential equations. Since the solution of three 
differential equations of the second order contains six constants, & 
complete description of the phenomenon is obtained only if these six 
constants are known. These are uniquely determined by giving the 
initial position and initial velocity, each having three components. 

Ez. 31. A point moves subject to a periodic force F = Asinwt. Compute the 
motion for various initial velocities. 

Ex. 32. The force acting on every mass m at the earth’s surface is propor- 
tional to m and is directed toward the centre of the earth. Ina limited region 
we can take the force to be constant, and the earth’s surface to be plane. Inte- 
grate the equations of motion for this case, for various values of the initial velo- 
city, and draw the orbit and the hodograph of the motion. (Theory of projectiles 
in vacuo.) 


3. Time Integral and Path Integral of the Force. Work and Energy. 
(a) The time integral 


We can make two different statements for the effect of a force 
acting on a particle for a certain length of time, each of which leads 
to relationships having meaning. First, we can multiply the force 
by the time during which it acts; secondly, we can take the scalar 
product of the force by the vector displacement which it causes. 
If the force itself is variable, then instead of the finite time interval 
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we have the sum of the products of the instantaneous time values 
of the force by the time element, i.e. the integral [Fdt. A similar 
formulation holds for the second product. If we apply the fundamental 
law, the time integral becomes 


t t Qy dr dy 
= — = —_— j— — ——| — 1 
J Fae [mae m7) mF ua (1) 


The time integral of the force (also called the impulse * of the force) 4s 
equal to the change of momentum. 

The impulse law (11) is especially important for a large force which 
acts for a very short time At, so that the product FA¢ remains finite, 
and thus causes a finite change of momentum. Observation of the 
change of momentum gives the product FA¢ immediately, without 
requiring a knowledge of the way the force varies. Here F repre- 
sents a mean value of the force, viz. the time average. 


(6) The path integral of the force 


If a force F acts on a particle, the work done by F when the 
particle moves through a displacement t dv is defined to be the scalar 
product F dr. 

For a finite displacement along a curve C, the work is the sum of 
such contributions F dy, i.e. we have, for the work, the integral 


W= Fade. ot ee 


If we substitute for F the equal vector m(d*v/di?), and introduce the 
time as variable of integration by using dy = (dv/dt)dt, then we 
obtain 


_ft,dr, ps @r dr 


= [alan (GZ) |=amca—on. + (03) 


The entire amount of work done by the force is thus given by the 
difference between the initial and final values of the expression 4mv®, 
which we call the kinetic energy of the particle. Thus the total work 
done by the force is equal to the difference of the kinetic energy in the 
initial and final states. From the definition of work, and the funda- 
mental property of the scalar product, it follows that a force which 
is always perpendicular to the orbit of a particle can do no work, ice. 

* In view of equation (11), the term “impulse ” has come to be used not only for 


momentum but for the product mdr/dt, although the word originally referred onl 
the left side of the equation. a ginally relerred only to 


+ The path differential is called dy instead of ds here to indicate explicitly that the 
position of the particle is given by the radius vector ». 


dt 
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can cause no change in the kinetic energy. Such a force can change the 
direction of the velocity, but not its amount. 

Ex. 33. A coin lies on top of a card which in turn rests on a drinking-glass. 
Why does the coin remain on the card if the latter is slowly drawn away, while 
if the card is snapped away suddenly, the coin falls into the glass? (Remember 
the empirical fact that the friction between solid bodies is independent of the 
relative velocity.) 

Ex. 34. Decide whether or not the fatigue experienced in holding a weight 
with arm outstretched has any connexion with work done. 


4. Conservative Forces; Potential. 


Consider a particle P in a field of force, i.e. in a portion of space 
at every point of which there exists a force F, uniquely determined 
by the co-ordinates. Let the particle P be moved from P, to P, (fig. 8). 
We divide forces into two classes, ac- 
cording as the work done in the dis- C! 
placement does not or does depend FP; 
upon the path taken. This difference C 
may be characterized somewhat dif- 
ferently if we consider also a return & 
path P,P). With the first kind of Fig. 3 
force, the integral along P,P, has the 
opposite value, since the curve is traversed in the opposite sense. 
If, then, we traverse the closed curve P,P,Po, the integral vanishes 
‘ft the force is of the first kind. Forces of this type—to which, 
for example, the force of gravity belongs—are called conservative 
forces. If a body is projected vertically upward in a vacuum, 
with a given initial velocity, it will return to the starting-point with 
the same speed; the kinetic energy has not changed, and no work 
has been done on the complete path. The situation is quite different 
if the resistance of air or of any fluid operates. In this case the body 
returns to its point of projection with greatly reduced speed, and the 


integral $ Fdy cannot vanish, according to equation (13), p. 86. 


Forces belonging to this second class are termed non-conservative. The 
names originate from the fact that, in the first case, the total me- 
chanical energy is conserved—there is merely an interchange between 
kinetic and potential energy (cf. below)—while in the second instance, 
a transformation to other energy forms (principally heat) takes 
lace. 
When forces are conservative, their discussion can be simplified 
by introducing the “ potential”. If the work done on a particle by 
the field of force during a displacement is independent of the path, 
then we can assign to every point of space the value of the work done 
in a displacement from a “ standard position” 7, to the point 7. 
Thus, besides the vector field of the force (determined by three num- 
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bers), we have a much simpler scalar field. For practical reasons we 
take the negative of the work done by the field of force and call it the 
Potential U. The change in U corresponding to a small displacement 
dy is dy gradU. The work done is then 


dW = Fdr = —dU = —(gradU)dr, . . . (14) 
i.e. F=—grdU. ...... (14) 


Every conservative force may be represented as the negative of the gradient 
of a scalar point function, the potential. For a finite displacement we 
have, by equation (13), 


W = ['Fdr= ym(v2— 02) =— [ (grad 0)dr = U,— Uy. (15) 


Denoting the kinetic energy 4mv® by T, we have 
T,+ U,=17,+U,=const. . . . . (16) 


This is the Principle of the Conservation of Energy for mechanics. 
U, which has the dimensions of energy, is called the Potential Energy. 
Equation (16) thus means: The sum of the kinetic and potential energies 
1s constant for conservative forces. 

This energy principle represents a first integral of Newton’s Second 
Law, since in (16) only v (i.e. ds/dt, the first derivative) appears. But 
since the Second Law, being a vector equation, is equivalent to three 
scalar differential equations, we need two additional first order equa- 
tions in order to complete the first step in the integration of the 
equations of motion. 

With a given field of force it is, as a rule, not difficult to write down 
the potential at once. F may then be found by taking the gradient. 
Mathematically, this means the integration of the system 

—_— oU oU oU 
= oe = 


oe 


to which one must have recourse in case of doubt. 


Ex. 35. A particle is bound to a fixed centre by an elastic force, i.e. one 


proportional to the distance from the centre. What is the potential correspond- 
ing to this force? 


5. Central Forces; the Law of Areas. 


A central force is one whose representative vector always points 
toward a fixed point O. The magnitude of the force may be an arbi- 
trary point function. Naturally. we choose the point O as origin, so 
that F = f(z, y, zr. 
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_ In the case of central forces, an important theorem may be derived 
immediately. This law furnishes two additional first integrals of the 
fundamental equations. We form the vector product of » with each 
side of the equation representing Newton’s Second Law. Since F is 
in the direction of », and since the vector product of two parallel 
vectors is zero, we have 


ay d2y 
0 —— — —_ | => 
mlr a4 or [r | 0. 


The integral may be given at once: 


for differentiation gives 


dr dr ay dr 
la + ("a= [ae] =" 

The vector product [vy dv/dt] has a simple geometric significance. 
The magnitude of [7 dv] is equal to twice the area swept out by the 
radius vector in the time dt (fig. 4). If we divide the area for dt by 
dt we obtain the area swept 
over by the radius vector in dr 
unit time—the so-called areal 
velocity c. Equation (17) E 
thus states that the areal 
velocity is constant for motion 
under a central force. This 
is Kepler's Second Law of 
Planetary Motion. But equa- . 
tion (17) says more. If the en) 
product [7(dv/dt)] is equal to Fig. 4 
a constant vector, the normal 
to the plane determined by 7 and dy has a fixed direction, i.e. the orbit 
is plane. For this reason equation (17) represents only two scalar 
equations which, however, together with the energy equation, are 
the complete first integral of the equations of motion. 

The vector m rz | is usually called the moment of momentum or 
angular momentum P, about 0. 


Ex. 36. Verify the following generalization of the Law of Areas: if the force 
acting on a particle always passes through a certain fixed axis, the Law of Areas 
holds for the projection of the orbit on a plane perpendicular to the axis. 

Ex. 37. From the equation of the orbit r = f(¢) and the areal velocity c de- 
duce the Law of Force. Use equation (9). Application of this line of thought to the 
empirically known Kepler ellipses led Newton to the discovery of the Law of 


Gravitation. 
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6. Gravitational Forces; Planetary Motion. 


Starting with Kepler’s Laws, at that time known as empirical 
facts, Newton derived his general law of attraction, specifying the 
forces which determine the motions of the heavenly bodies. The 
Newtonian Law of Universal Gravitation states that there is a force 
of attraction between any two masses m, and m, which is directly 
proportional to the product of the masses and inversely proportional 
to the square of their distance apart. That is 


™. 
ee a 


Up to this point we have encountered the mass of a body only in 
connexion with inertia; here it appears in an entirely different form— 
as gravitational mass (weight). It does not follow that inertial and 
gravitational mass are identical; i.e. more accurately stated, that the 
ratio of inertial to gravitational mass is a constant (contained in +) 
for all bodies. If we assume the two kinds of mass to be the same * 
the constant y has the value 6-66 x 10-* C.G.S. units. 

If we neglect small perturbations, the gravitational field of the 
sun alone determines the orbits of bodies in the solar system. On 
account of its predominantly large mass M, we can consider the sun 
fixed at the origin of a co-ordinate system. Strictly speaking, we 
should investigate the motion about the common centre of gravity, 
which is at rest (cf. Chap. VI). The force acting upon the body of 
mass m is 


F = Sy = wr. e e« e 8s e e (19) 
The corresponding potential is 
Mm 


C= me “7? e e es e# @ @ (20) 


as may be verified by forming the gradient. 

Since the force is central, the orbit is plane. We can deécribe it 
most simply in plane polar co-ordinates with the sun at the centre. 
The first integrals of the equation of motion, the Energy Principle 
and the Law of Areas, may be written down at once: 


mM 
$m? — y = = 4m? — y a (Conservation of Energy), 
) 


ea 


* The equality of gravitational and inertial mass is a fundamental postulate of 
the Generalized Theory of Relativity. All experimental attempts to detect individual 
differences with various substances have been unsuccessful. 


= 16 = 2¢ (Law of Areas). 
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If we wish to describe the course of events in time, we must determine 
rand ¢ as functions of ¢, by integrating again. Instead of doing this, 
however, we limit ourselves to the derivation of the equation of the 
orbit described by the body. For this purpose we eliminate the time 
from the two equations. Using 


: ; d ;d ; 2 
= 2 42 eee. fe 
v= P+ 2g (cf. p. 83), 5 mag? a 
this is readily accomplished. From the energy equation, 
4c? (3) 42 2yM __ Lal 2yM 


r \dd r P To 
The variables r and ¢ are immediately separable and we have 
2c ge 
P| ( . it) QyM 4c? 
%> r r 


If we introduce a new variable w= 1/r, we obtain 
2cdu 


OR Ee O—eRE_===——waeaEEEE 
(ee — 1) + 2yMu — 4c7ut 
fr) 
This integral is of the familiar arc-cosine form 
a eee (Sere ' 
Va+ 2bz—ha® WVh Vb? + ah 


If we introduce the abbreviation 


—— 


22 
a= a/ut— 2 +2 M* 


4c? 


and take the cosine of each member, we obtain 


4c? 
a a ee (21) 
f 
1 + 255 con($ + 0) 1+ « cos(¢+ C) 


We may measure ¢ from the maximum r, so that C=. This gives 
the familiar polar equation of a conic with origin at one focus. This is 
Kepler’s First Law, which states that the orbits of bodies in the solar 
system are conics, with the sun occupying one focus. 

The orbit is an ellipse, parabola or hyperbola, according as the 
numerical value of the eccentricity ¢« is less than, equal to, or 
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greater than unity. Putting in the values of « and a, we have an 


ellipse if 

Sa - — ats a <1 
or pat or Jagd < 
a parabola if 4 mv? = oe 
and a hyperbola if 4M" >. 


That is, the orbit ts an ellipse, parabola or hyperbola according as, 
initially, the kinetic energy is less than, equal to, or greater than the poten- 
tal energy with sign changed. Thus, for an elliptic orbit, the total energy 
is negative. i. 
The following additional relations may be derived for the case of 
an ellipse. The parameter of the ellipse 
- a ' 
j= be Arey f == semi-major = 
a b = semi-minor axis 
is equal to 4c?/M, by equation (21). Hence 
4c* 
yMa 
If we denote the period by 7, the area of the ellipse is 
27 ac 
— — 2 — 2@= —=—. 
cel = nrab= ra®vV1—e VyMa 
47? a8 
Thus T?— yi 2 ° e © 8© e@ « (22) 
This is Kepler’s Third Law: The squares of the periods of the ‘planets 
are proportional to the cubes of their orbital major axes. 


If instead of using the parameter p to compute 1 — 2 we use the 
value of the eccentricity itself from (21), we have, on setting the two 


equal; 
Met. ate 2 2M , ym? 
yMa* saan (* [a ia) 


1—2= 


or 
YANO pe Ae 


% 2a ° i) 


This means that the total energy in an elliptical orbit is a function only 
of the size of the major axis, and all ellipses having the same major axis 
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(including the circle) have the same energy. This proposition simplifies 
many computations in the older atomic mechanics. The total energy 
has a negative sign because of the dominating magnitude of the poten- 
tial energy, which was so specified upon introduction of the potential 
that it vanishes at infinity but is negative at finite distances. 

7. Quasi-elastic Forces and Harmonic Vibrations. 


If a body is bound to a fixed point by means of a spring or a rubber 
band, any small displacement from the position of rest calls forth a 
restoring force proportional to the displacement and directed toward 
the position of rest, which we take as origin. That is, 


F = —kyr. 


We shall call all central forces of this form quasi-elastic forces, even 
though, as may well happen, the force is not of an elastic nature (cf. 
Ex. 38, p. 94). The differential equation becomes 


mor + kr = 0. See Os 


We might now, as before, use the Principle of Energy and the Law of 
Areas to get first integrals, but direct integration, twice repeated, is 
just as simple here. If we try the solution 


r=ae', += Mae, 
we obtain for A the “ characteristic equation ” 
mv + k=0, 


raise paid a= —in/. 
m m 


The general solution, containing two constant vectors, is 


whose roots are 


e e ° e (25) 
Using real functions (cf. p. 47), this is 


k se He , 
= pi = cs « (0 
y= Acony| t+ Being) (25’) 


The meaning of the vectors A and B is readily ascertained. For 
t= 0, 
%o = A, 
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dr s k 
(%),=%=8 m’ 
k m. 1h 
i.e. ¥ = 7, COs Ey + oya/Moinal et oe OO) 


The vector » is thus the resultant of two vectors which have the 
directions of the initial radius vector and initial velocity, respectively, 
and whose magnitudes are simple periodic functions of the time. To 
obtain the orbit, we introduce the unit vectors e, and e,. In this 
oblique co-ordinate system, the co-ordinates of P are 


f= rec0sq) #6 n=)" cin g/t 
m k m 
2 


Elimination of ¢ gives 1; 


= — 
ret ogtmik — 
This is the equation of an ellipse in oblique co-ordinates, the co-ordinate 
axes being in the directions of two conjugate diameters. The general 
orbit of a particle moving under the influence of a quasi-elastic force 1s 
the ellupse having the initial position vector and the initial velocity vector 
as conjugate radii, and having tts centre at the centre of force. Af 
V, has the direction of %p, the vibration is linear. According to equation 
(25), the frequency of a harmonic vibration is given by 1/27 times 
the square root of the quotient of the elastic constant by the mass: 
eat ee. 


Ez, 38, A particle constrained to move on a straight line is subjected to an 
electrostatic force of attraction F,= — a/x* and a repulsive force F, = + 
B/z'*. Calculate the frequency of the vibration resulting from a small displace- 
ment from the position of equilibrium 2). 


. 


8. Harmonic Vibrations with Frictional Resistance. 


In addition to the quasi-elastic force, let the particle be subjected 
to a frictional force, as is actually the case with vibratory motion in 
practice. Let us assume that this resisting force is proportional to 
the speed of the particle. A resistance of this kind exists when the 
particle moves at low speeds in the air or in any other fluid. Friction 
between solid bodies is, on the contrary, independent of the speed, 
within wide limits. Whatever the law of dependence of the resisting 
force on the velocity may be, this force is always opposite in direc- 
pie to the velocity of the particle. The total force acting on P is there- 
ore 
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We limit ourselves, in what follows, to rectilinear motion, and call 
the co-ordinate z. Then the equation of motion is 


dz, dx 
mas + Ba + ke= 0. °* e@ @ e (27) 
To integrate, we again try 
ae", 


which leads to the “ characteristic equation ” 


mi + B+ k=0. 


Its roots are 


a a ae 
f+ JE -# wa .--£ dt an 


Two cases must be distinguished here: 
(a) B? > 4km. In this case only real quantities appear, and the 
general solution for f? > 4km is 


-6,( VBR _E, oAjees 
g=e 2m tas 4m* m "4 be Fe =) (28) 
In this aperiodic case, corresponding to large damping, the ae 
gradually returns to its equilibrium position, which it reaches at t = 


Even the limiting case 8? = 4km results in an aperiodic solution. Superficially, 
it would seem that a double root of the characteristic equation would yield only one 
constant of integration. However, it is seen that here bie is also a solution, so 
that the general solution is 


B -V£ 
ae 2m‘ (a+b) =e Wakes +b). 2. 2 © (29) 
(6) B2<4km. There are now imaginary exponents: 
8 VA Vk 
=e im (oe dm! 4 be Vi in), 


Applying the Euler formula, and introducing new constants of in- 
tegration, we obtain the real form 


gee 2m m(4c00 4/2 — For+ Bons £50), 
or a= Ce. én! cos ( [2 — Ft 7). eee oO) 
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We again have a harmonic 
vibration whose amplitude, 
however, decreases exponen- 
tially (cf. fig.5). This damped 
vibration has the following 
important properties: The 
frequency 


er ge 


In VNm 4m 


} 


is less than 


n= 
( oe On m 


that of the undamped vibration. The ratio of two successive maximum 
deflections in the same direction is 
sT 
p=em. es 


The natural logarithm of this ratio is called the logarithmic decrement 8. 
If the damping is small, we make no serious error by putting the period 
of the undamped motion in place of the peried 7. Thus is obtained the 
simple expression 


SE a ee 
2m Vv mk * 

Note: In mechanics, especially in treating the problem of the pendulum, the 

period is often taken to be half the quantity here designated by 7. It is thus 

taken as the time between an extreme deflection on one side and the next one 


on the opposite side. Correspondingly, the logarithmic decrement is often referred 
to the half-period. 


9. Forced Vibrations; Resonance. 


In addition to the forces previously taken to operate during a 
harmonic vibration, let us assume that a periodic external force is 
present. This force may have the form 


F,= F, coswt. 


With these three forces—quasi-elastic, frictional, and applied—the 
equation of motion becomes 


d*x dx 
maa + Ba + ke = Fy cosut, eo © « (82) 


Introducing the characteristic angular frequency of the free, undamped 
vibration, w,? = k/m, we have 


a dx 
gat bt wots = 22 cosut - + + (82’) 
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To integrate this equation we use a theorem from the theory of linear 
differential equations, which states: If g(t) is a particular integral of 
this non-homogeneous equation, and if f(t, A, B) is the general integral 
of the corresponding homogeneous equation, 

dz , B dx 

d= m d 
then the sum g(t)+ f(é, 4, B) is the general integral of the non- 
homogeneous equation. On account of the linearity of the differential 
equation (32')—i.e. the absence of products of the dependent variable 
and its derivatives—the sum g(t)+ f(t, A, B) satisfies the equation, 
as may be seen by substitution. Since this solution contains two con- 
stants of integration, it is also the general solution. The integral 
of the homogeneous equation is known from the preceding paragraph, 
and so we need only find a particular integral of the non-homogeneous 
equation. Since the force F, is a periodic function of angular fre- 
quency w, the trial of a periodic function of this kind is suggested. 
But since the first as well as the second derivative of x appears, it is 
evident that a sine or a cosine function alone cannot satisfy the equa- 
tion. We thus try 


oo Wy" = 0, 


L=P) coswt + gq sinwt = +/p? + ¢? cos(wt — ¢) 


where the coefficients p and q are still undetermined. If we substitute, 
in equation (32’), the condition that the coefficients of coswt and of 
sinwt must vanish leads to the following equations for p and q: 


Bw _ Hy 
mm 


p(w? — w) + 9 
Bw 


Stee at 2__ w?) = 0, 
ube tr = aD 


From these we find 
mF y(wo” — «*) _ Bw Po 
P= aga + Fo? 1 Wad — ol Por 
=a Fy Pag Bo 
VEE Tier aaP yp Bae tp mle —at) 
The general solution for small damping [Case (6), p. 95] is 


lr, ba 
a= Ce 2m ooo |= dt 7) 
ae a a ey SP owes (34) 


f/m? (ew? = w?)? ze pw? 


(33) 
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The first part represents a damped vibration having the period of 
the characteristic free vibration of the damped system, i.e. it cor- 
responds to a transient phenomenon determined by the initial con- 
ditions, which determine C and y. This part dies out after some time. 
The second part represents a permanent vibration of the same period 
as the exciting force. This is the steady state. For stronger damping 
[Case (a)] the first part becomes aperiodic, while the form of the second 
part remains unchanged. 

We could have found the particular integral which describes the 
steady state much more simply by using the vector diagram (p. 52) 
which always leads to a result rapidly in problems involving the de- 
termination of the permanent modes, or stationary states, in vibration 
processes. If we write for the exciting force, f= Fe, and take 
the solution to be of the form 

t= agitut—9), 


then, by equation (32’) (p. 96) we must have 
a(—u# + B 4w + cnt oer — aoe, 


m 

or a(a?— w+ 4 = ant GP ww. OD 
m m 

the addition of the complex numbers, 


or vectors, on the left (fig. 6) gives a 
sum of modulus 


—.. . Sepa 

a af w/t — 
from the vector diagram (fig. 6). 
This has to be equal to Fy/m, i.e. Fig. 6 
— = aa 
a/ moe? — wo)? + Bw® 


The two complex members (vectors) of equation (33’) must agree in 
direction as well as in magnitude, i.e. 


a o. ated noe eee 


— B w “ 

te © @« © e@ @ (33 ) 
Thus the difference in phase between the exciting force and the forced 
vibration, as well as the amplitude of the latter, both depend upon 
w,2 — w*. The phase difference approaches zero for the case of very 
slow vibrations, and increases to 7/2 for w = wa» (resonance; see be- 
low), becoming 7 for infinitely rapid oscillations. When w is given, the 
amplitude is greatest when w9=w; i.e. when the frequency of the 
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1 exciting force coincides with 
the natural frequency of the 
undamped system, not with 
the natural frequency of the 
actual system. In this case we 
speak of resonance* In the 
absence of all damping the 
amplitude becomes infinite at 
resonance. To show how the 
amplitude depends on the fre- 
quency of the exciting force, 
ie. to draw the so-called 
resonance curve, it is con- 
—— L-W-W, venient to choose the square 
of the amplitude as ordinate. 
If we use the value for 
a? from equation (33’’), it follows that 


Fig. 7 


a — Fe neee PBs. 
a a 2 ,,.2\2 : 
mang? — wi + Bro alot — a) pe 
w 


Introducing the “‘ discord” w— wy as independent variable 2 and 
putting, as an approximation, 


wy tw=2w, w%—wi= —2we 


in the neighbourhood of the resonance point, we obtain this simple 
equation for the resonance curve (fig. 7): 


a? p 
=~ = oT ee ee 
a, dmc? + B ) 
a 
For a... = 3 = dm? ze + B xv becomes am’ 
8 8 ‘ 
or WO — W = te ay al 5 (cf. equation (31)), 


or lem ieee Pe ey em 188) 


We therefore have the theorem: Half the interval between the two fre- 
wencies for which the square of the amplitude has half tts maximum 
value, these frequencies being measured in terms of the free undamped 


* Strictly, this is the velocity resonance (of. Ha. 39). 
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frequency as unit, is approximately equal to the logarithmic decrement 
divided by 2a. That is, the weaker the damping of the system, the 
sharper the resonance. If we introduce the same simplification into 
(33’”), we see that the phase differences at the positions of half-value 
are 7/4 and 37/4 respectively. 


Ex. 39. If the cquation of the resonance curve is calculated without resorting 
to the approximations made in the text, it is found that the maximum of the 
square of the amplitude does not occur at the natural frequency of the damped 
motion, nor at that of the undamped vibration. It is true, however, that the 
particle has its maximum energy (defined as the kinetic energy while passing 
through the zero-point) at @ = @ . The maximum of the time average of the 
energy comes at yet another place. Compute the positions of the maxima of the 
specified quantities. 


10. Non-harmonic Vibrations; Sudden Changes of Amplitude. 


Rigorously quasi-elastic forces, which are exactly proportional to 
the amplitude, even when it is very large, do not occur in nature. 
The actual binding forces are to be represented by power series in 
powers of the displacement. In most cases, a single additional term, 
along with the first power, is sufficient. Now there are two essentially 
different kinds of possible laws of force. If the force is symmetric, i.e. of 
equal magnitude at corresponding points on both sides of the position of 
equilibrium, or rest-point, then only odd powers may occur in the law of 
force; otherwise we have an unsymmetric law of force, and hence an 
unsymmetric vibration. We restrict ourselves here to the more com- 
mon case of symmetric vibration, and add a term +ez* to the quasi- 
elastic force —ka. We further assume that « is positive, which means 
that the binding becomes looser with increasing amplitude. The 
equation of motion for free vibrations of this system may be integrated 
readily; however, the result is expressible only by means of elliptic 
functions. The important fact is that the natural frequency decreases 
with increasing amplitude. This becomes evident qualitatively if we 
consider the actual restoring force replaced by a mean quasi-elastic 
force. On account of the form of the law of force, the restoring force 
will certainly become smaller with increasing amplitude x, and so, 
by equation (26) (p. 94), the natural frequency will also become less. 
The behaviour of such a system under the influence of a periodic 
external force is very peculiar. Here, even with no damping, the ampli- 
tude cannot increase without limit, for if resonance exists for infinitely 
small amplitudes, an increase in amplitude must cause a departure 
from the natural frequency, so that resonance no longer exists for larger 
amplitudes. The amplitude in the stationary state may be calculated 
by the following approximate method. The differential equation is 
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d*z F 
m 7a + ke — ew = Fycoswt. . « « (36) 


The stationary solution is, at any rate, a periodic function of the time 
having a fundamental frequency w/27, and is thus representable by a 
Fourier series in multiples of w. As a first approximation, we begin 
with the fundamental frequency and set 


T, = a cosw. 


The amplitude a is still to be determined. If we substitute this 


expression for x in equation (36), and make use of the trigonometrical 
formula 
cos*wt = 4 cos3wt + } coswt, 


we obtain the equation 


(— maw? + ka — Za) coswt — ; a® cos3wt = Fy coswt. 


If the fundamental vibration is to satisfy equation (36), we must have 
F 
a a? + (wt—w%)a-+—9=0. . « « (87) 


where we have put w, for V/k/m, the natural frequency at infinitesimal 
amplitude. The determination of the roots of this equation will be 
discussed below. At this point we wish to show how the next approxi- 
mations are obtained. If equation (36) is solved for d*«/dé*, and if 
the first approximation is substituted in the right member, there 
results 


8 
die = Fo coswt — fe coswt + — coswt +- 


dm 
By (37), this is equal to 


‘ ea? 
—w'a coswt + re cos 3wt. 


3 
in cos dwt. 


Integration gives 


a® 
Lp = a coswt — € S6mat cos 3et 
= a coswt — sa cos3wt. . « » « (38) 
36kw? 


This second approximation may then be substituted in equation (36). 
In this manner, any number of terms of the Fourier series may be 
calculated. The convergence of this process requires a separate 
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investigation. It may be said here, however, that the series converges 
for « small. : 
It remains to discuss the solution of the cubic equation for a. We 


Fig. 8 


obtain (fig. 8) a graphically in a y, a co-ordinate system as abscissa of 
the intersection of the cubical parabola 


3ea8 
~~ Amery? 
with a straight line 


If we start with w large, the slope of the straight line is negative, and 
there is only one point of intersection Py. There is also but one inter- 
section for w= wp). If, now, w 
decreases, the straight line assumes 
a direction such that there are 
three points of intersection P,, 
P,, Ps, corresponding to three 
possible amplitudes. The reso- 
nance curve has the distorted form 
shown in fig. 9. A more thorough 
analysis shows that if we approach Fig. 9 

from the low-frequency side, the 

araplitude corresponding to the lower branch is the stable one. As w 
increases We arrive at the limiting point G; from this point onward, only 
the upper branch yields a real point of intersection in fig.9. Thus, with 
continuous increase of w, the amplitude will jump suddenly from the 
lower branch to the upper, at or before G. Such discontinuities (jumps) 
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in amplitude, attributable to the non-harmonic nature of the restoring 
force, are frequently observed in vibration processes, both mechanical 
and electrical. 


Ex. 40. Treat in similar manner the unsymmetric non-harmonio vibration 
having 1’ = —kzx + ex? as the law of force, and determine the mean value of 
the displacement. 


11. Mechanics of a Constrained Particle. The Simple Pendulum. 


The motion of a particle is often limited by geometric conditions. 
If, for example, we consider a small mass hanging by a thread of length 
1, its motion is restrained to the extent that it cannot move beyond 
the surface of a sphere of radius 1. The whole interior of the sphere, 
however, is accessible in this case. The geometric condition would be 
represented by the inequality |x| < 1. But the commonest case is 
one in which the motion is confined to a surface or to a curve (i.e. the 
intersection of two surfaces). The condition is thus given by one or 
by two equations. In the last analysis, however, the physical attain- 
ment of these geometric conditions is realized by means of “‘ forces ”. 
In the given example, these forces are the molecular forces between 
the particles of the thread and those at the junction of thread and 
weight. However, we need not concern ourselves with the atomic 
interpretation of these constraining forces. It is sufficient to replace 
the geometric condition by an equivalent constraining force in order 
to reduce the mechanics of a constrained particle to the case of the 
free particle. 

An essential characteristic of all constraining forces is that they 
are perpendicular to the surface to which the motion is confined by 
these forces. If this were not the case, the constraints alone (i.e. the 
mere existence of a surface upon which the particle rests) could set it 
in motion without the action of externally impressed forces. This 
is contrary to everyday experience. For example, this would mean 
that a sphere resting on a smooth horizontal plane could set; itself in 
motion. It is true that a tangential force may exist if the surface is 
rough, i.e. if there is friction between the particle and the surface; 
but this frictional force is inherently not a constraining force. If the 
magnitude of the constraining force is Z, and if # is the unit normal 
vector to the surface, the equations of motion become 

Or 94-7 39) 
m we =F + {Pr i re ( 
If the equation of the surface is G(x, y, z) = 0, then the gradient of 
the function G also has the direction of the normal. We may therefore 
write the constraining force as 


Z= A gradG, em. 
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where A is a scalar quantity, as yet, undetermined, and depending 
upon the co-ordinates. Thus the equation of motion is 


dy 
me — F + A grad G, ee @ @ (41) 
or, in components, 
E 0G. La aG ; 
méi= F,+ A=, mii Fact Naam mi= F,+ Aq. (41’) 


The quantity A has entered as a new unknown. But since the equation 
of the surface G = 0 must also be satisfied, there are as many equations 
as there are unknowns. The same is true for the case of a particle con- 
strained to move on a curve which is the intersection of two surfaces 
G,=0 and G,=0. The system of equations then consists of the 
equation of motion 


m¥ = F+ i, gradG, + A, gradG@,, . . (41) 


containing the two unknown quantities A, and ,, along with the 
equations of the two surfaces. 

Since the motion is confined to the surface at all times, every 
element of path dy is perpendicular to the constraining force. For 
this reason no work is done by the constraints, and they do not con- 
tribute to the energy balance. In particular, if we are dealing with 
conservative forces, the equation of energy has the form derived for 
the case of the free particle: . 


imt+U=0. ...... (42) 


If a given problem involves but two co-ordinates—the case of motion 
in a plane—which are further connected by the equation of a curve to 
which the motion of the particle is confined, then the energy principle 
itself is sufficient for the integration; for one co-ordinate may be 
expressed in terms of the other by using the equation of the curve and 
the resulting derivatives, giving a differential equation in a single 
variable. " 

An instance of this kind is furnished by the simple, or plane mathe- 
matical pendulum. We understand this to mean a particle m fastened 
to one end of a weightless thread of length 1. The thread restricts the 
motion of the particle to the inside of a sphere. We confine the dis- 
cussion to plane motion, which may be realized, for example, by 
drawing the pendulum aside a given distance and then releasing it 
from rest. The plane of the motion is then determined by the initial 
position and equilibrium position (vertical) of the thread. The path 
still remains plane if the particle is given an initial velocity along the 
tangent to the circle cut from the sphere by the above plane. 

On the other hand, the orbit is a space curve if the particle receives 
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an impulse the line of which does not lie in the plane. The conser- 
vation of energy alone is not sufficient for the solution of the motion 
of a space pendulum; an additional first integral of the equations of 
motion is needed. In this instance, the generalized Law of Areas 
(cf. Ex. 36, p. 89) will serve. This case will not be treated further here. 

Returning to the discussion of the plane pendulum, the conser- 
vation of energy may be stated—using polar co-ordinates, in which 
the constraint is expressed simply by r= l, 


5 Pg? + mgl (1 — cosd) = C, 2 « 6 © (43) 


the potential of gravity being given by mgz. As long as we rule out the 
case where the pendulum turns completely over, there are always two 


points at which the motion reverses, and where ¢ becomes zero. If 
we call the maximum amplitude, corresponding to such a reversal 


point, the angle a, then, since ¢ = 0, (48) gives for this point 
mgl(1 — cosa) = C, 
and the energy equation becomes 


$+ 8(cosa — cos) = 0. Sey tad) 


The integration is not difficult for small amplitudes. If we develop 
the cosines in series, and drop all terms beyond the squares, we obtain 


from which _ 
2 a ee) 
Integration gives 
cin (£) = fey k or $= asin( #242), . (46) 
The constant of integration k may be made zero by specifying that 


t= 0 when ¢ = 0, ie. when the particle passes through the position 
of rest. We thus have a simple harmonic vibration of frequency 


_1f 
y= 2/0 Seek) 


The period is thus 
T= Qa x2 ._ © @¢ © @ @ (47’) 
9 
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The actual equation of motion may be obtained by differentiating 
equation (43) with respect to ¢; this equation might also have been 
derived directly. It is 


gt+fsng=0. ..... + (48) 


The first approximation putting sin¢ = ¢ gives the differential equa- 
tion of simple harmonic motion. If the sine is developed to one addi- 
tional term, we obtain an equation exactly like that of non-harmonic 
vibration, which was treated at length in § 10 (p. 100),* 


eee ee 


The pendulum, then, represents, for moderate amplitudes, a simple case 
of non-harmonic vibration. The rigorous integration for arbitrarily 
large amplitudes leads to elliptic functions. Thus, if we start with 
the energy equation (44) (p. 105) and replace cos¢ by 1—2 sin?(p/2) 
and cosa by 1— 2 sin?(a/2), we obtain, after separation of the 


variables, 
oe = 24] g dt. e e @ e@ (50) 
n| sin?  — sin? e 
2 2 
This is the exact equation corresponding to (45) (p. 105). 


; The integral is elliptic, and cannot be expressed in terms of elementary func- 
tions; it is, however, readily brought into the normal form of an elliptic integral 
of the first kind. If we put 


sin SS sin 5 sin u, ee @ e@ 8 @ @ (51) 


we obtain 


* 


Integrating between ¢ = 0 and t= t, with the initial condition that for t= 0, 
@ = 0 and therefore u = 0, 


d 
{=> ~F(5 u) = A/%e. eee (52) 
oe 2 l 
0 afl — sin? Ssint 


This integral is evaluated in many tables, where it is given in terms of u and 
«/2. See, for example, E. Jahnke and F. Emde, Tables of Functions (New York, 
Dover Publications, 1943). The graphs on p. 61 of this book show vividly the 
departures from the limiting case of « = 0. 


: *There we also took into account the presence of a periodic external driving 
‘orce. 
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The inverse of this integral is the Jacobian Function 


or u=am( 21, sin®), 
2 
Pe) ee a 
and an, Sans) (/% sins : eo © « « « (53) 


The function sn (sine amplitude) is given in tables, with the help of which the 
course of the solution of (53) may be traced. 

We inquire, finally, the magnitude of the restraining force which holds the 
particle in its circular path. According to Newton’s Third Law concerning the 
equality of action and reaction, this force is equal to that with which the particle 
pulls on the cord. Since it is normal to the given surface, it must be radial. In 
the neighbourhood of the equilibrium point, the constraining force is certainly 
directed towards the centre. 

The magnitude is readily found by writing the equation of motion obtained 
by resolving along the normal. Taking, as usual, the direction toward the centre 
of curvature as the positive direction of normal acceleration, we have 

“a 1252 
eis Ge = —mg cos + Z. 


Putting for q? its value from the energy equation (44) (p. 105), we obtain 
Z= mg(3 cosp — 2eosa). «.« « « « « « (54) 


The constraining force Z changes its sign when 


3 cos 9, = 2 cosa. 


This equation has a root which is compatible with the condition that 9 <a 
only when « > 7/2. This means that as long as « does not exceed 7/2, the thread 
remains taut. Arbitrarily large amplitudes are, however, not possible with a 
pendulum consisting of a particle suspended by a thread, for there is a point 
(viz. where 9 = 9,,) where the pendulum collapses. If we take, for example, 
an amplitude a = x (this means that the particle just reaches the top of its 
circle) we have 
CO8Q,, = —# Pm = 131° 49’. 


The reason for this peculiarity is that a thread does not secure the geometrio 
condition r= J completely; it excludes points for which r > 1, but not points 
for which r <J. <A satisfactory mechanism is provided by replacing the thread 
by a rigid, weightless rod. 


Ex. 41. For what curve is the period of plane pendulum motion independent 
of the amplitude? [Introduce the length of arc as a function of z =1(1 — cos 9)). 

Ex. 42. A motor-cyclist is able to take a curve of 10 m. radius on a flat, 
unbanked road at 20 km./hr. without skidding. With what speed must he ride 
on the vertical inside surface of a circular cylinder of 5 m. radius, made of the 
same material, in order that he be able to ride in a horizontal path without 
slipping down? Recall that the traction force due to friction is proportional to 
the normal pressure and independent of the speed. 


CHAPTER VI 


General THEOREMS ON THE Mecuanics or SysTEMs 
OF PARTICLES 


We represent a physical system schematically by means of a num- 
ber of particles and apply the results of Chapter V to the individual 
particles. From these results we can deduce laws referring to the 
behaviour of the system as a whole. The range of validity of these 
laws is almost unlimited, since we can, in the last analysis, consider 
any body to be composed of a system of enormously many particles— 
electrons and protons. The forces acting upon a single particle are of 
two kinds: either they originate in the other particles of the system— 
internal forces—or they have their origin outside the system—ezternal 
forces. Newton’s Third Law of the equality of action and reaction is of 
especial importance here. We understand this law to have the follow- 
ing meaning: Ifa particle P, exerts on P, an attractive force directed 
toward P,, then it is at once evident that P, attracts P, toward P, 
with the same force, i.e. the force vectors of the two internal forces 
resulting from the mutual attraction are equal and opposite. 


1. Theorem concerning the Motion of the Centre of Mass. 


We start with a system of N particles. The kth particle is subject 
to the following forces: A number of external forces which we replace 
by their resultant F,; further, the force F,, due to the presence of the 
first particle, F,, from the second, &c.—in general, F;, from the th 
particle. The equation of motion for the kth particle is thus” 

2 
ULL ae = F, + >, Fy oo ee e ee @ (1) 


There are N such equations, one for each particle Imagine them all 
written down and added together: 


Py 
Ge = Tee + TDF eo. eee IS (2) 


LEM 

Since internal forces having both subscripts alike do not exist, accord- 

ing to our notation, the combinations k = 4 are to be excluded from 

the double sum. Now for every force F,,—the force exerted by the 
108 
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jth particle on the kth—there corresponds a force F,,;—that exerted 
by the Ath particle on the jth—and these two forces are equal and 
opposite. Hence the double sum vanishes, and the internal forces of 
the system cancel out in the summation. There remains in the right 
member only the vector sum of the external forces acting on the indi- 
vidual particles. We now define the centre of mass of a system to be a 
point whose radius vector ” (referred to an arbitrary centre) multiplied 
by the total mass of the system is equal to the vector sum of the pro- 
ducts of individual radius vectors of the separate particles with the 
corresponding masses: 


Mr= De MV x 7 © © © © @ @ (3) 


If we substitute this expression in equation (2), we have the theorem 
a7 
M Ty = UF. 7" e e e @ @ (4) 

The centre of mass of a system moves as if the entire mass of the system 
were concentrated there, with the resultant of the externally applied forces 
acting at that point. In particular, if there are no external forces, the 
centre of mass remains at rest or in a state of uniform rectilinear 
motion. As is well known, this theorem is the basis of the explanation 
of recoil phenomena. For example, if a shot is fired from a cannon 
standing upon a smooth horizontal plane, then the gun must spring 
back with a velocity such that the common centre of mass of cannon 
and projectile remains in the vertical line through the point of firing; 
for, neglecting friction of the gun with the ground, the only external 
force is gravity, which has no horizontal component. 


Since the most universal external force is that of gravity, the centre of mass 
is commonly referred to as the centre of gravity. Another name for it in equally 
general use is the centre of inertia. The following elementary considerations are 
useful in determining this point: If 7 is the radius vector of the centre of gravity 
of two particles m, and m,, then 


(my + mq) ¥ = M7, + My%r 
or m,(¥ — 7) = m,(r, — 7%); 


this means that the vectors y — 7, and , — 7 are parallel. But since they have 
the terminus of ¥ in common, the three points m,, m, and the centre of gravity 
are collinear. The position of the centre of gravity is determined by 


ck 2 
|7,—7| m 


We thus have the rule: The centre of gravity of two particles m, and m, divides the 
distance between the particles in the ratio of the two masses, the centre of gravity 
being nearer the larger mass. If, now, 4 third particle be added to the system, 
the centre of gravity of the set will be the centre of gravity of mg and the original 
centre of gravity, where both m, and m, may be considered concentrated. It in 
readily seen that the centre of gravity, found in this way, is independent of 
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the order in which the particles are taken. The procedure is similar for additional 
particles. 


Ex, 43. Two particles m, and m, are in equilibrium when at a distance a 
apart. If the distance be altered a small amount 2, there arise restoring forces 
proportional to x. Calculate the characteristic frequencies of the system. 


2. Angular Momentum of a System of Particles. 


According to § 5, p. 88, the angular momentum (or moment of 
momentum) # = m[r7] of a particle is equal to 2m times the “areal” 
velocity of the radius vector. The vector sum im, [7.7%x], called the 
total angular momentum (or moment of momentum) of a system of par- 
ticles, is one of the most important quantities in mechanics. We shall 
now investigate the properties of this quantity. For this purpose we 
multiply the equations of motion for a particle vectorially by 7, and 
sum over all the particles. The result is 


a 
EM [rs | — Dele F,] + Diels L%z F yx]. ee (5) 


As shown at p. 89, the left member represents the time derivative of 
the quantity Xm,{7,%,], that is, of the total angular momentum. 
Further, the vector product of the radius vector to the point of appli- 
cation of a force by the force vector is called the moment of the force 
F,. We denote it by M,. The magnitude of M, corresponds to the 
product of force by lever arm, in relation to turning about O. The 
total moment of the external forces is given by X[7,F,]. The second 
term in the right member of (5), which represents the resultant of the 
moments of the internal forces, vanishes if the internal forces between 
two particles have the direction of the line joining the particles, i.e. if 
the forces are central. Thus, since Fj, —F,,;, we have for any pair 
of particles 
(+. Fol t+ i; Fal = U(%— 7) Fu]. - - - (6) 


But the vector product on the right vanishes, since we are assuming 
that F,, is in the direction of x, — 7, There remains, therefore, 


d : dP 
wut [%2 %] = i Zel%e Fr] = Me . . (7) 
For a system of particles in which the forces between any two particles 
are in the direction of the line joining these particles, the rate of change 
of the total angular momentum is equal to the sum of the moments of the 
applied forces. 

The limitation made above is actually of little importance. From considera- 
tions of symmetry, it is difficult to imagine a force acting between two points 


which does not coincide in direction with the line joining them, for there is no 
other pre-eminent direction. If the Law of Biot-Savart (p. 303) seems an excep- 
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tion, it must be remembered that this law deals with the force between a magnet: 
pole and an elementary segment (i.e. not a point or particle) of an electrical con- 
ductor. 

In the particular case in which there are no external forces acting, 
or if the total moment of the forces vanishes, then, according to equation 
(7), the total angular momentum of the system remains constant. In 
this form the theorem explains a large variety of phenomena of every- 
day life, e.g. the method by which a child sets a swing in motion, the 
ability of a falling cat to right itself before landing, the familiar turn- 
table experiments, &c. This law finds one of its most beautiful appli- 
cations in explaining the Einstein-de Haas Effect in Magnetism (cf. 
p. 464). 

In general, the value of the total angular momentum depends upon the choice 
of the reference point O. If, however, the centre of gravity of the system is at 
rest, this quantity becomes independent of the choice of O. If we denote the 
radius vector to a new centre O’ by 7, and a radius vector emanating from 0’ 
by 7,’, then 

%y= Mot Me 
The angular momentum, referred to O, is 
P= X,m[7,7x), 
and referred to O’, 
Pp’ = 2, mM, [7,'7x'1- 
If we put 7, + 7,’ for 7; in P, we have, on account ot 7, — 0, 
But the first term vanishes if 
=m dr,’ = 
id 


i.e. if the centre of gravity is at rest. 


3. Total Energy of a System of Particles. 


Let us multiply the equation of motion of the Ath particle scalarly 
with dr/dt, and sum over all the particles. Then 


@y,dr, ad 
Dae ae Gt 
Integrating between the times f, and ft: 


dr,\2 (3). 
DN ahi (ae 
pBeme( at ), 4 ELL di " 


x(t) r{t) 
=f rFdnt f[ UEFadre «+ ©) 


Tete) rite) 


dr,\" __ dr, ar, 
+Z,m,(%) = uF, ay + are dt . (8) 


The left member represents the total change in kinetic energy of the 
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system, the right member gives the work done by the internal and 
external forces. But it is by no means the case that the work done 
by the internal forces cancels out in calculating the energy, as one 
might expect it to do in view of the results of the two preceding 
sections. 

The kinetic energy may be divided into two parts, each of which 
has a physical meaning. If we introduce a second co-ordinate system, 
whose origin O’ is at the centre of gravity of the system, and if we 
denote all radius vectors referred to this system by primes, we have 


ry, = r + vr, ee 
Then, identically, 


2 
Zadm. (F?) 
dr\2 dy dr,’ dv, \? 
oS (5) Ly My + < Sam, aie 1m, (S*) - (10) 


The second summand on the right vanishes, however, since Xm,”,/M 
is, by equation (3) (p. 109), the radius vector of the centre of gravity— 
and this, by hypothesis, is zero in the primed co-ordinates, The first 
term on the right represents the kinetic energy of the system, con- 
sidering the entire mass to be concentrated at the centre of gravity. 
The last term gives the kinetic energy of motion of the system referred 
to the centre of gravity, when considered as at rest. Thus, we may say: 
The total kinetic energy is equal to the translational kinetic energy of the 
entire mass, considered concentrated at the centre of gravity, plus the 
energy of motion of the parts of the system relative to the centre of gravity. 

We further assume that the internal forces are such that they are 
derivable from a potential. The potential of the force operating 
between the points 7 and k is a function of the distance between the 
two points, and therefore of their co-ordinates: 


On = Usa lt) = Un (WV (2; — a)? + (ys — oe)? + Gs — %)*)- . (11) 


The force acting on k is obtained by taking j to be fixed, and con- 
sidering & to move in the potential field given by the point function 
Uy; 1.e. we consider the co-ordinates of j to be fixed, those of k to be 
variable. Then, 


p= —(0Ue_ ,2Un_ 


Oa, se Oe k Oey = — grad, Uy, (12) 


in like manner, 


fi eee 
Fy = Sy ae aes kR aa = grad, U7 — — By. (13) 
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The work done in causing small displacements of j and k is 


F;,dr, + F,yd7; = — (eS day, + Ot OU sn dz, + 


OU x, 
Q Ly é Yr 02, “0%, 


On, 
ou; 
dy; + pitts) = — sommes «) (14) 


dy, + 


dz, 


aU 
Oy; 


The negative of the sum of F;,d7, and F,,;dy; is therefore obtained by 
forming the total differential of U;,, defined as a function of the six 
co-ordinates of the two points, in (11). If, then, we wish to introduce 
the internal potential into the right member of equation (9) (p. 1) 
we must write 


De Ly Fy,d%, = — FU, L;dUy, (kj). « ~ (15) 


It is readily seen that the factor 1/2 enters: If we start with point 
1, and calculate the mutual energy U,, between this and all the other 
points, & runs from 2 to N; but when we take point 2, we must start 
counting with 3, since the mutual effect of points 1 and 2 was already 
taken into account in dealing with point 1, and so on. Thus, in ex- 
ag the summation over all combinations j and k, we must divide 
y two. 
If the external forces have also a potential, the energy equation (9) 
becomes 


T+ 2,0, + $22 2iU x 
= 7) 45,0, + 42,2, U5, = const. G+ k), (16) 
where T denotes the kinetic energy. The sum of the kinetic energy 


and of the eaternal and internal potential energy of a system ts constant, 
if the external as well as the internal forces are conservative. 


oo 


Er. 44, A solid sphere of radius r and density rolls without slipping down 
a plane inclined at an angle « to.the horizontal. What is the velocity of its centre 
after rolling a distance s, and how does this velocity compare with that which 
would be attained by the sphere in sliding without friction the same distance? 

Ex. 48, Give the theory of the central impact of two spheres, masses m, and 
m,, whose velocities are along the line joining their centres: (a) for the case of 
perfectly elastic spheres, where no mechanical energy is lost in the impact (i.e. 
converted into heat); (b) for a case of inelastic impact in which m, acquires the 
internal energy €. 


4. The Principle of Virtual Displacements, d’Alembert’s Principle and 
the Lagrangian Equations of the First Kind. 


Let any number of forces be applied to the kth particle of a system. 
Assume that the individual particles are completely free, i.e. there are 
no constraints imposed by geometric conditions. Then the condition 
that the system is not to move under the influence of the forces is 
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evidently the condition for equilibrium, viz. that the resultant F,, is 
to vanish: F.= 0. 
k—~ ° 


If we imagine each particle displaced from its rest position by a 
vector 57,, then XF,5%, represents the total work done in such 
a virtual displacement. Since each F, vanishes, this sum is evidently 
zero. If a system of free particles is in equilibrium, the total work done 
by all forces, internal and external, in a small virtual displacement 1s zero. 
If the forces have a potential U = XU,, then 


Lior —z 5U,, =i —dU =a 0. es e e (17) 


The vanishing of the variation 5U means, however, that the function 
has a stationary value. In a state of equilibrium the potential energy of 
a system of free particles has a stationary value. 

At first sight these considerations seem trivial; their utility first 
appears when limitations are imposed in the form of geometric con- 
ditions; e.g. the distance between two particles is to remain constant, 
or certain particles are to be confined to given surfaces, &c. The con- 
straining forces, as was shown in Chap. V (p.104), can do no work. 
Consequently the principle of virtual displacements holds also for the 
equilibrium of a system with constraints, provided we understand that 
the F, are the actual given forces. On the other hand, it is no longer 
true that F,, must be zero; on the contrary, an applied force may be 
balanced by a constraining force. For example, the force of gravity 
acting on a mass which rests upon a horizontal supporting surface is 
balanced by the reaction of the surface. This difference between a 
free and a constrained system is expressed mathematically by the 
fact that the displacements 5”, are no longer independent, but are 
such that certain auxiliary conditions are satisfied. If we write equation 
(17) in terms of the co-ordinates, which we designate by consecutive 
numbers instead of by 2, y, 2, then the sum 


x, Ff, 8a, = 0 ° e ® e e e (17’) 


has 3N terms, for a system of N particles. Each equation of coridition 
reduces the number of 3N arbitrary variables by one. For example, 
if one equation of condition exists, we can express the last displace- 
ment in terms of the others, and substitute in equation (17), which 
will then contain only independent displacements. However, the 
following procedure, devised by Lagrange, affords a much better 
general view of the process: let the conditions be given in the form 
of finite equations connecting the co-ordinates x, (holonomous systems), 
which are independent of the time (scleronomous systems). 

Let there be 1 equations of condition. The kth of these, 


Fu (®y, Lqy » « » Lay) = 0, 
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gives upon differentiating, 


Of ofr oft 

ae ae Bias 32,0 Om. « (18) 
If we multiply these equations by certain provisionally undetermined 
multipliers A,, and add them to equation (17’), we have 


Ofi 4 y, oe Ofi\ s, — 

Bi( Fit Ag+ gle +... ght) Sa1— 0. . (19) 
In this sum of 3N terms we can select the multipliers in such a way that 
the last | terms vanish. The remaining (8N — 1) terms then contain 
only (3N — 1) displacements, i.e. as many as there are independent 
quantities 52, present. However, since these da, are independent of 
each other, their coefficients must vanish separately, in order that 
the sum be zero. For we may select the purely arbitrary displace- 
ments in such a way that, for example, all the da, except dz, are 
zero, in which case the only remaining member of the sum is 


of, 1 of t 
(7+ Mig °° ae SL. 
But since, by hypothesis, Sc, is to be different from zero, the 
expression in brackets must vanish. We thus obtain the system 
of equations 


“a 0 
Atry+...agt=o 


0 ry 
Ft yp +... Ago we ee... “Ee 


of, oft 
Fyy+ Aen. + aan Me 0 

Despite the fact that these equations are all of the same form, they 
have different origins. J of these equations hold because we purposely 
determine the 1 quantities A, in such way as to make them true; the 
remaining (3N — 1) equations are true, however, because the deter- 
mination of the A, in this way makes the (3N — l) displacements 
independent of one another. Besides these 3N equations, we have 
also the | equations of condition, so that the number of equations 
is equal to (3N + 1), which is the same as the number of unknowns, 
viz. the 3N co-ordinates x; of the particles, and the J multipliers A;. 
On the other hand, if we take the constraining forces Z, which em- 
body the geometric conditions, instead of the conditions themselves, 
we then have a free system for which, from above, 


Ft Zp=0. 6 eo ee ee (21) 
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Comparison with equation (20) shows that the constraining forces are 
represented by ; 
een Ofs of 
Ze = igs cae - Oe (22) 
Thus far we have been occupied only with statics, or equilibrium, 
but dynamics can be treated in a quite similar way. Denoting the 
resultant of the forces applied to the Ath particle by F,, that of the 
constraint forces by Z,, we have 
er, 


Fit Ze — eae 0; 


If a virtual displacement is again performed, then the constraints by 
themselves can do no work, and we must have 2; Z;, 5%, —=0. We 
thus obtain the relation known as d’Alembert’s Principle: 


2 
Zz (F— mS) Or. == 0; e . . . (23) 


Since the equations of condition limit the freedom of the 5”,, we 
cannot immediately conclude from (23) that the individual terms of 
the sum vanish. We must, in fact, proceed exactly as in statics, Again 
we label the co-ordinates consecutively, remembering that each mass 
occurs three times, i.e. ™M3_ = Mgn-1 = M3,-2- The relation (23) 
then becomes : 


X(F; = m;X;) 82; — 0. . . . e . (24) 


Let the J equations of condition again be finite equations. Differentia- 
tion gives 


We again multiply each of these equations by a multiplier A; (for 
the present undetermined), and add them to equation (24), whence 
we have 


S é 0 0 
S, (F-meé n a, gh 4 a, 32 ee ase) Sa,=0. (25) 
Exactly as in the statical case, we can dispose of the J quantities A, 
so that the first 7 parentheses vanish. The (3N — 1) remaining paren- 
theses contain as many displacements as there are independent vari- 
ables present. Since we may choose these $2, at will, the remaining 
parentheses must also vanish separately. We then obtain a 
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system of equations known as Lagrange’s Equations of the Furst Kind: 


per Of, Ofe of, 
md, = Fy + ate Nii, ++ + Sire 


eydipm Fy-+ nol aly... Age e (26) 


On, | "Om, 


_ 0 7) ) 
May Eyy = Fay + a ge + glee... riglt 


Xs 


In this case also we easily see that the terms added to F, in the right 
member are the components of the constraining forces, which must be 
introduced as the forces corresponding to the geometric conditions, 
if we wish to treat the particles as free. The number of equations is 
the same as the number of unknowns. The Lagrangian equations 
contain, besides the 3N co-ordinates of the particles, the | multipliers; 
on the other hand, we have, in addition to the 3N Lagrange equations, 
the J equations of condition 


F(x, 2. ae Ur 


If the integration of the entire system of equations (26) (including 
the | equations of condition) can be performed, we obtain the com- 
ponents of the constraining forces, since the A, are also known. These 
forces of constraint are equal and opposite to the pressures or tensions 
exerted by the particles on the guiding mechanism which secures the 
geometric conditions. Such forces were studied for a single particle in 
the case of the pendulum. A pertinent example, where external forces 
are absent, is that of a particle whirled about at the end of a string 
tied to a fixed point in a horizontal plane, the force of gravity being 
balanced by the reaction of the plane. The centripetal force exerted by 
the string is the equilibrant of the centrifugal force of rotation of the 
particle. 

Another way of looking at the question, convenient in many com- 
putations, is the following: The fundamental equation 


dr 
may be considered to express the equilibrium between the applied 
orce F and the inertia for —m(dr/dt?). In this instance, however, 


Newton’s second law must be formulated to read: 

During the accelerated motion, a force —m(d*r/dt?) acts on the mass m 
and there is equilibrium between applied and inertial force. This view 
formally refers dynamics back to statics, and the considerations of 


118 MECHANICS [Cuar. 


statics may be applied to dynamics, so that we arrive again at (23). 
The difference in the two approaches may be illustrated by the ex- 
ample of a spring-type weighing machine, standing on which is a 
person who produces accelerated motion by flexing his knees. With- 
out the introduction of inertial forces we have 

d*z 


where F' is the restoring force in the spring. The other view says that 
the force F’ exerted by the spring must equal the resultant of the applied 
forces. The latter are the gravitational force —mg and the inertial 
force —m(d*z/dt?), so that 
; dz 
F’ = —mg —m™ Ee 


According to the third law, F’ must equal —f, so that both approaches 
lead to the same result. While the second formulation often yields the 
formal result more quickly, it must be remembered that the first one 
usually takes into account the physical situation more satisfactorily. 


5. The Lagrangian Equations of the Second Kind for Arbitrary Co- 
ordinates (Generalized Co-ordinates). 


The Lagrangian equations of the First Kind refer to rectangular 
co-ordinates. However, it is often more useful to specify the positions 
of the particles by means of other parameters. This almost invariably 
permits us to regard the equations of condition as equivalent to hold- 
ing certain co-ordinates constant, and these co-ordinates then drop 
out of the conditional relationships. Although the introduction of con- 
ditions is also possible with any system of co-ordinates, we consider 
here the normal case where, in place of 3N rectangular co-ordinates 
and J equations of condition, we have f= 3N — | independent para- 
meters 91, Jo,---Q; For example, let all points of the systam be 
required to remain on the surface of a sphere. In this case the correct 
co-ordinates are spherical co-ordinates, 7, ¢, 0, and the variable quan- 
tities are only the angles ¢ and @. It remains to express the equations 
of motion in these arbitrary co-ordinates. For this purpose we 
imagine the rectangular co-ordinates to be given as functions of the 
independent q; (called the generalized co-ordinates) 


©; = Fi(%, Yor - - + Gs) Se 


Further, we seek to replace the x,, 52, and &, appearing in the d’Alem- 
bert equation 


2, (F,— ma)da,=0, . . . . « (24) 
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by the gq; and their time derivatives. Now 


On da Oa 

6e.— "5 i —— 
v; Od ict a aa Gaede ees (28) 
and similarly a= 2g, 4+ 24g a 
y Bi 5g, 2 ag ey, » + + (28) 


The expressions %,(07,/0q,,) which result from substitution of (28) in 
(24), may be transformed as follows: it is verified at once that 


Se Tai OR, . ad (0a, 
Saale) *aleny «7 
Now we can consider the #, to be functions of the 2f variables 9, 


and q,.* 
Equation (28’) then gives 


° © ° e e (30) 
Then the first term in the right member of equation (29) becomes 
d/.0%\ d/, 0%\_ 4/104? 
i nae) =F ase) = 5 (4 sn) e (31) 


The second term may also be transformed in a way which leads to 
easily interpreted expressions. We have 


d a) = 07 2, if G72, eee 07 2; j 
di\dq,) dno | On0% |  OG,On 
OT Cae. Ou . ) on. 
= — {= + a + eae = 7- %, . (32) 
dqu\Oq, 2” Oa Og. 
‘ a Ge a oO 22 33 
from which #5, (52) = ag, G8 , 2 om (83) 


Then, according to equations (28) and (29), 
5 d o ‘ Q , 
m,é,5%,= Ly (Gag tm — Fmt) Sqx (33) 


* The introduction of the g, as new variables, in addition to the gz, is apt to be 
misunderstood, but consideration of the following example of a similar kind may 
help to remove the difficulty. The only independent variable is the time, upon whick 
the 2, and a; depend, through the medium of the gx. However, if a function ty ¥) 
is to be differentiated with respect to the independent variable z, where y’ stands for 
dy/dz, we use the formula 

af dy , af ay’ 


d i: 
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We further assume that the acting forces have potentials U,;, which 
we imagine to be given as functions of the q,. Then 

aU, ou, ou, ) 

a 3) ~~ 3) + eee 3) le 34 
at ee iis ui 
If we now substitute expressions (33’) and (34) in the statement of 
d’Alembert’s principle, there results 


ie eee 
Bs (5 Bagg ut Ei e-dmse + Ds) bg 0. (80) 


F,3% = S60 — ( 


k 


But = 4m,2/ represents the total kinetic energy T of the system. Then, 
since the bracketed expressions must vanish individually, on account 
of the independence of the displacements 5q,, and since U depends 
only upon the position co-ordinates q, and not upon ¢,, we obtain 
the following Lagrangian Equations of the Second Kind for conser- 
vative forces: 


ad of—UV)_ af—VU)_ . e e e (36) 


The difference between the kinetic and potential energies, which is a 
function of the time (through the position co-ordinates and their time 
derivatives), is called the Lagrangian Function Z of the system: 


L=T—U. © ee © © « (87) 
Using this notation, equation (36) may be written 
doL oL _ 
di 00x ad Ode a e e e e e e 
If, in addition to the conservative forces F,, non-conservative forces 
F;' are also acting, then the work done by the latter in a virtual dis- 


placement is given by inserting the values of 5x, from equation (28) 
(p. 119): 


Ox Ox Ox x 
SW DF Sa, = DF =" 9a ee : 
ea 4 t ‘(58a aq, 02 +580) 


On; ox Ox 
= { 2, FF,’ — }5 a, F/ — )8 ...( 2 Ff —! : 
( i ie) at( if; 5) Yo+ ( age 8qy. (39) 
The coefficients of the 8g, are called the components of the forces 
referred to the generalized co-ordinates g,, and are denoted by F’ oy 
With the admission of non-conservative forces, the Lagrangian equa- 
tions of the second kind thus become 


d oL ob ; 
weg ogee) 2 tt 


(38) 
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; It is to be remembered that we have treated only the most common case, 
i.e. the holonomous-scleronomous system defined on p. 114. For a discussion of 
the cases in which the equations expressing the x; as functions of the 9, 
(a) contain the time itself explicitly (holonomous-rheonomous system), and 
(6) are given in the form of non-integrable differential equations 3x; = a, 
3g, + ae) 8g. + ... ay) 8g, (non-holonomous system), consult the more com- 
plete textbooks on mechanics. 


Ex. 46. Set up the equations of motion, in spherical co-ordinates i 
on the surface of the earth. 2 See 
6. Generalized Momentum Co-ordinates. Hamilton’s Equations. 


In the case of holonomous-scleronomous systems, the a, are given 
as functions of the q, by finite equations which do not contain the 
time itself, and the kinetic energy T is a homogeneous quadratic 
function of the time derivatives of the q;: 


Of... Om 


; Da, .\2 
P= Epdmet? = 48m, (5 + 5 at. 52td) 
i 2 a vat age ap 
= $(Py gy? + Pode? + ene + 2PieGi G2 + : +»). 2 (41) 
Now in rectangular co-ordinates, each component of the momentum 


is given by 

dima? _ or 
oo a 
In analogy with this, we call the following quantities the generalized 
momentum components: 


(42) 


Pai = Ma, = 


T (Qs 9 : : ; 

py= Ae = Pads + Pogat.-++Prgr + (48) 
although these quantities may or may not have the dimensions of 
momentum, according to the meaning of the generalized co-ordinates. 
Since the instantaneous state of a system is uniquely characterized 
by giving the position and velocity (momentum) of every point, we 
speak of momentum co-ordinates instead of momentum components, 
as the g, and the q, have already been given equal rank in the La- 
grangian equations of the second kind. 

According to equation (43), the momentum co-ordinates are linear 
functions of the generalized velocity components 4; Since the de- 
terminant of the system of equations does not vanish (as a more 
thorough analysis shows) the system may be solved for the g,, 80 that, 
reciprocally, the velocity components g, are also linear functions of 
the generalized momentum co-ordinates p,. If we express the equa- 
tions of motion in terms of the generalized momenta, we obtain a 
new form, due to Hamilton. This form furnishes the best starting-point 
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for many investigations in higher mechanics, especially in celestial 
mechanics, and so has come to be called the canonical form of the 
equations of motion. Introduction of the momentum co-ordinates 
(43) into the Lagrangian equation (36) (p. 120) gives at once for con- 
servative forces, since U is independent of the 4, 
apr — OL(9:, qx) 
dt OG. 
This equation is still unsatisfactory in that the Lagrangian function 
in the right member contains the g, instead of the 7,. We could try 
to express the , in terms of p, by means of the transformation (43), 
but it is simpler to introduce a new function H of q, and py defined by 


A (pes Vx) = De Pedr — Les Gx)» + 2 2 8 (45) 
The total differential of this function is 


oH oH 
dH = X,( —d oa 
k & py + dan dn.) 
, A L 
= Dypidge + Liddle — Le a Ue — Ue = dg,. . (46) 
qx qk 


Since the potential energy depends only upon the position co-ordinates, 
and not upon those of the velocity, we have 


OL OT (Gi, Ge) _ 

Ode =~ Oden — tie C) e e e e (47) 
As 8 result, the first and the third terms in the right member of equation 
(46) drop out, and comparison of coefficients gives 


» . (44) 


en 
Ux Ope e e e e cl e e (48) 
OL oH 
and ——— "= e . ° e e 49 
oq Oe a 
Substituting these results in the “mixed” equation (44), we 
obtain . oH 
Tig 2 = OE , 
P a (49’) 


The canonical form of the equations of motion is thus 


dp, _ __ OH (Pry I) 
dt O9e 


dq, = OH (Px Jr) 


dt Op, 


ee 
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For conservative forces, to which we restrict ourselves, the meaning 
of H is very simple. If we form the total time derivative 


dH . 0H dy, OH dp, 

Sl re at Gs. we (51) 
this derivative vanishes, on account of (50). H is thus a constant of 
the system. Using equation (45) (p. 122), it is readily shown that H 
is the same as the total energy HZ: the kinetic energy 7 is a homo- 
geneous quadratic function of the g,, according to equation (41) (p. 121). 
me to Euler’s Theorem on homogeneous functions, we there- 
ore have 


. oF : 
ede, = OP = UedePe See (2) 


as may be verified readily in this instance. It then follows from 
equation (45) that 


(py dx) = 2T — (T — U)=T+U=E. . (53) 


7. Hamilton’s Principle 


Besides the Lagrangian and Hamiltonian forms of the equations 
of motion of a system in arbitrary co-ordinates, there is a third 
form which is of the greatest importance. This third statement gives 
the equations not as differential equations, but in the form of a 
stationary condition. The idea of expressing a law of nature by speci- 
fying that a certain quantity is to have an extreme value in the actual 
process, is as old as scientific thought itself. The advantage lies in 
the simplicity of the formulation and its independence of any assump- 
tions concerning the particular co-ordinate system selected. The 
derivation of such an extremal law of mechanics, from what has pre- 
ceded, is not difficult. Comparison of the Lagrangian equations of the 
second kind with the Euler differential equation of the simplest varia- 
tion problem (p. 77) shows that they are identical. In place of the 
independent variable 2 we now have the time, and the function 
designated by F on p. 75 is the Lagrangian function Z. Thus the 
Lagrangian equations of the second kind correspond to an extreme 
value of the integral 


w=f' Ld =f'(r- U) dt. 


The time integral of twice the kinetic energy is called the action. We 
are thus able to express the equations of motion in this manner: The 
natural motion of a system (i.e. the actual motion which takes place accord- 
ing to the laws of mechanics) is characterized by the fact that the tume 
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integral of the Lagrangian function, taken between two configurations of 
the system has an extreme value. This is the celebrated Hamiltonian 
Principle. The foregoing derivation offers no information as to whether 
the value spoken of is 2 maximum or a minimum, or merely stationary, 
but this question is of no consequence in what follows. In most instances 
W is a minimum. 


The mathematical expression of the principle is 


sW = 5 [ "Lat = 5 f(T —U)at = 8 fer — E)dt=0, (54) 


where EF represents the total energy. 


If forces which are not derivable from potentials also act, then, by § 5 (p. 120) 
the Lagrange equations become 


=—-—_—_ oe F — 0. e e e@ ee e e 55 
didg, Og ™ is 
In this case the Lagrange equations no longer represent the Euler differential 
equations of a variation problem. However, they may be brought into this form 
if it is possible to find a function M of the co-ordinates and their derivatives 
such that 
daM 0M _ yp, 
dt Ody aq, — F ak* e e e se e e e (58) 
In this case the function L’ defined by 
Y=L—-M=T-—-U—-—M oo e@e @ e « (57) 


satisfies the differential equation 


dat ad, 6% — ’ e e e e e e e (58) 


and this is the Euler differential equation corresponding to 


8 L’dt = 0. ee e©8 e © @ © @ @ (59) 
This case occurs, for example, in the mechanics of an electron in a magnetic field. 
The magnetic force (cf. p. 428) is given by Fmag= —(e/c)[vH]. Since this force 
is always normal to the path (the tangent to the orbit is given by wv) no work is 
done. It is therefore not possible to derive this force from a scalar potential. 
If, however, we put H = curl A, it may be shown that the function M = e/c 
(Av) satisfies (56). Naturally, it is not always possible to find a function M, 
ie. the system of equations (56) may not be integrable. 


8.* Canonical Transformations.* 


It is often necessary to change from one system of variables to 
another. We might proceed by introducing new position co-ordinates 
by means of equations of the form 


* Sections marked with an asterisk may be omitted at a first reading. 
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Ie = Wee (Vi Yo + - « Ts) 


and then, using the time derivatives of these equations, express the 
kinetic energy as a function of the new position co-ordinates and their 
time derivatives. Finally, with the aid of the equations 


ageubee de 

Pr og ’ 
the new momentum co-ordinates could be determined. Hamilton’s 
principle, however, makes it possible to solve the problem much more 
elegantly, and at the same time much more generally. Let us change 
position and momentum co-ordinates simultaneously, and inquire how 
the transformation relationships must be constituted in order that the 
new variables may again have the character of position and momen- 
tum co-ordinates, i.e. that the canonical equations may still be satis- 
fied. For this purpose, it is necessary and sufficient that the new vari- 
ables again satisfy the Hamiltonian Principle. But, in order that this 
be true, it is sufficient that the difference of the mtegrands of the 
action, expressed in the new and in the old variables respectively, 
should be the total time derivative of a function of the old and new 
co-ordinates; that is, by (45) (p. 122), 


» 1 am 74 
UPd. — A(Per Ue) — UP Ae + A (Pr Ge) = FZH(d Te) (60) 


for if this equation is integrated between the limits f, and ¢,, we obtain 


i) “pds — (px, %)\ dt — ip [2 ode — H(p,, q.)\at 
j : = ([f (de Vedle, — LF (Ges Te) ]t,° 


Upon taking the variation of this expression, the right side vanishes, 
since the end-points are fixed (cf. p. 78). Since the variation of the 
first integral is zero, the variation of the second integral must also 
vanish, which means that the new variables are again canonically con- 
jugate position and momentum co-ordinates. By carrying out the 
differentiation in the right member of (60), and comparing coefficients, 
the transformation formule are obtained in the form 


C ko k 
- : . ~ . h ( ) 


a ACES qr) 
Pr O”n | 
A (py U.) = H (Bes Qx) 


The g, may be computed in terms of the p, and q, from the equations 
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of the second line in (61). If we then substitute these values of the 
gz in the equations of the first line, we obtain the p, as functions of 
the j, and g,. These cumbersome calculations are, however, necessary 
only in rare cases in this general form. The arbitrary function f(x, 7x) 
is called the generator of the transformation. 

Instead of starting with a function of the old and new position 
co-ordinates, we may start with a function of old position co-ordinates 
and new momentum co-ordinates; this leads to relationships of par- 
ticular importance. Let us add the expression 


(ae 
a UDE Ie 
to the right member of equation (60). This may be done, since the 
above expression vanishes when we take the variation of the time 
integral, just as does the expression df/dt. We then write 
Lpege — A( Ps Gx) — BP Ge + HBr; Gn) 
— ae Px) —_ —— a (62) 


and obtain, by comparison of coefficients, 


_ ofan Br) 

PR O”n 

7, = te i) ©. 6 © © @ «© (63) 
k Ope 


A (pis Ux) = H( de, qx) 


9.* Cyclic Variables. The Hamilton-Jacobi Differential Equation. 


If the Hamiltonian function—which represents the total energy 
if the forces are conservative—does not contain a certain position 
co-ordinate q,, then it follows from the first of the Hamiltoniaw equa- 
tions that 

ie oC, oe 6 ee eee) 
That is, the conjugate momentum co-ordinate is a constant of the 
system. Such a position co-ordinate is called cyclic. The name is due 
to the fact that the polar angle ¢ in central motion has this property. 
If all the position co-ordinates are cyclic, it follows from the second 
of Hamilton’s equations, viz. 


OH (0) ps.. «> 
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that the dq,/dt, being given functions of constants of the system, are 
themselves constants, and the position co-ordinates increase linearly 
with time. The integration of the equations of motion may thus be 
performed immediately in the case of cyclic variables. A very impor- 
tant method for the integration of the equations of motion is based 
on this fact. Instead of starting with Lagrange’s or Hamilton’s 
equations, for example, and trying to integrate them, we can begin by 
trying to find the generator of a canonical transformation which leads to 
only cyclic variables. If we call the momentum co-ordinates, which are 
constant in time, a,, this generator must be a function S of the old 
position co-ordinates and of the new momentum co-ordinates, such 
that 


H(pygy) = Hla). « . «~~ + (66) 


According to equation (63) we must put 


_ OS(dz, a) = os os 
a and R= be 50- e « (67) 


The function S is, then, determined by the following differential 
equation: if we substitute 08/0q, for p, in the Hamiltonian function, 
we have for conservative systems 


oS 


A(e 
CUP 


9) = E, 2 « « © © © (68) 


which is the Hamilton-Jacobi Differential Equation. Here E is the 
energy of the system, and must thus be considered a constant of the 
system, since the differential equations themselves do not contain 
the value of the energy. We are therefore at liberty to identify # with 
one of the constants a,, e.g. a,. The Hamilton-Jacobi differential 
equation is of the first order, but second degree, since H is a quadratic 
function of the p,; the complete solution, then, contains ra constants 
of integration (if there are f position co-ordinates), one of which may 
be set equal to ZH. Instead, we could introduce f arbitrary constants; 
but in this case FE must be a function of the a,, a,,...ay, and may 
no longer be taken as an arbitrary integration constant. Thus, the 
solution is either 


S(qu, B, ag, ag ++. 4) = 0; H= a, oe 8 (69) 


or more generally, 


S(qe) 21, Gg, Og +++ Oy) = 0; B= E(ay, 02... 07). (70) 
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In the former case, we see by (65) that all of the dq,/dé with the ex- 
ception of dq,/dt are zero, since * H = H. 

There is an intimate connexion between the function S introduced 
here as the generator of a transformation to cyclic variables and the 
action function (Hamilton’s characteristic function). During the 
course of the motion, the a, are constant, and so their differentials 
are zero. This means that the differential of S is given by 


7) 
dS = & 5 dq, = = ppdqy = = p,q, ad. ee (71) 
k 


Now by equation (52) (p. 123), 


Upped, = 27. 
i.e. dS = 2T dt e e e ° e e e (72) 
and 8—S,=2f Td. 0 aie ct 
ty 


On the other hand, the action function is, by § 7 (p. 123), 
W=foTd—H. 2... (1) 
Therefore, W=S — Et. ee eS 


Thus S represents the part of the action W which does not contain 
the time implicitly. On account of the relationship (75), S is also 
known as the contracted action function. 


10.* Periodic and Multiply Periodic Systems. Angle Variables; the 
Angle Variables of Keplerian Motion. 


We consider first a system having a single position co-ordinate 2, 
e.g. a linear oscillator. The system is said to be periodic with period 
T, if the equation HE asl alt} 


is satisfied when » is any whole number. According to § 9, a cyclic 
variable ¢ increases linearly with the time, i.e. 


. 


. 
d=yt, t= im 
yi 


For this reason, the co-ordinate x is also a periodic function of the 
cyclic co-ordinate ¢. We then call the cyclic co-ordinate ¢ an angle 
co-ordinate w if the period is unity, i.e. when 


a(w+1)=a2(w) . 2... . s (76) 


* It is impossible to avoid the double designation of the energy by H and by H, 
for the following reason: H(p,, q;) signifies the Hamiltonian function of the position 
and momentum co-ordinates. For conservative systems, this is identical with the total 
energy H, which is a constant of the system. On passing to cyclic variables H will de- 
ey also only on quantities constant in time. In this case we may write H in place 
of H. 
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In the simple case of a point moving uniformly around a circle, the 
polar angle ¢ is a cyclic variable, but the angle variable is the quantity 
w = ¢/27, for in the latter quantity the rectangular co-ordinate 
is periodic with period unity. The momentum co-ordinate con- 
jugate to an angle co-ordinate is called an action variable, and is 
designated by J. 

The advantage of using angle and action variables lies in the 
fact that we obtain the frequency of the system immediately by 
differentiation of the Hamiltonian function; for if H is given as 
a function of the action variables (H cannot be a function of 
the conjugate position co-ordinates, since every angle co-ordinate is 
cyclic), then 

ae OF my, ee Tc 


On the other hand, every periodic function of frequency pr is repre- 
sentable, subject to conditions as to continuity which are by no means 
onerous, by a Fourier series of the form 


t= x Ch gry AP 7. © ee © @ e (78) 


The series is a periodic function of the quantity vt, with period unity. 
But w is an angle variable by hypothesis, and so ~ is also a periodic 
function of yt, with period 1, i.e. y is identical with v. What constant 
of the system must be introduced as a new momentum co-ordinate in 
order to make the conjugate position co-ordinate not only a cyclic 
variable but also an angle variable? At any rate, the generator of the 
transformation must satisfy the Hamilton-Jacobi differential equation, 
and is therefore again denoted by S. If S is known as a function of g 
and J, then we have, as in § 9, 


_ oS(q, J) _ 9S(q, J) 
i and p= Figg TS (79) 


On account of the constancy of J, the increase of w during the course 
of the motion is 
_ &S(q, J) 


do= og yO “oO © Oo (80) 


Our requirement that w be an angle variable may be expressed as 
follows: when the system has returned to its former state, w must 
have increased by 1. If we integrate the increase of w over a period, 
we must have 


=f do = $ soy a= Fy f 5g =f PM (81) 
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This requirement is satisfied if we introduce the so-called phase 
antegral 


J= $ pag oes ee 


as a constant of the system. The symbol ¢ denotes integration over 


a period of the system—that is, over a complete range of variability 
of the co-ordinate q. 

According to the above considerations, the process of finding the 
angle variables amounts to the following: the Hamiltonian function 
(ie. for conservative systems, the energy) is given in terms of any 
arbitrary co-ordinates p and g. Replace p in H(p, g) by dS/dq, and 
obtain the Hamilton-Jacobi Differential Equation (68) (p. 127), which 
becomes an ordinary differential equation if there is but one variable. 
If this equation is solved, or at least reduced to a quadrature, form the 
integral i 


JaGGM vee ees 8) 


over a complete period of g. The integral becomes a function of the 
integration constant EZ. If the equation is solved for E, we obtain— 
on the one hand—the Hamiltonian function as a function of the action 
variable, and therefore the frequency is given as 


dE dH 


y=a=gm cee ee 4) 


On the other hand, by substituting J in the integral of the Hamilton- 
Jacobi equation, we can complete the transformation to angle variables. 


Let us illustrate the process with the simple example of the linear harmonic 
oscillator. We have [cf. Chap. V, § 7, p. 93], 


T= tme, ay r 
2 
that is, = me 7 
: P 7 man 


The Hamilton-Jacobi equation thus becomes 


1 /dS\* 2, 
ala) + 


ds fe 
or 7 V2mE — mkz3. 


Since p = dS/dx must remain real, we can find the limits of x at once: # must 
extend from amin = —V2H/k to tmax = +V2E/k. As we go from %min tO max 
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x increases, so that #, and therefore p and dS/dz, are positive. On the return, 
2 decreases, and ¢S/dz has the negative sign, The complete integral 


J= GF de = $ Vin — a Vink § 977 — 22 dz 


thus represents V mk times the area of a circle of radius V2E/k. That is, 


ke or ame cal 
k 2x Vm 


From this result, the frequency is 


ee 
= aT on mn 


as already derived on p. 94 by elementary methods. Indefinite integration of 
dS /dz, and the replacing of Z by 

J Je 

2x Vm 


yields the generator S of the transformation to angle variables, and differen- 
tiation with respect to J gives w. The calculation is not troublesome, since the 
integral 


if V 2mE — mka? dx 
is easily evaluated as an indefinite integral. The result is 


lw 
w= — sin? 


nv km 
= a re) 


The Hamilton-Jacobi method appears much more complicated here than the 
direct integration, as carried out in Chap. V, § 7. As a matter of fact, the full 
value of the Hamilton-Jacobi method first becomes evident in connexion with 
complicated systems in Celestial Mechanics, or Atomic Mechanics, where it 
proves to be an indispensable aid. 


The application of these principles to systems of more than one 
degree of freedom requires development of the concept of multiply 
periodic—or conditionally periodic—systems, which occur when 
there are several degrees of freedom. Let the rectangular co-ordinates 
a, be periodic functions of the angle variables w, with period 1, i.e. 


a, (w, + 1, wy + 1, y+ 1,...) = Ze (wy, Wy, Wz.--), (86) 
and generally, for whole numbers 7,, 
ay (W, + My, Wy + Mg,» -) = Ty, (Wy, We..-). (87) 


Just as Fourier’s series is the most general representation of periodic 
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functions of one variable, so the general analytical expression for 
functions of several variables, having as many periods as there are 
variables, is the multiple Fourier series of the form 


hp = Eahig se Cig he eee 


Since the w, increase linearly with the time, we may substitute the 
expressions v,t ++ 5, for w, in the Fourier series. Taking the factors 
e’miméx originating in the phase constants into the coefficients, we 
then have 
Dy = BL Lges. Di Gereniala terete) | med) 

This multiple Fourier series no longer represents a periodic function 
of the time. It is true that any one factor, e.g. e?”* returns to its 
initial value after 7, = 1/», sec; but this term is multiplied by other 
factors ¢?"=%t which certainly do not return to their old values 
since the separate v, are taken to be independent of each other. A 
true periodicity in time can be obtained only by imposing additional 
conditions on the »,, e.g. the condition », = vg = vg = vz. 

For this reason, multiply periodic systems are also called con- 
ditionally periodic. A simple example of a conditionally periodic system 
is a particle performing harmonic vibrations along the z- and y-axes, 
the two vibrations having incommensurable frequencies. As shown 
on p. 60, the resulting orbit is a so-called Lissajous figure which never 
closes, if the ratio of the two frequencies is not a rational number, but 
which, in the course of time, covers all points within a given rectangle. 
All orbits of conditionally periodic motions are of the type of the 
Lissajous figure; a certain portion of space is densely filled, yet the 
orbit is not closed, and thus a true periodicity in time does not exist. 

Conditionally periodic motions occur in general if the Hamilton- 
Jacobi equation (68) (p. 127) can be solved by “ separation of the 
variables »—the only feasible practical method, assuming that the 
system has properties of periodicity at all. By separation of the variables 
we mean the solution of the equation by putting, in those cases ‘where 
it is possible, 


S (dis G2» Ya+ ++ V7) = Sy(Q1) + Sa(q2) + S3(Gs) + --- S(q,), (90) 
s0 that Pe=a- =z «© - s-sss (91) 


and the equation may be separated into a number of ordinary differen- 
tial equations of the form 


Ge) + flan, .. 2a ae 
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the energy EH becoming a function of the constants of integration: 
E = Ela, ag, Gy,...a;), «© « - « (93) 


The search for the angle and action variables proceeds just as in 
the case of one degree of freedom treated above: let the angle and 
action variables which are sought be denoted by w, and J, respec- 
tively, and let S be the generator of the transformation, as a function 
of the old position co-ordinates g, and the new momentum co-ordinates 
Jy. 

Imagine all the position co-ordinates q, except q, held constant. 
Since the action variables are constants, the change in the angle 
variables corresponding to a change in q, is 


__ OW, 
dv, = 2am dqy. SP as) a Meee eee 
Now, since 
a S (dn, Fx) 
ui ay, 


the above expression becomes F 
dw, = Te a oe - © «© © 8 (95) 


We now postulate the separability of the Hamilton-Jacobi equation 
in the co-ordinates g,, which we therefore call the separation variables. 
Thus 


a dS 
die = 57 Gg, Ue es e@ @ @ (96) 


h 


The change in w, corresponding to passage through the complete range 
of variation of q, is 


0 dS, 
Aw. = sz f 7, Ue eats 
If we now introduce the phase integrals 
dS, 
= —- = d eeee 98 
J, $ age f Pidtr (98) 
as action variables, then 


A,w, = 1 for h=k I 
=0 for h+k } 


But this means that the variable of separation g, is a periodic function 
of w,, with period unity. While it is true that each of the variables 4, 
is simply periodic, the periods of the separate 9, are different, and so 
the system is multiply periodic, Hence the rectangular co-ordinates, 


oe ec © (99) 
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which may depend on the g, in many ways, become multiply periodic 
functions of the w,. The variables w, and J,, introduced in this manner, 
thus fulfil all the conditions imposed above on angle and action 
variables. 

If the energy is expressed in terms of the phase integrals rather 
than the constants of integration a,, the frequencies of the system fol- 
low by differentiation since, according to (65) (p. 126), and the above 
discussion, 

dw, OH 


vy = >, say 


di Ody 
Let us illustrate the method with the example of Keplerian motion treated 
on p.'90. Since the force is a function only of the distance r from the centre of 
attraction, three-dimensional polar co-ordinates are suggested. The line element is 


given by 
ds* = dr? + r#d09+ rtsin?O0dp*. . 2 6 © « (100) 


ds\ uM ; 5 
Then T= 3m (5) = 4m(r + 726% + 1? sin"6 o*), e « (101) 
and the momentum co-ordinates become 


Pp =m, po = mri6, ps = mr? sin?0 9. e « « (102) 


Expressed in terms of these co-ordinates, the kinetic energy becomes 
= — 3 u 3 1 ) 
am (P, + 3 Pe + santo P? . eo © @ « (103) 


The potential energy for the gravitational force between m and the central mass 
M is 


v= — rt > o> \@. @ (6 8, 08 (104) 


Replacing the p, by @S/0q, in the Hamilton-Jacobi differential equation, we 


have 
Im LG=) +3 (55) + waar Fel —l=H.  « (105) 
We put 
: S = S,(r) + 88) + Sy(o), 6 « © « « (106) 
and obtain 


Af /(g8-\? 4. sat 1 (dS84 b 
2m LG) +A (a) + rant ea ome Bote) 
We can now separate the equation into three equations with a4 and a»* as con- 


stants of integration: 
= Ads «es © © © e @ @ (108) 


ds f 
Pom GS = e eee e@ 8 @ (1087) 


= m a,* 


gure ae eee eee (109) 
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dSo bee ) 
r = UTS 2 
0) Ps a0 ae ante’ So 6 6 o (Whee) 
an aS,\* ae i. oz 
2m [ (=) a 7) r ca E, ee ee @¢ @ (110) 


=r 4/ 2mb __ a, , 
ar Fy we 2mH + a, ae e e@« ee @ (110’) 


These equations are somewhat more general than (92) and (93), since (109) and 
(110) contain the integration constants of (108) and (109) respectively. The 
subsequent procedure, however, is the same as above. By the second form, the 
integration is reduced to quadratures. In order to calculate the phase integrals 
J,, the limits of the variables must be determined; the second form of the 
equations is adequate for this purpose. Since ay is constant, py, and therefore 9, 
always have the same algebraic sign. If the system is conditionally periodic at 
all, then a complete period of » is from 0 to 2x. Then 


2+ 1 
Jo= f agda = 2nag; ag=5-Jy « . » (Il) 
Cg 


The co-latitude 6 behaves differently. Since yp must remain real and finite, the 
limits are given by 


sin Qmax = sin(™ — Omin) = “2, See eel?) 
8 
With increasing 6, the positive sign of the radical is to be taken; for decreasing 


@, the negative sign, as explained in detail for the case of the linear oscillator 
(p. 130). The value of the integral taken from @min to 9max and back to Opin is 


_—$<—$—$—$>$$__—. 


Jo= ¢ fae i d0= 2Qn(ag— ag) + © «© (113) 


as may be calculated readily. Then 


(77) = Jot Jo 
2n 


If we substitute this value of ag in the expression for dS,/dr, we obtain 


Je= § afamm + mb — Get Ta? ay « « 2 en 


Tr 427? 


If the motion is periodic or conditionally periodic, then, here too, the zeros of 
the expression under the sign of the square root, or radicand, determine a minimum 
and a maximum of 7, and these quantities must be positive, since the radius vector 
is always positive. The solution of the quadratic in r, obtained by setting the 
radicand equal to zero, gives two positive values of r only if # is negative. This 
is in harmony with the result of Chap. V, § 6, p. 92, that the orbit is hyper- 
bolic for E positive—in which case there is no finite extreme value of r—while 
negative total energy leads to the periodic elliptic orbit. With the assumption 
that Z is negative, the integral is to be extended from rmin tO Tmax; and back to 
min With the opposite sign for the radical. The evaluation of the integral by 
elementary means is somewhat cumbersome, but possible; however, the result 
is obtained much more readily by complex integration (cf. p. 73), and is 
2nmb 


Jp = —40— Jo Fay oof ee (115) 
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From this we have 
os —21*mb* . 
(J, + Jo + Jo)? 
which gives the energy Z in terms of the action variables: 
E= HUod6J¢): . . = oases 


E re 


The frequencies may be determined at once by differentiation. Here we have 
the special case where 
mie oo a 2H eeee (118) 
‘Tos, ° aan aes. 
since the energy depends only upon the sum J, + Je + J. This is in keeping 
with the fact that the elliptic orbit is closed, and hence that we are dealing with 
a true time-periodicity. 


Since we may set up as many phase integrals as there are co-ordinates, and 
since the energy, in general, depends upon these integrals individually, one 
should expect as many independent frequencies as there are degrees of freedom 
—in the present case, three. If the number of independent frequencies is smaller, 
the system is said to be degenerate. The difference between the number of degrees 
of freedom and the number of frequencies is called the degree of degeneracy. The 
Keplerian motion is thus doubly degenerate. In this very frequently occurring 
case of degeneracy, the quantities J,, Jo, J, are not yet the correct action vari- 
ables. If we remove the degeneracy by introducing additional small forces 
(“ perturbations ”), we must insist that some of the angle variables of the result- 
ing non-degenerate system pass over into constants of the degenerate system 
when the perturbing forces are reduced to zero. This is not the case, however, 
for the angle variables which correspond to J,, Je, Jg. The true angle variables 
may be obtained by starting with a non-degenerate system and allowing the 
perturbing forces to vanish. These variables, which are known in astronomy as 
the Delaunay elements, have come to be of great importance. We quote them 
here without verification: the first action variable is the sum 


J, =J5,+Jot+ do. 
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The associated angle variable is the mean anomaly M, which is related to the 
eccentric anomaly u, occurring in the parametric representation of the ellipse 
x =acosu, y = bsinu, by the relationship 


1 ‘ 
M == (u— esinu), 


where ¢ is the eccentricity. The second action variable is 2x times the total 
angular momentum: J, =27P. The associated position co-ordinate is given 
by 1/27 times the angle between perihelion and the line of nodes, the latter being 
the line of intersection of the orbital plane and the zy-plane of a fixed co-ordinate 
system. This co-ordinate is constant for an unperturbed Kepler ellipse. The 
third momentum co-ordinate J, is 2m times the z-component of the angular 
momentum, i.e. Js = 2nxP,. The associated position co-ordinate w, is 1/2x 
times the angle between the line of nodes and the z-axis; this also remains fixed 
for an unperturbed Kepler ellipse (fig. 1). 


CHAPTER VII 
Tue Mrcuanics oF Ricip Bopies 


1. Selected Topics in the Kinematics of Rigid Bodies. 


(a) The number of degrees of freedom of a rigid body 


A rigid body is understood to be a system of particles, the indi- 
viduals of which are rigidly inter-connected, i.e. always maintain the 
same distance from each other. We therefore leave out of consideration 
deformations which occur in all actual physical bodies. 

The position of a rigid body with respect to an arbitrary co-or- 
dinate system fixed in space is determined if the position of the origin, 
and the orientation, of a co-ordinate system fixed in the body are 
given. In order to fix the origin of the latter co-ordinate system we 
need three co-ordinates; to specify the orientation of this system, we 
may use the direction cosines of the axes referred to the system fixed 
in space. If we denote these cosines by a,, f;, y;, then 


t= a,t + BZ + nk 
J = gt + Bef + yoke fo oe 2 ee + (I) 
BR’ = ast + Bsj + yok 
But there are six equations connecting these nine coefficients, viz.: 
1= #2? =a%+ B’+ yy? 
l= 7? = a,%+ B+ v2 2 Oe CeO < (2) 
l= k? =a,’ + B+ ys ‘ 


O= 27’ = aya, + BiPa+ nwo 
’ e e e ee (3) 


0= jk = a,a3 + BBs + yoys 
O= k't’ = a,0, + B38, + yey 


ie. there are but three additional free variables. The position of a 
rigid body is thus completely determined by six numbers (co-ordinates); 
the number of degrees of freedom 1s therefore six. 

It often proves useful to introduce three independent variables, 
in place of the nine direction cosines conditioned by six equations. 
For this purpose the Euler angles 6, y, ¢ are suitable. These angles 

188 
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are defined as follows (cf. fig. 1): @ is the angle between the 2’-axis 
and the z-axis. The ay-plane cuts the «’y’-plane in a straight line, 
which we again call the line of nodes, and which we define by the unit 
vector #. We draw a straight line and corresponding unit vector 72’ 
perpendicular to 7 and in the 2’y’-plane. The angle ¢ is the longi- 


tude of the node, i.e. the angle between the line of nodes and the 
a-axis. ¢ denotes the angle, in the 2’y’-plane, between the 2’-axis 
and the line of nodes. If the Euler angles are given, it is not difficult 
to draw the axes 2’, 7’, k’. Using y, one can first draw the line of 
nodes in the zy-plane. Through this line pass a plane making an angle 
6 with the zy-plane; this is the z’y’-plane. The normal to it is the 
‘ oo In the 2’y’-plane, the position of the z’-axis is then determined 

y >. 
The axes O,’, O,', O,' are fixed in the body, and O,, O,, O, are 
fixed in space. 

The number of degrees of freedom is diminished if separate points 
of the rigid body are held fixed. If, for example, one point is fixed, 
we place the origin of co-ordinates O at that point; the position of the 
body is then determined by the three Euler angles 0, #, ¢, and so the 
number of degrees of freedom is reduced to three. If we hold two 
points fixed, the only possible motion is rotation about the axis formed 
by these points. The position is then fully determined by giving the 
angle of rotation, i.e. the angle between a line in the body normal to 
the axis and a plane fixed in space, through that axis. A rigid body 
in which two points are fixed has then but one degree of freedom. 
This last degree of freedom is also removed if the position of another 
point, not in the axis, is prescribed. We shall consider the motions 
possible for a rigid body under these various limitations, and finally 
shall touch upon the general motion of a free rigid body. 
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(b) Rotation of a rigid body about a fixed axis 


The angular velocity and the direction of the axis together may 
be characterized by a vector in the following manner: we assign a 
vector w in the direction of the axis, such that the rotation is clock- 
wise when looking in the direction of w, and such that the magnitude 
of w is equal to the angular speed w. This representation has a mean- 
ing only if we can show that the angular velocities so specified follow 
the laws of vector analysis, i.e. that two angular velocities around 
intersecting axes combine to give a third angular velocity whose 
axis and magnitude are determined by vector addition. This is actually 
the case. If w, is the first angular 
velocity, the linear velocity v, of a 
point whose radius vector, referred to 
a point O on the axis, is y is given in 
direction and magnitude by the vector 
product [w,7]; for the linear speed (see 
fig. 2) is equal to the product of w, by 
the perpendicular distance p of the 
point P from the axis, i.e. equal to 
w,|7%,|sin(w,7”). Moreover, v, 18 nor- 
mal to the axis, which is also true of 
[w,7]. If now a second axis through O 
is given, then the linear velocity corre- 
sponding to the rotational velocity w, is given by v2= [wer]. 
The resulting linear velocity is thus 


which, by the distributive property of the vector product, is 
v=|(w,+,)r|=|wr|. . . . . (4) 


That is, we may replace the angular velocities w, and w, by the 
angular velocity w which is obtained from w, and w, by vector addition. 
If we multiply both members of equation (4) by dt, we have the same 
law of combination for infinitesimal angular displacements (rotations). 

However, this important rule for combining angular velocities and 
infinitesimal rotations must not be understood to hold for the analo- 
gous case of finite rotations about two intersecting axes. True, one 
may assign to every finite rotation a directed line-segment whose 
length is proportional to the angle turned, but—as may be seen at 
once by simple examples—two such rotations combine in a much 
more complicated manner than two vectors. A finite rotation signi- 
fies a transformation of axes, i.e. a tensor; and while two successive 
transformations may be replaced by a single one, the replacement 
cannot be made as simply as for angular velocities. 
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(c) Plane motion of a rigid body 


Next to rotation about a fixed axis, the simplest case would be the 
motion of a rigid body about a fixed point, according to the above 
enumeration of degrees of freedom. However, it is advisable before 
taking up this case to consider a motion which also has three degrees 
of freedom—plane motion, in which all points of the body move 
parallel to a given fixed plane. All points on a line normal to this 
plane then describe congruent 
paths, and so it is sufficient to study 
the motion of one plane moving 
over another fixed plane. One may 
picture this motion as that of a 
sheet of paper moving about on a 
plane table-top. It is evident that 
this motion has three degrees of 
freedom, for if we fix one point of Fig. 3 
the moving plane by giving its two 
co-ordinates, we can still turn this plane about the fixed point; the 
position of the moving plane is completely fixed by further specifying 
the angle of turn referred to a fixed axis. It may be shown that the 
general motion at any instant may be looked upon as a rotation about 
an instantaneous pivot point, the instantaneous centre; for if we 
select two arbitrary points P, and P,, the motion of every other point 
is determined by the motion of these. After a time A the two points 
are at P,’ and P,' respectively (fig. 3). Draw the perpendicular bi- 
sectors of P,P,’ and P,P,'; let these intersect at P . The triangles 
P,P,P, and PoP,’ P,’ are congruent, 


since the construction makes P)P, = as 
P,P,’ and P,P, = PoP,’, and also wy Ny 
P,P, = P,'P,{ on account of the oof 


rigidity of the body. As a result, 
the triangle P,P,'P,’ can be brought 
into superposition with triangle 
P,P,Pz by rotation about Py. Since 
the position of the body is deter- herpolhode 
mined, for plane motion, by the two Fig. 4 
points P, and P,, which were chosen 
at random, the same construction with any other pair of points must 
also lead to the point Py. If At is allowed to approach zero, the seg- 
ments P,P,’ and P,P,’ become the tangents of the paths, and have the 
directions of the velocity vectors, and are normal to P,P, and P,P, 
respectively. The instantaneous state of motion may therefore be looked 
upon as a rotation about Py. This point is the instantaneous centre. 

If the position of the instantaneous centre is marked in the fixed 
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plane, as well as in the moving plane, we obtain (except in the trivial 
case of simple rotation about a fixed point) a curve in each plane. 
The curve in the fixed plane is called the herpolhode; that in the moving 
system, the polhode. According to their definition, both curves must 
have the instantaneous centre in common at any instant. An infinitesi- 
mal rotation about this point must bring the neighbouring points of 
both curves into coincidence. This is possible only if the two curves 
touch at the pole and roll upon each other without slipping. This is 
immediately evident from a diagram in which the curves are pro- 
visionally replaced by broken lines (fig. 4, p. 141). 


(d) Motion of a rigid body about a fixed point 


The motion of a rigid system about a fixed point bears the same 
relation to plane motion as spherical geometry bears to plane geometry. 
Just as the points on a normal to the fixed plane describe congruent 
orbits in the case of plane motion of a rigid body, so here the points 
on a radius through the fixed centre describe paths which are similar 
spherical curves, similarly placed with respect to the fixed point. It 
is therefore sufficient to examine the motion on any spherical surface 
having the fixed point as centre. We may thus picture the situation 
as the sliding of a spherical shell upon an inner fixed sphere. We can 
apply the same construction as we used for plane motion, and so 
obtain an instantaneous centre on the sphere. If we trace the path 
of the instantaneous centre, we obtain two spherical curves, the her- 
polhode and the polhode. By rolling the latter curve upon the former, 
the motion is determined exactly as in plane motion. In reality, we 
are not dealing with two spherical curves, one rolling on the other, but 
with two cones, if we consider all the concentric spheres. In the same 
way, in the case of plane motion, we really have two cylinders, whose 
generators are normal to the plane, rolling one upon the other. 


(e) Arbitrary motion of a rigid body 


Since the position of a rigid body is determined by the position 
of one point, and by the orientation of a set of axes fixed in the body, 
a change to a neighbouring position can be effected by a translatory 
motion which brings that point to its new position, followed by an 
infinitesimal rotation of the axes to their new position. We can always 
arrange matters so that the axis of instantaneous rotation lies in the 
direction of the translational motion, and a rigid body may therefore 
always be moved to a neighbouring position by means of an infinitesi- 
mal screw motion. We give this result without proof, since no further 
use will be made of it. If we again trace these instantaneous screw 
axes in both the moving and fixed systems, we obtain two ruled sur- 
faces. In the course of the motion, these surfaces not only roll upon 
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one another, as in plane motion or spherical motion, but there is a 
simultaneous slipping along the instantaneous common generator. 


2. General Statics and Dynamics of Rigid Bodies. Equivalence of 
Systems of Forces acting upon Rigid Bodies. 


According to Chap. V (p. 85), the necessary and sufficient con- 
dition for the equilibrium of a single particle (ie. for the absence of 
all accelerations) is the vanishing of the resultant of all applied forces. 
In the general mechanics of systems of particles, the vanishing of the 
resultants of all force vectors means that there is no acceleration of 
the centre of gravity of the system: i.e. if the centre of gravity was 
at rest before the system of forces having zero resultant was applied, 
it remains at rest when the set of forces 1s applied. This still does not 
say that the system of particles remains at rest, for rotational accelera- 
tions about the centre of gravity may still take place. For a rigid 
body, the vanishing of the resultant moment 


M= 2[7,F\] 


is the necessary and sufficient condition for the absence of this kind 
of acceleration also. The reason is that the rigid connexions of the 
separate parts ensure that the changes in angular momenta of the 
parts are all of the same sign, so that it is impossible for these changes 
to compensate each other, as may occur in an arbitrary system of 
particles. As a result, when M = 0, equation (7) (p. 110) becomes 
o— s = ore = FE m,[ 7.04 

As we have just seen, the absence of a change in the total angular 
momentum P implies that there is no change in the angular momentum 
of the separate parts. If then F also vanishes, and no motion existed 
at first, the system remains at rest. The necessary and sufficient con- 
ditions for the equilibrium of a system of forces applied toa rigid body 
are therefore the vanishing of the resultant force and of the resultant 
moment of the forces: 


LF, = F=0 and X[y,F,] = M= 0. e (5) 


The effect of a system of forces on a rigid body depends solely 
upon these two resultants. This is evident for statics, but in kinetics, 
too, only these two vectors occur, a8 we shall see in the following sec- 
tions. All systems of forces which yield the same resultants F and M 
are entirely equivalent in effect. 

While the vector quantities with which we have dealt thus far 
could be moved about parallel to themselves at will, without changing 
their significance, this is no longer true of the forces acting upon & 
rigid body. It is evident that if we displace parallel to itself a force 
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vector acting at a point P,, we change the point of application in such 
manner that the moment of the force is altered. The moment is un- 
changed only if the displacement is along the vector. A force acting 
on a rigid body is a vector localized in a line and may be moved only 
along its line of action. 

The value of the resultant moment depends, in general, upon the 
position of the reference point O. There is an important special case 
where this is not so, viz. if the resultant F vanishes. If, for example, 
we shift the reference point to O’ by a vector @, and denote the vectors 
radiating from O’ by primes, then 


vy’ = 7r— d, 1.6. x[v,' F,] = =[”,F,] SS X[aF,] 
= Z[7,F,]—[@F]. .. (6) 


The expression X[@F,] vanishes, no matter what the direction of d, 
if XF,= 0, so that the centre of gravity remains at rest or moves 
uniformly. 

The scalar product FM is independent of the point of reference in 
any case, for if we multiply both members of equation (6) scalarly by 
F, the term F[@F] vanishes, and there remains 


Fo[v/FJ= Fy FJ). . . . . . (7) 


It may be shown also that there is always an axis such that if any point 
thereon be chosen as reference point, M will have the direction of F. This axis 
is called the central axis of the system of forces. If we denote the moment referred 
to O’ by M’, the vector M’ should be so determined that 


MW’ = M— [dF]= yF, oe ee eeee (8) 
where y is a scalar which is yet undetermined. Scalar multiplication by F yields 
M’F = MF = ;F', 


that is, ~= = 


and [ay] = Mm — yr = M— SE) MR) (9) 
From (9) we see that 
a= — WE ton, ee ee ee © @9» @ (10) 


where A is an arbitrary variable scalar quantity. This means, however, that the 
terminus of @ is on a straight line parallel to F. If, in particular, M is parallel 
to F, the central axis passes through O and is parallel to F. 


The simplest system of forces having a vanishing resultant F but 
@ non-vanishing M consists of two equal and oppositely directed forces, 
F applied at the point 7, and —F at 7,. This system is called a couple. 
The resultant moment M= [(7,— 7.) F] is a vector perpendicular 
to the plane of the two parallel forces and equal in magnitude to F 
times the perpendicular distance between the forces. Since we saw 
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that the effect of a set of forces applied to a rigid body depends only 
upon F and M, we see that any system of forces may be replaced by 
a single force F and a couple M whose moment is equal to the resultant 
moment of the set of forces. 


: If all the forces acting on a rigid body are coplanar—a frequent occurrence 
in practice—then the magnitude and line of action of their resultant may be 
found in a vivid way by means of two graphical constructions known as the 
polygon of forces and the funicular polygon. In fig. 5a the four applied forces F,, 
F;, F,, F, are shown each in its correct line of action. In fig. 5b the resultant F 
is determined by the familiar force polygon construction. In order to find the 
correct line of action of the resultant, we select an arbitrary point O and draw 
lines from it to the various corners of the polygon. These lines may be thought of 
as auxiliary force vectors Fo,1, Fi, Fs,s, Fs,4 and F,o. From the triangles thus 
formed it appears that each pair of auxiliary forces is in equilibrium with one of 
the given forces, provided that we apply both of the former at a single point on 


A Feo 
‘ ae 47 : F, * Fo. 
or a S 
me Ee Fs i y, : F, Bua ae 
Ss “é eed. 
e 3 
. 7 “Fi 4/ 
S Fz 4 F, Ie 
\ / iit? 
Se / 
N 7 F, t 
~ 
F 
Fig. § 


the line of action of the given force. Except for F,,, and F,,o, however, all 
auxiliary forces enter twice, each time with opposite signs; and since the two 
members of a pair act in the same line they cannot change anything connected 
with the equilibrium conditions. Inasmuch as equilibrium obtains after the 
introduction of the auxiliary forces, Fo,, and F,,. must be in equilibrium with 
the resultant F, and the line of action of the latter must pass through the inter- 
section of those of the former two forces. Hence in diagram (a), through any 
point of F, we draw a line parallel to F),, and another parallel to F,,9. Through 
the intersection of the latter with F, we draw another line parallel to F,;, and 
so on. The intersection of Fy,; and F,,o is a point on the resultant, whose direc- 
tion is that of the closing side F of the polygon in (6). 

This sequence of lines supplied to the diagram of original forces is called the 
funicular (Latin: pertaining to a rope) polygon because a rope would assume this 
shape under the action of the given forces. In the event that the force polygon 
happens to be self-closing, the directions of Fp,, and F,,o will be parallel and the 
resultant will be a couple. If the two parallel lines are coincident, in which case 
the funicular polygon will be closed also, the given forces will be in equilibrium. 

Ex. 47. A beam is supported at its ends and carries a concentrated load of 
P kg. at a point 4 the distance from one end. By reversing the construction just 
described, find the magnitude of the downward forces on the supports. How 
does one proceed when several loads are applied ? 
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3. Rotation of a Rigid Body about a Fixed Axis. Moment of Inertia 
and its Calculation. 


We begin the subject of the dynamics of a rigid body with the 
simplest case—‘ one-dimensional ” motion about a fixed axis. This 
motion is determined by a single co-ordinate, the angle of turn ¢. 
Thinking of the axis as a material axle, we may consider it fixed by 
holding two of its points, O and O’, in bearings. Let the resultant of 
the external forces be F, and the resultant moment, M. If we apply 
the general equations of the mechanics of systems of particles, thus 
treating the body as free, we must also take into account the reactions 
at the bearings. That is to say, if the bearings were not present, the 
axis of rotation would, in general, tend to move in some direction. 
This is prevented by the bearings, and so the axle exerts a pressure 
on the bearings. We may consider the bearings replaced by forces 
which are equal to and opposite to the pressure exerted by the axle 
at any instant. Call these forces, acting at O and O’, F, and F,’ 
respectively. If we put the origin of co-ordinates at O, the point of 
application of one of these forces, then »F, vanishes, and the equation 
for the rate of change of the total angular momentum of the system 
becomes 


2 =(r'Fy] +. es 


We now put the z-axis of our co-ordinate system along the axis of 
rotation. Since the vector product [»’F,’] has no z-component, on 
account of ~’ = 7’k, the reaction force for the z-component of equation 
(11) drops out, and we obtain the simpler equation 


dP, 
gp aM» «6 + eee © (12) 


which we will now treat further. If the angular velocity veetor is 


weak, .. .. . + « (13) 
then 
P= im,[r,v,] = Um,[7,[w7,]] 
= wim, re — UM, r;(w7;) 
=wkimyr?—wimy,(r,k) . . . (14) 
and 


P, =wilm re SS wim, (r,R)? = wim,|[r,keP 
= Din, (Bf PP). kk ey 
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The quantity 
im,[7, RP = imi(2Z + y2)= imReF . . (16) 


is called the moment of inertia of the body about the z-axis, and 
i8 denoted by I,,, for a reason explained below. With this notation, 
(12) gives the equation of motion 


ee Mw fw OT 


Since the position of the rotating body is determined by the angle ¢, 
no other equations are needed if we wish to study only the course of 
the motion. We must bring in the remaining equations of motion, 
however, if we wish to find the pressures at the bearings. Comparing 
(17) with the statement of Newton’s Second Law for the case of one 
degree of freedom of a particle, viz. 
dx 

we see that the two equations are mathematically identical, and that 
the following paired quantities correspond to each other: 


Moment of inertia J,,. Mass m. 
An leration &* Li leration 2” 
gular acceleration aE’ inear acceleration 7. 
Component, along the axis of Component of force in the 
rotation, of the moment of direction of motion. 


the external forces. 


Moreover, the kinetic energy of rotation becomes, in complete analogy 
with the case of linear motion, 


P=414(F). a a ee 


as may be verified readily. 

In the mechanics of a particle, the vibrational motion taking place 
under the influence of a quasi-elastic force F, = —ksx is of importance. 
In the rotational motion of rigid bodies, also, there often arise re- 
storing torques which are proportional to the angle of turn, and whose 
representative vectors are in the direction of the axis. Such a turning 
moment is of the form M = —rd, and the equation of motion becomes 


1724 1g=0, , 08 


where in place of I,, we write I for brevity, it being understood that 
we mean the moment of inertia about the axis of rotation. The factor 
of proportionality 7 is called the moment of torsion; it has the dimensions 
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of force X distance, i.e. work. A torque of this kind arises, for ex- 
ample, when nu rigid body, suspended by a wire clamped at the upper 
end, is slightly twisted about the wire as axis. Since equation (19) is 
identical with equation (24) (p. 93), apart from notation, we can 
write down at once the frequency of free vibration of a rigid body 
under the influence of a restoring force proportional to the angle of twist: 
1 Ne 1 /moment of torsion 


==\7= a. ae 


I 27‘ moment of inertia’ 

In order to determine J, we must calculate the quantity &m,h/, 
where h, is the perpendicular distance of the ith particle from the 
axis. For a continuous distribution of matter of density p, the sum is 
to be replaced by the integral {Jf ph?dxdydz. We shall find, below, that 
the moment of inertia about any axis may be found without another 
integration, provided that this quantity is known for a particular set 
of three mutually perpendicular axes of the body intersecting at the 
centre of gravity. We show in the first place that the moment of 
inertia about any axis not passing through the centre of gravity may 
be calculated from the value of the moment of inertia about a parallel 
axis through the centre of gravity. If ¥ is the vector to the centre of 
gravity from an origin on any selected axis, and if we denote by primes 
the radius vectors from the centre of gravity to the various particles, 
we have 


v 


v; = v 4. v;. *_ e e e 8 @& @ (21) 
If the axial direction is denoted by the unit vector c, 
I= Xm{r,c? = Im[ rch + im{ri cP, . (22) 
since Lm,7,' = 0 (cf. p. 107), i.e. the term 
2um[rc] . [y,'c] = [rc] . [iam,7/', c] 
vanishes. 

The second term of (22) represents the moment of inertia referred 
to the axis passing through the centre of gravity; the first term re- 
presents the moment of inertia of the body about the new axis, con- 
sidering the entire mass concentrated at the centre of gravity. This is 
Steiner’s Theorem: 

Lhe moment of inertia of a rigid body referred to an arbitrary axis is 
equal to the moment of inertia referred to a parallel axis through the centre 


of gravity, plus the moment of inertia of the entire mass about the given 
axis, assuming it to be concentrated at the centre of gravity.* 


* It is sometimes convenient to introduce the so-called radius of gyration k defined by 


Le. & is the distance from the axis at which the entire mass may be considered con- 
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We now calculate the moment of inertia about an arbitrary axis 
through the reference point O. If the direction cosines of the axis, 
referred to an arbitrary fixed system of co-ordinates, are cosa, cos B, 
cosy, then 


I= im{r,c? = Xm,{ (y, cosy — 2, cos 8)? + (2, cosa — 2, cosy) 
-++ (x, cos B — y, cosa)?} 
= Lm,(y7+ 27) cos*a+ Lm,(z2+ x7) cos? B+ Bm,(xz2+ y,?) cos’ y 
— 22m, y;2, cosy cos B — 22m,2,;2, cosa cosy 
—OhmyayyyeosaicosB % «6. we 2 ew « (28) 


The moment of inertia is thus a quadratic function of the direction 
cosines of the axis. The coefficients of this quadratic function are of 
two kinds; those of the squares of the direction cosines are the moments 
of inertia about the three co-ordinate axes: 


um(y? + 2,7) = es 
mm,(z7 +p a") = bgg e« 2© «© @ @ @ (24) 
im(z? a y?) =I 22 


The coefficients associated with the mixed products of the direction 
cosines are called the products of inertia: 


Xm, y4 = Ley 
Dngys2e—= Typ ps - © 2 0 2 o (25) 
Lm, 2,2; = I ge 


The moments of inertia, as functions of the directions of the axes, 
can be represented graphically by means of a surface, as follows. 
Draw the radius vector R from the origin O in the direction of the 
axis about which the moment of inertia is taken. Take the length of 
this radius vector so that 

1 1 
R = Wht I aes R* e e e e ® e (26) 
Referring the resulting surface to a system of co-ordinates with origin 
at O, we have 


cosa = 5 = Viz, cos B = +/ly, cosy = 1/12. . (27) 


Then, according to (23), the equation of the surface which is the locus 
of the end points of F is 
gg t? + Lyy? + Les? — Dey ty — Wysy2— A ee2a=1. (28) 


centrated without altering the moment of inertia. The theorem may then be stated: 
“The square of the radius of gyration about any axis is equal to the square of the 
radius of gyration about 4 parallel axis through the centre of gravity plus the square 
of the distance between the two axes.” The other conclusions of this section also 
may be expressed in terms of the radius of gyration. 
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This equation, being of the second degree, represents a conicoid, or 
quadric surface. It is an ellipsoid (in special cases, an ellipsoid of 
rotation, or a sphere), since the moment of inertia of a physical body, 
referred to any axis, cannot vanish, and hence no radius vector 
R=1/,/I can become infinite. Since the quantities I,,, &c., depend on 
the choice of reference point, there will be a different ellipsoid of 
inertia for every point of reference O. Now, according to analytical 
geometry, for every surface of the second degree there is a particular 
system of co-ordinates, that of the principal axes, in which the equation 
of the surface has the simple form 


Le?+tihy?+igt@=1 . . . . (29) 


The three quantities I,, I,, I; are called the principal moments of in- 
ertia, If the axes of the principal moments and the magnitudes are 
known, the moment of inertia for any other axis through O may be 
evaluated graphically or analytically as the inverse square of the 
radius vector drawn in the direction of the axis in question. If O is 
the centre of gravity, the moment of inertia for any other axis may be 
found by applying Steiner’s theorem. A second-degree surface has 
six independent coefficients. In general, then, one must measure six 
moments of inertia, in so far as the positions of the principal axes of 
inertia (which correspond to the axes of symmetry) cannot be deter- 
mined in advance on grounds of symmetry. The six quantities deter- 
mining the ellipsoid of inertia are to be interpreted as follows—three 
for the principal moments of inertia and three additional ones for the 
orientation of the system of principal axes within the body. 

The expression for the kinetic energy of a rotating rigid body is 
specially simple in the co-ordinate system of the principal axes of 
inertia. In general we have 


L = $2m,0?7 = $m, wr), 
and since 
W = we, 
this expression becomes 


T = ket Dm, fcr}? = Jol. 


But we have already calculated the expression for &m,[cv]* in the 
co-ordinate system of the principal axes. Since J,, = 0 for k + 1, we 
have from equation (23), 


T = 4w*(I, cosa + I, cos?B + I, cos*y), . . (30) 
and since 


@., @,,' @,: 
et cosB =", cosy =~, gts Ash) 
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resolution of w along the principal axes of inertia fixed in the body 
makes the expression for the kinetic energy take the form 


T =i (L,w,? + Inwy? + Igme”), 6 ee (82) 


Ex. 48. Calculate the moment of inertia of a solid, homogeneous cube about 
one of its diagonals. 

Ex. 49. Theory of Kater’s Pendulum. If a rigid pendulum has the same 
period when oscillating about two parallel axes at unequal distances ¢ and 8’ 
from the centre of gravity, then the length of the simple pendulum having the 
same period is given by s+ 3’. Prove this. 

Ex. 60. What must be the distance of the point of suspension of a pendulum 
from its centre of gravity in order that a small change in this distance may have 
a minimum effect on the period ? 

Ex. 61. For many purposes, a diatomic molecule may be represented by a 
rigid ‘‘ dumb-bell ” model, in which the masses M, and M, are a fixed distance 
a apart. This system rotates as it flies through space. Represent the kinetic 
energy as the sum of translational and rotational energy. 


4, Motion of a Rigid Body about a Fixed Point. Elements of the Theory 
of the Top. 


(a) Relation between angular momentum and angular velocity 


For the investigation of the motion of a rigid body about a fixed 
axis we needed only the component of total angular momentum in the 
direction of the axis, and not the forces holding the axis in place, so 
long as we were interested only in the progress of the motion, and not 
in the forces at the bearings in which the imaginary axle was con- 
sidered to turn. If, now, one of the bearings is removed, and the axle 
is constrained only at one point O, the axis will not, in general, re- 
main stationary, but will turn about O. If we wish to apply the theorem 
concerning the total moment of momentum, we must consider again 
the relation between the angular momentum vector P and the angular 
velocity vector w, given (p. 146) by 


P= =m; xv 2(w) = xm, (7,0). 


Writing the equation in components, 
Pe Umi (art yg? + 22), — DIM, Hj (Bj We TF Yiy + Z;Ws)y 


or Pp = Tnn@e — Leyoy — Ler: 
and similarly, Py = —Laye + LyyOy — Lue [> (33) 


ie a —1,,W = Tya@y 55 1,02 


That is, the components of P are linear, homogeneous functions of the 
components of w. The matrix of coefficients is symmetric, since the 
terms symmetric with respect to the diagonal are equal. Starting with 
a given vector w, the correspondence between the vectors P and w, 


determined by six coefficients, must, of course, always lead to the same 
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vector P, in whatever way the vectors are resolved into components. 
But, according to p. 36, this is the criterion that the six coefficients 
should be the components of a symmetric tensor—the inertial tensor. 
According to the explanation on pp. 36 ef seg., one can find the vector 
F corresponding to a given vector w by using the tensor ellipsoid: 


| Pe te Iyyy* ae Le Sag QL ay ZY a 21,242 - 21 gg =1. (34) 


This ellipsoid is identical with the ellipsoid of inertia discussed in the 
preceding section. To find P, draw a radius vector » parallel to w. 
Then P has the direction of the normal to the ellipsoid at the terminus 
of v. The magnitude of P is determined as on p. 37 by the equation 
upon which the construction of the ellipsoid is based. The normal 
and the radius vector have, in general, different directions, so that 
the vector of the resultant angular momentum does not, in general, 
have the same direction as the axis of rotation. The two are parallel 
only for the directions of the three principal axes of inertia. If we denote 
by accents the components referred to this co-ordinate system, which is 
determined by the form of the body and the distribution of mass, then 


Py = Twy 
PT ay |. (35) 
Teg Sma Tyay 


This co-ordinate system—in which the axes of co-ordinates are the 
axes of the ellipsoid of inertia—is fixed in the body, and thus changes 
direction when the body turns. On the other hand, all the theorems 
already proved, such as the law of conservation of angular momentum 
in the absence of external torques, are based on a system of co-or- 
dinates fixed in space. For example, if in this case of P fixed in space, 
we imagine the vector P to be watched by an observer on the rotating 
body, he will observe an apparent motion of this vector. 

In mechanics, any rapidly rotating rigid body is called a top. The 
easiest case to treat is that of a top having three equal moments of 
inertia. It is called a spherical top. Naturally, the body itself need 
not be a sphere; it is only necessary that the mass be so distributed 
as to make the ellipsoid of inertia a sphere. By (35), P and w will 
have the same direction for a spherical top. For other reasons, the 
tops or gyroscopes encountered in practice are rotationally symmetric 
bodies having two of their principal moments of inertia equal, with 
the consequence that the ellipsoid of inertia is an ellipsoid of rotation. 
Tops having three different moments are very difficult to handle 
mathematically and almost never occur in engineering practice. They 
have their place, nevertheless, as models for unsymmetric polyatomic 
molecules. We shall restrict our attention to the symmetric top. 

Let us choose the #’-axis as the axis of symmetry of the rotor, 
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also called the azis of figure. This will also be the axis of figure of the 
inertial ellipsoid. Call J the moment of inertia about the figure axis, 
and J that about an axis normal to the figure axis. Call the ratio 
I/J = 0. The numerical value of @ must be between 0 and 2, as shown 
by the following reasoning: on account of the rotational symmetry, 
az’ = y’, and we have 


T=f(o?+y%)dm=2fa%dm, . . . . . (36) 
J = 1/0 =f (w+ 2%)dm =p +fz%dm. . . (87) 


Since 7/2 occurs in (37) with a positive quantity added to it, we must 
have 1/2<1/8@< o,or2>0@>0. 

For a symmetrical top, 2’, the moment of momentum P, and the 
instantaneous angular velocity vector w all lie in one plane; for the 
construction of P by means of w, using the inertial ellipsoid, is carried 
out in a meridian plane. The same result follows analytically pro- 
vided that w can be written as the sum of a P component and a F’ 
component. First, if we write w and P in component form, referred to 
the set of axes fixed in the body, and if we combine the components 
of w that are normal to ’ to form a vector w,,, we obtain 


O=wyt’ toy 7 tok’ =oy +o,F’, alta) 
P= / me ee tee = : wy + Iayk'. (89) 


Eliminating w,,, 
w= FP (@—layk. «+ (HO) 


Fig. 6 represents graphically the content of equations (38) to (40). 


(b) Symmetrical top subject to no forces 
Consider now the behaviour of a symmetrical top on which no force 
moment acts. In this instance the vector P will be constant, and so 
differentiation of (40) gives 


dw _ diy ’ dk! 
Td + (1 — Ow, Fie 


But according to p. 140 the rate of change dr/dé of & radius vector ¥ 
due to rotation is given by [wv]; and since any vector, including the 
axial unit vector 2’, may be represented as the difference of two radjus 
vectors, we have 

dk’ 


a lee] and a fee. <_(41) 


di 
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20" + (1— Buy ok’ . . (42) 

It follows from the last relation that w, is constant; for if we form 
the scalar product of this equation with &’, it follows from (41) that 
with 2’w = w,, that dw,/dt = 0. However, not only w, but also the 
magnitude w of w is constant; for if we form the scalar product of (42) 
with w, and use the fact that wy = const. because w[w’] = 0, we get 


dw — d(w?/2) __ 
wu a 


Hence 7 = (1 — @) 


On. oo. . ay 


But since wy = wk’, the angle between w and *’ must also be con- 
stant. According to fig. 6, which is valid at any instant, the angle 


Fig. 6 Fig. 7 


formed by P and &’ is also constant, and the only possibility of a 
change in the vectors is for the plane of the figure to rotate. The axis 
for such a rotation must be the invariable line P. The general motion 
of a force-free symmetrical top is called nutation. In it, the instan- 
taneous axis w describes a cone about the axis P, which is fixed in 
space, while the top itself rotates about w. On the other hand, any 
motion of a rigid body about a fixed point may be represented accord- 
ing to §1(c) by the rolling of the polhode on the herpolhode, the in- 
stantaneous angular velocity being that of the generator common to 
both cones. Thus in the present instance the herpolhode is the cone 
described about the axis P by w, while the polhode is described by the 
motion of w around #’ (fig. 7). Both are right circular cones. Since 
an actual gyroscope always has high speed about the figure axis, and 
since the nutation arises from disturbances, as will be explained below, 
the angles between 2’, P and w are small because P has very nearly 
the same direction as #’. However, the angular speed of rotation of 
k' around the fixed axis P is comparable with w,, and so is large. This 
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follows from the fact that the component in question is, by (40), 
(0/I)P. Taking as an approximation | P| = Jw,, the magnitude of 
this component becomes 6w,. In a practical case, 0 does not differ 
much from unity. 

Example: The wandering of the earth’s pole. The earth is a top whose angular 
speed is small but whose moment of momentum is large, due to its tremendous 
rotation inertia. The polar flattening makes 6 = 301/300. Displacements of 
matter cause slight irregular wandering of the position of the pole over the earth’s 
surface within a distance of about four metres! According to the preceding de- 
velopment, the angular speed around P will amount to 27(301)/300 day—*. This is 
the speed with which an observer fixed in space would see the axis of the earth 
rotating about P. Referring to a terrestrial observer, we must subtract the 
normal daily rotation rate of 2~ day—1, leaving 27/300 day, or a period of 300 
days. The observed period is 420 days, the departure being due to the deforma- 
tion of the rotating earth. 


Let us examine one more special case of the motion of a force-free 
top. Suppose w to be constant in direction as well as in magnitude. 
In this case equation (42) can be satisfied only if w and #’ are parallel, 
in which case (40) shows that P must be parallel to 2’ also. Thus, if 
the axis of rotation coincides with the axis of figure, the top can con- 
tinue to rotate about this axis indefinitely. This is the origin of the 
term “ moments of deviation ” used in German works to denote the 
products of inertia; for any axis other than the figure axis these 
mixed terms do not vanish, and rotation about such an axis is accom- 
panied by “ wandering ” of the axis of figure. 


(c) Symmetrical top under the influence of external moments 


Imagine the top K to be contained in a housing G, fig. 8, which 
itself is free to move in all directions—for instance, by being allowed 
to float in a liquid. The centre of gravity of the top itself is assumed 
to coincide with the centre of the indicated sphere. Let the axis of the 
top be again the #’ axis. First of all, the top must be set into rotation 
by a force moment having the direction of k’. Once the desired rate 
of rotation is attained, this moment may be gradually decreased. Then, 
if friction is negligible, the top will continue to run indefinitely at this 
speed. Thus it is assumed that any moments thereafter applied to the 
top shall not have &’ components. Under such conditions w,, will be 
constant whether or not external moments exist. To see this, set the 
value of P from (40) into the fundamental equation (7), p. 110, obtaining 


dP Idw ,I dwy ,, , 1 dk’ 
Scalar multiplication by #’ yields 
Idw, , 1 dw, day 
yee fg TO ig . (45 
M,=0=5 +5 (8 1) aE? a ; (45) 
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, ? 
since ni = 0 and wo =0. 

We assume now that the housing rotates with angular velocity 9, 
and inquire as to the moment needed to produce this rotation. Since 
w is referred to a fixed co-ordinate system rather than to one connected 
with the housing (and hence rotating), one would assume off-hand that 
w would be the vector sum of Q and w,’. However, since the absence 


of friction in the bearings prevents the 2’ component of 2 from 
affecting the top, we must put 


oo = 2(oy iQ) FP Se aoe, «8 


where 2, denotes the component of & that is normal to 2’. Only by 
assuming a relation of this form can we insure that k’w = wy. 

Now, let the total change in angular momentum be resolved into 
two components, one of which represents a uniform rotation of the 
housing. Remembering (45) and substituting into (44) the expression 
for w given by (46), we get 

_1dQy , I dk’ I dk’ IdQ 

=o a +6 a + pO era Hoe 
On account of i = [QR'] = [(2,R'] 


% dk! 
+ Iw, F. (41) 
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we obtain these important forms for the fundamental equation 


1dQ, de” 1a 
M=>5 di + Lay 9 dt + Iwy (QyF’]. ° (48) 


For any practical gyroscope, Jw, represents the main part of the 
angular momentum; let this quantity be denored by P. 
Consider the following special cases: 


(1) Uniform rotation of the housing about a fixed axis. 


This type of motion of the housing, and hence of the axis of the 
top, is much more important than the nutation described above. It 
is called precession, and is the most obvious of all gyroscopic pheno- 
mena. Assume a co-ordinate system 2”, 7”, ®’’ connected with the 
housing, and let the 2’’-axis coincide with the axis ®’ of the rotor 
(fig. 8). Since the component of Q parallel to 2’ does not contribute to 
the vector product [Q’], equations (48) become for this case 

= dk’ 


M = P= P[QR', ores + 8 on 


The change dh’ /dt in the unit vector R’ must be normal to &’, Further, 
k’ rotates as time passes, so that the applied moment M must have 
this same rotation. This will be true, in the case of a force having a 
constant direction in space, if its line of action does not pass exactly 
through the centre of gravity of the top. For example, as in fig. 8, let 
a mass m be suspended from the housing at one end of the 7’’-axis, the 
axis of the rotor being in an inclined position. Denoting the unit vector 
of gravity by gy and writing 8 for the angle between gy and J” (which 
is the same as the angle of inclination of the rotor axis), we have 


M = mga[ 7g] = —mga(sind)é”; . . . (49) 


i.e. the moment always remains perpendicular to 2” (or to R’). 

For a given moment, equation (48’) in itself yields only the magni- 
tude of the component of the angular speed that is normal tok’. The 
direction of the axis about which the housing continuously turns is 
obtained as follows: 

Since dh’ /dt lies in the direction of M, then according to (48’) and 
(49), dk’ /dt must be normal to gy; hence (dk'/dt) gy) = 0. Integration 
yields 

Rg + cos(m/2 — 8) = const. . « « ~ (50) 


Thus the axis of the rotor must turn in such a way as to maintain a 
constant angle with the direction of gravity, i.e. the axis must de- 
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scribe a cone about the vertical. The magnitude of the precessional 
angular velocity is, by (48’) and (49), 

_ aaa __M/P _ mgatand 
~ cosdS cosO Pp - 


o, sae) 


A gyroscope, then, does not yield to gravity as does a non-rotating 
body—it “ turns aside at a right angle”. While section (b) showed 
that the aperture of the cone of nutation remains small for small dis- 
turbances, the aperture of the cone of precession is determined a priori. 
Even when the applied moment is small, an easily perceived change in 
direction of the axis soon results. It is only the speed of precession 
that becomes small as the moment is reduced. 


(2) Nutation of a force-free top produced by impulses. 


Let a sudden moment M be applied at time ¢ = 0 to an otherwise 
force-free top rotating about its axis of figure, and let this moment 
continue to act for At seconds. Denoting the time interval of the 
moment by N, integration of equation (48) with respect to the time 
gives 7 

At I Atd I . 

n=/ Mdt = %Q%q + Ing [ dt = 5 My + Tak’. (62) 
For any impulse, the change in velocity in a short time At is considerable, 
while the change in position is small to a higher order. For this reason, 
Ak’ may be neglected. Hence, after impact, a new component of rota- 
tion norma! to the figure axis and of amount &,, = N6/I is present. 
This gives rise to the case of nutation of a force-free top discussed in 
(1), the quantity Q, here corresponding to w, there. Apart from 
external impacts, internal rearrangements of matter can also act to 
deflect the axis of P from the w direction [cf. (b) above]. 

Precession and nutation may exist at the same time, as when a 
precessing top is subjected to external impulses, or when shifting of 
part of the mass takes place. An impulse also must be considered to 
operate at the instant when the moment responsible for precession 
is suddenly applied, for a short-lived force may be represented by 
sudden application of a steady force, followed immediately by the 
application of the reaction force. Since the cone of nutation always 
has a small aperture, the nutation has only the effect of producing a 
corrugation of the surface of the cone of precession. This is usually 
negligible in technical applications. 


(3) Example of the precession of the axis of the earth. 


As a result of the polar flattening of the earth and the inclination of ite axis 
(“ obliquity of the ecliptic”) the attraction of the sun gives rise to a turning 
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moment when the earth is near either end of its orbit (fig. 9a). This moment, 
which seeks to bring the equator closer to the plane of the orbit, vanishes at the 
equinoctial positions. However, since the angular momentum of the earth is so 
large, we know that the precession will be very slow and an average moment may 
be assumed in computing the actual precession. To be added to this is the average 
moment due to the moon’s attraction. Because of the smaller distance, the latter 
moment is of the same order of magnitude as that of the sun. The averaging is 
best done by assuming the masses of sun and moon distributed uniformly along 
the orbits they appear to have as seen from the earth. For this purpose it is 
sufficient to assume circular orbits and to take their planes to be coincident. 
As seen from fig. 9b, the gravitational moment seeks to bring the earth’s axis 
into coincidence with the normal to the orbit plane, so that the vector represent- 


(a) (b) 
Fig. 9 


ing this moment must be perpendicular to the plane containing the earth’s axis 
and the normal. Hence this vector turns in the orbit plane with the precessional 
motion, just as we saw above that the gravity moment vector acting on the gyro- 
scope turned in the horizontal plane. As in that instance, the earth’s axis de- 
scribes a cone about the normal to the orbit plane. The numerical value of the 
period of precession turns out to be about 27,000 years. 

Due to the fluctuating value of the moment, there is a resulting astronomical 
nutation. This has no connexion with the wandering of the pole, which was 
explained above in terms of internal shifting of terrestrial matter. 


(4) Example of the gyrocompass. 


Suppose a gyroscope to be mounted in a frame capable of turning only about 
a vertical axis a, fig. 10. If the earth did not rotate, the gyroscope would maintain 
the direction of its axis of rotation, for then it would not be subject to any force 
moment. On account of the earth’s rotation around & with angular speed w, the 
mounting—assumed for the present to be fixed to the earth—will be turned; 
and uccording to the third law, the rotor will exert a moment MW’ on the mounting. 
This moment is opposite to that which the turning of the axis would produce, 
and so by (48’) it will amount to 


mM’ — —Poper’). . « « 2 « « « « (658) 


For an arbitrary position of the axis in a horizontal plane, this moment will have 
a vertical component M,’ as well as a horizontal one, M,’. The former, according to 
§ 3, produces rotation about @, while the latter will simply be borne by the bear- 
ing L, because rotation about a horizontal axis is not possible. However, if the 
axis of the top lies in the meridian plane determined by the vertical and the 
earth’s axis (position ’ of the latter), then vector M,’ will be horizontal. Since 
there is no vertical component, the frame will not turn about a. In other words, 
the north-south position is one of equilibrium. The stable one of these two direo- 
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tions is that having the smaller angle between & and 2’. Because of the smaliness 
of w, the acting moment is so small that it'is able to overcome friction in the 
bearings only with great difficulty. The actual set-up resembles fig. 8. To com- 
pensate the moment exerted by the rotor on the housing, one need only attach to 
the latter a weight m at a point in the plane normal to the rotor axis. In order 


. I” 


1 
(Horizontal) 


M’ 


Fig. 10 


that this weight may exert a moment, the rotor axis must not be exactly horizontal, 
but must make a small angle 8 with this direction. Then, using the notation of 
fig. 10, 


mga 7g 0) + M’ = mgal7go] — Polke} = 0. . . . (54) 


Since a product vector is normal to the plane of its two factors, equality of the 
products signifies that the vectors , 2’, 7” and g, are coplanar, i.e. the rotor axis 
must again lie in the meridian plane when equilibrium is attained. 


Ex. 52. In the arrangement just described, compute the inclination of the 
axis of the top as a function of the geographical latitude 9 and the mass m of the 
counterweight. Remember that for any given location the altitude of the pole 
is equal to the latitude. 

Ez. 58. A projectile fired from a rifled gun is given a spin about its axis; 
the projection of the trajectory upon a horizontal plane deviates from a straight 
line. How may this be explained qualitatively, and what is the dirégtion of 
deviation for a shell having right-handed spin, i.e. clockwise rotation when look- 
ing along the tangent to the orbit? Air resistance tends to raise the nose of the 
projectile. 


CHAPTER VIII 


Evasticity: Tue MrcuaAnics oF DrrorMaBLE Sorips 


l. The Geometry of Small Displacements. 


The ideal rigid body discussed in the previous chapter represents 
an abstraction, as is well known. Actually, the parts of a physical 
solid body, e.g. a bar of iron, are not absolutely rigidly interconnected, 
but suffer small displacements relative to each other under the in- 
fluence of forces. These deformations are, in general, so small that they 
can be neglected in a large number of cases. On the other hand, the 
phenomena governed by elastic properties, e.g. the vibrations of a 
spring, are often of great importance, so that elastic processes offer 
a wide field for discussion in mathematical physics, a field which has 
been extensively cultivated, for practical reasons. We can take up 
here only a few of the chief problems and their solutions. 

In the light of our present concepts regarding the structure of 
matter, we can understand, in many cases, that considerable forces 
are necessary to deform a solid body. In the absence of external forces, 
the solid is in a state of internal equilibrium, in which its fundamental 
constituents (atoms or molecules) are at such distances apart that the 
forces between them are in equilibrium. Every change of these dis- 
tances, caused by external forces, immediately causes the attractive 
or repulsive forces to preponderate; their net result, which is either 
an internal pressure or tension, balances the external forces. We may 
construct a crude model by imagining the elementary particles to be 
connected by spiral springs. This model shows us how: a local de- 
formation must be transmitted to all parts of the body. The mathe- 
matical computation of the deformation resulting from given forces 
is a problem in Elastostatics, while Hlastodynamics deals with the 
changes of elastic disturbances in time. For example, if, in the above 
model, we displace several “atoms” from their rest positions and 
then release them, they will move beyond those points in returning; 
and this vibration will spread throughout the whole body, on account 
of the connexions between the atoms. However, for purposes of cal- 
culation we shall not make use of the atomic picture, but shall treat 
the phenomena from a macroscopic standpoint, assuming that the space 


is continuously filled with matter. This means that the portions of 
161 
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space considered, and also their volume increments, are so large that 
they contain a great number of atoms.” 

We now wish to investigate the geometric-kinematic relationships 
for infinitely small deformations or strains. For this purpose we con- 
sider a region around a point Py, whose dimensions are so small that 
the squares of the distances of all its points P from Py may be neglected. 
On account of the strain, let each point experience a displacement 

= ut +7 + wk, which we likewise consider to be small. More- 
over, let the displacement vary so little from place to place that we 
are justified in dropping products of the derivatives du/dx, Ou/dy, 
du/z, dv/de. ... If the point P, experiences a displacement Sp, then 
another point P, whose position relative to Py is given by the radius 
vector ¥ drawn from P,, undergoes a displacement 


S=S)+ rerad:s. _ ee © @ @ @ (1) 


If we denote the components of s by u, v, w, the above equation may 
be written 


U= Uy + ” grad U = Uy + ae z+ a y+ a z 
0x), Oy), dz/y 
oes as dv dv dv 
= Uy grad v = Uy -++ a z+ = y+ 53), . (2) 
0 0 0 


_ : 
w= yt rgrad w= y+ (5) ale) yt ae 
0 0 0 


It is intended that the symbol 
(20 
Oz Je 


should express the fact that, on account of the general hypothesis con- 
cerning the order of magnitude of the displacement components and 
of the volume under consideration, we may use the values of the deri- 
vatives at P, in carrying out the computation. Naturally, we rule 
out discontinuities, such as fractures or cracks in the body. 

Our equations give a linear relationship between the components 
of s and those of v. More important, however, is a related quantity: 


. . e,¢ ae 
the connexion between an initial vector x = P,P and the correspond- 


e He . 
ing vector “=P, P’ after displacement. This connexion may 
be looked upon as a mathematical transformation of the space 


* See pp. 2, 3. 
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about P,, determined by the deformation. From fig. 1 it follows that 
vw =r+(s—s)=r+rerad:sor r —r=rerad:s, (3) 


or, in components,* 


’ 7] 
x mo(1+ oe) tuxet ene 


(ea Ov dv dv 
y= ascty (14 5) + exe RE oddoaetenae= ACL) 
ra oy OW dw 
gm oe yse te(1+ 52) 


Thus this transformation, also, is linear. Since the conversion of ¥ 
P’ rgrad:s 


to »’ is independent of the co-ordinate 
system we select, the coefficients of (4) 
represent the nine components of a 
tensor. 

The correspondence between the space 
about P, and that about Pp,’ is that of 
an affine transformation of space, where 
—by definition—straight lines are trans- 
formed into straight lines, and thus planes 

Fig. 1 pass over into planes, and parallelism is 

retained. This is immediately evident 

in the vector form: A set of parallel lines in the direction of # 
may be represented by means of a variable parameter ) in the form 


y=7+At, ....-..- (8) 


so that one straight line of the family corresponds to each ». If this 
relationship is substituted in (3), we obtain 


= 4, +At+ (7, At) grad-s=7,-+ vr, grad s+A(é+7é grad: s). (6) 
This, however, is again the equation of a family of parallel lines with 
yi=r,+r, grads, t= t+ tgrad-s. . . (7) 


The transformation (4) may include still another part, which 
represents the rotation of the neighbouring space as a rigid entity. 
In this case, the vector 7 is altered, as before, but no internal elastic 
forces arise, since there is no actual deformation of the volume under 
consideration. If we wish to find the forces attributable to changes in 
the distances between particles, we must deduct from (4) the part 


® For simplicity, the subscripts of the derivatives are now omitted. 
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concerned with pure rotation. This may be done in the following 


manner: 
On p. 140 it was shown that the velocity of any point of a rigid 
body rotating with angular velocity w is given by 


v=[wr]) 2. 6 « 6 © e © © (8) 
Forming the curl, we get 
curl v = [V[wr]] = w-Vr—wV- 7 
=w div r—w egrad- r= 80 —w =20. . (9) 


Thus, for a given velocity field, curl v represents a vector equal to 
twice the angular velocity vector.* 

If a rigid body is thought of as rotating for a short time df, it is 
found that the change in the radius vector + caused by this rotation is 


ds 
dra. # = [wr] dt = 3 rot 5 at r|= rots, 7]. . (10) 


The difference between the vector ~-+d,..” and the vector »” as 
specified by (3) represents the change in 7 due to pure deformation, 
which we denote by dg¢7: 


dace ¥ = nl A deo ¥- e e e ee @ (11) 
From the deformation alone we then have the relation 
v'=r+der=r+rerad:s— dfeurls, ~], . (12) 


or, in Cartesian form, 


Ou Ou , Ov Ow , Ou 
" as p(s al =) edge. pii 
f (1+ge)e+a{get aa) +4 oe +5) 
Ou , Ov dv dv , Ow 
ae = al base" as ah a aes 
» __ (Ow , Ou dv , Ow Ow 
f= a(5 +52 )o+4(52 + au ut (G+ aw 
The coefficients, in (12a), now form a symmetric tensor, which may be 


; A This is still true if the whole body is subject, in addition, to a translation vr, for 
since vz is the same for all particles, it drops out in forming the curl. 
¢ Actually, one should write curl ds, but according to the original assumptions all 
displacements are assumed to be small quantities, 
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visualized by means of an eilgpeeta, as at p. 37. This ellipsoid, which 
has the equation 


(++) e+ (ve ee) Goo 
Ow , Ou 
+ (2+50 iG + (Ge+ 5 )e=) ee eee (13) 


may be called the ellipsoid of dilatation, or ellipsoid of strain. Its 
principal axes are called the principal axes of strain. As shown at 
p. 37, the direction of »”’ is that of the normal to the ellipsoid drawn 
through the end point of x. The two vectors have the same direction 
for the ends of the principal axes. This means that only a segment 
having this direction maintains its original direction. Only those seg- 
ments lying in the directions of the axes of the strain ellipsoid experience 
pure extension without change of direction. 
The coefficients 


Lt 5m (G+ So) BCG + Ge) bo 


have a definite physical meaning: if we consider the termini of the 
unit vectors along the axes, for the undeformed body, then, correspond. 
ing to the vector z, we have, by equations (12a), 


Ou , Ov\.’ Ow , Ou 
rv; a(t )e+3 ee i+a(52 +52) A (14) 


and for the vector 7, 


ria a( 4 et 1+ ls 4a(2 4 ae) a 0) 


Neglecting all terms which may be considered small according to the 
assumptions made above, we have 


ri’ |—|é|_ vrF2—1_du 
en oe mee 


EZ Roe ee GD 


7 | 
This means that the quantities 


du do dm 
Oz Oy 02 
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give the relative changes in length of segments lying in the z-, y-, and 
z-directions respectively. , 

In the undeformed state of the body, the vectors ¢ and 7 are per- 
pendicular to each other; after deformation, they form an angle which 
we may designate by 7/2— 8,,, since it differs but little from 7/2. Then, 


cos G = 7) = sin $= 2 (18) 


If we use the values of »/” and »;’ from equations (14) and (15), and 
if we neglect all products of the derivatives, we obtain 


: 0 0 
sindy © 8 = (Fut 5s): . © @ e (19) 


Thus the tensor component 27';, signifies the change in angle, between 
two segments having the directions of the z- and y-axes, resulting 
from the deformation. Similar results hold for the other components. 
If the axes have the directions of the principal axes of the tensor 
ellipsoid, then the terms 7», T',3, T', are absent from the co-ordinate 
representation. This means that the axes of the strain ellipsoid remain 
perpendicular to each other, which we already inferred above from 
the fact that segments in these directions suffer pure contraction or 
expansion. 

To calculate the change in volume per unit volume (the so-called 
“ cubical dilatation”), we need only find the difference in the volume 
of the parallelepiped formed by the vectors 2, 7, #, before and after 
deformation, ie. the difference [7;’ 7’ 7¢’]— 1. On writing out 
the determinant we see immediately that this expression, to a first 
approximation as before, gives 


V’—V du, dv, dw ' 
= aat 5g cage eee (20) 


It is more convenient, for what follows, to consider the strains them- 
selves, i.e. the components of the vector »’ — v. These are obtained 
at once from equations (12a) (p. 164) by bringing the components of 
over to the left side. Introduce the following notation for the deri- 
vatives and their combinations, the physical meaning of which was 
given above: 


a wt 


i vj 
[ai | [7 


tu ju 0 

“1 = Fe “12 = Fy de 2 
__ Ov __ dv , Ow 

*2 = Oy a= 5, "age é oe cota) 
r) dw Ou 
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We then may write, by (12a), 


a” — x = eu + fey + 4e152 | 
y — y = Fey & + ery + BogZ te woe ((22) 
a! —% = hes % + fesoy + e952 


The tensor ellipsoid corresponding to this symmetric vector function 
has the same axial directions as the ellipsoid of strain (13) (p. 165). 
This may be shown readily by calculation, but also can be seen at 
once in this way: if the vector x” is to have the direction of » for the 
axis, then this must also be true for the difference vector »” — r. 
The mixed tensor components vanish when referred to the principal 
axes. Denoting by accents the co-ordinates referred to this system, 
we have remaining, 


__ ou! wet __ Ow" 
i OP 2 Oy? Sz oe e (23) 


The quantities ¢,, é, és are called the principal extensions. 


Ex. 54. Compute the relative change in length of a segment whose direction 
cosines, referred to the axes of the ellipsoid of dilatation, are a, a, as. 


2. State of Stress of a Body under Strain. 


If we consider an element of volume dv, of mass dm, in the interior 
of a strained elastic body, we recognize that two kinds of force are 
operating. First, there are forces like that of gravity, applied to all 
the individual constituents, whether they be in the interior of the 
body or on the bounding surfaces. If the body is being accelerated, 
the ‘‘ inertial resistance ” 


is also a force of this type. But, in addition to forces of this kind, there 
are forces operating on the surface particles which are due to the 
presence of the contiguous particles. These correspond to the springs 
in the model described on p. 161. Since these forces operate between 
adjacent particles on either side of the bounding surface, they are not 
proportional to the volume of the element, but to the area of its sur- 
face. The value of the force acting upon an element of surface, re- 
ferred to unit area, is called the wntal stress, or simply the stress, P. 
The direction of this force need not by any means be normal to the 
surface—in general it is composed of a normal stress (pressure or 
tension) and a tangential (or shearing) stress. We can show, however, 
that the stress P on any surface element may be found in terms of 
the normal direction, provided that the stresses are known at this 
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point for three mutually perpendicular directions, which we choose as 
axes of a rectangular co-ordinate system. Thus, we take the volume 
element to be a small tetrahedron, of which three faces—dS,, dS,, dS, 
—lie in the co-ordinate planes, while the fourth—dS—has the outward 
directed normal # (fig. 2). Let the stress on dS be P. In addition, call 
the stress acting on the surface whose normal is along the w-axis P,, 
and the stresses on the faces perpendicular to the y- and 2-axes P, 
and P, respectively. The vectors belonging to the faces which lie in 
the co-ordinate planes have the directions of 
the negative z-, y- and z-axes. The stresses 
P,, P., Ps therefore denote the stresses 
exerted by the faces of the tetrahedron on 
the adjacent surface elements, whose normals 
are along the positive axes. According to 
Newton’s Third Law, the stresses exerted 

by the neighbouring surfaces on the tetra- 

hedron are then —P,, —P,, —Ps. If we 

now formulate the conditions of equilibrium Fig. 2 

for our infinitely small tretahedron, we need 

consider only the forces proportional to the areas, since the forces pro- 
portional to the volume vanish to a higher order as we diminish the 
dimensions of the element. Then the first condition of equilibrium 
—the vanishing of the resultant force—is 


PdS — P,dS,— P,dSy—P,dS,=0. . . (24) 


Now ndS = 1dS,+jdS,+ kdS, . . . « (25) 
that is, 

dS, = dS(s27) = dS cosa; dS,=dScosB; dS,= dS cosy, (26) 
whence P= P,cosa+ P,cosB+ Pzcosy. . . . (27) 


Denoting the 2-component of P, by Py, that of P, by P.,, the 
poems of P, by Pi», &c., we obtain the component represen- 
ion -“ 
P, = P,, cosa + P., cos B + Ps cosy 
P, = Py, cosa + Po. cos B + Po cosy - (28) 
P,= P,, cosa+ Pp, cosB + Pog cosy 
This equation gives every normal direction # a corresponding stress 
vector P. 
The meaning of the coefficients Py, may be seen by considering a 
cube of edge unity, whose faces are parallel to the co-ordinate planes, 
Then, for example, for one of the faces parallel to the yz-plane, 


cosa=1, cosB = cosy = 0, 
i.e. Py=Py Py= Py, P,= Py, 
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so that the normal component P, is represented by P,,, and the two 
components lying in the surface are represented by P,, and P,3. Here, 
then, the coefficients having two equal subscripts give the normal 
pressures or tensions, while those with mixed subscripts represent the 
tangential stresses. 

The coefficients again represent the components of a tensor, since 
the connexion between P and # must, of course, be independent of 
the particular co-ordinate system in which the vectors are resolved, 
and must always lead from a given vector # to the same vector P. 
The tensor defined by the quantities P,, is symmetric, as will be shown 
in the following section. It may therefore be represented again by an 
ellipsoid, called the ellipsoid of stress. If the co-ordinate axes are taken 
along the principal axes of the ellipsoid, the mixed tensor components 
drop out, and we have only the three coefficients P,, P,, P3, corre- 
sponding to the diagonal terms of the matrix of coefficients. These 
three quantities are known as the principal stresses. The relationship 
between the components of the stress acting on a surface element 
normal to and the principal stresses is very simple when expressed 
in this system of co-ordinates. Denoting the quantities referred to 
this system by primes, we have 


Py =P pcesa, 
Po = Rs cos p’ e ° ° . e e ° (29) 
Py = P, cosy’ 


8. The Conditions of Equilibrium of an Elastic Body. 


Consider the equilibrium of the forces applied to a finite volume of 
an elastic body. If we denote the resultant of the forces proportional 
to the volume—the body forces—acting on unit volume by g, and 
apply the fundamental equations of the mechanics of systems of 
particles, we obtain 


fedr+GPds=0. .... . (80) 
firgldr+ f [rP]ds =o. fe spe 


The surface integral is to be taken over the bounding surface of the 
volume under consideration. In adding the stresses acting upon the 
several volume elements, the internal stresses on the boundary be- 
tween two elements cancel out, since these stresses are applied in 
opposite directions on the two sides of such a surface of separation. 
If we take the z-component of equation (30) we have on the left 


if gedr-+ fp P,dS= f Jedt + $ (P,, cosa P,, cos B+ P,, cosy) dS. (32) 
The surface integral may be brought into the form appearing in Gauss’s 
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Theorem and then transformed into a volume integral if we introduce 
another vector P,: 
P, = Pit + Paj + Puk. ._ e©« 8 © (33) 


We shall show, below, that the tensor P;, is symmetric, so that P, is 
identical with P,. Using this new vector, 


f P.dS = § (P,n)d8= f (P,d8) = faivBydr (84) 


Since the condition of equilibrium must hold for every volume, we 
have, writing the analogous equations for the y- and z-components: 


Ia+ div, = 9, + Su + Fa 4 Sa 0 


skate aay . (85) 


oP —_ 


Ce Pr Pog 
oe ROB, +2 Ox mi) ay 


Again, the z-component of the equation of moments becomes 
fvg.—2.)dr + $ yP.—*P,)dS=0. . . (86) 
Just as before, we may write 


$ (yP.—2P,)dS= $ (yP.— 2B.) d8 = f GivyP.—diveB,)dr. (87) 
Now 
divyP, = ydivP,+P, (grady) = ydivP,+P,7 = ydivPs+Pas, (38) 
so that the z-component of the equation of moments becomes 
y(92-+ divP,) — 2(9,-+ divP,) — Psa + Peg= 0. (39) 
But, according to the first condition of equilibrium, the bracketed 


expressions are zero, and so we arrive at the proof of the symmetry of 
the stress tensor: 
B 32 J P. Zo" » ° e e . e ~ “(40) 


Similarly, from the other two component equations of (31), 
Pyy= Py; Py =P . . » « ~ (40) 


In addition to the conditions for equilibrium of internal forces we have 
those for the surface forces. If the stresses P* on the surface elements, 
caused by the external forces, are known, then equations (28) (p. 168) 
hold again, and we have 


P,? = P,, cosa + P., cosB + Ps, cosy 
P,*¢ = Py, cosa + Po. cos B + Po cos 7}. ° (41) 
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4. Relations between the Strain Tensor and the Stress Tensor. 


The conditions of equilibrium (35) are not yet sufficient for the 
answer to the question “‘ What equilibrium state of strain results when 
given external forces are applied?” We still lack the principal thing— 
the connexion between the stress and the strain. Since each consists 
of six components, we must expect, in the most general case, that each 
component of the strain tensor is a function of all the components of 
the stress tensor. Assuming a linear relationship, this leads to a system 
of equations with thirty-six coefficients. This number reduces very 
considerably, according to the symmetry properties of the substance 
under consideration. If we consider only isotropic substances (i.e. not 
crystals), then, as we shall see, two constants are sufficient. For an 
isotropic substance, the axes of the stress ellipsoid must coincide with 
those of the strain ellipsoid, for the former give the directions for 
which the stresses are normal to the surface; and for an isotropic 
body, only contractions or extensions, but not lateral displacements, 
can occur in these directions. Now, according to § 1 (p. 165), this is 
the essential property of the axes of the strain ellipsoid. We shall 
therefore express the connexion between the stress and strain tensors 
in this uniquely indicated system of co-ordinates. The foundation 
of the so-called classical theory of elasticity is Hooke’s Law, which states 
that the normal stress is proportional to the elongation per unit length 
(‘‘ ut tensio, sic vis”). It is understood that we limit ourselves to small 
strains, for—according to experience—Hooke’s Law is no longer 
valid for larger deformations. If we write this law for the axis 1 in 
the form P, = Ee,, then £ is the linear modulus of elasticity, or Young’s 
modulus, for the material in question. We know from experience that 
a body undergoes a contraction of its transverse sections when stretched 
in the direction of its length. The ratio of the transverse contraction— 
ie. the change in length per unit length of a transverse segment—to 
the change in length per unit length of the body is, according to ex- 
periment, constant within the limits where Hooke’s Law holds. This 
ratio is called Poisson’s Ratio co. Thatis, if stresses P,, P,, P, act in the 
directions of the axes, then the tension P, causes a contraction along the 
axis 1. This relative contraction is given by oe,, and since P, = Ee,, it 
amounts to (c/E)P,. Similarly, the tension P; causes a contraction of 
amount (c/E)P,. The total relative change in length is thus given by 


a= p{P—oPt PI} = eo (Pipe Pit Pat Pol] 


ie 
a= p{Pro(Pat Py} = po [Papas (Pt Pat Pad} ). (2) 


é3 = piPs—o(Pit Pa)} = + (Pio (P+P,+P)} 
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It remains only to transform these equations, derived in this way for 
the special co-ordinate system of the principal axes of the ellipsoids, 
to an arbitrary co-ordinate system, since, in general, the principal 
axes for a strained body change in direction from place to place, 
and thus are not suited to describe what occurs. Let the axis 
1 form an angle (1, z) with the z-axis, an angle (1, y) with 
the y-axis, and an angle (1, z) with the z-axis, and let the angles 
between the axes 2 and 3 and the new axes be denoted in similar 
manner. Further, let us characterize the principal axes 1, 2, 3 by the 
unit vectors C,, Cz, Cs, the new axes by the unit vectors z, 7, %. Then 


t = C, cos(1, x) + Cc, cos(2, 2) + Cz cos(3, Z) 
j =e, cos(1, y) + €, c0s(2, y) +¢5c08(3, y) |. (43) 
k = c, cos(1, z) + C, cos(2, 2) + C3 cos(3, 2) 
By the rule for transformation of tensor components proved on p. 34 
we obtain 
€1, = & cos?(1, x) + e, cos*(2, x) + € cos?(3, Z) 
Cog = € 608"(1, y) + &, cos?(2, y) + € cos?(3, y) 
€33 = €, c0s?(1, z) + &, cos?(2, z) + eg cos?(3, 2) 
d€19 = $a, = & C08 (1, Z) cos (1, y) + & cos (2, x) cos(2, y) 
+ es cos(3, Zz) cos(3, y) 7° (44) 
dla, = hese = &, C08 (1, y) cos (1, z)+ e, cos (2, y) cos(2, 2) 
+ e, cos(8, y) cos (3, 2) 
ds, = $€13 = & Cos (1, 2) cos (1, x)+ e, cos(2, z) cos(2, x) 
-++ e, cos (3, z) cos (3, z) 
It is evident from these expressions that the sum 
€11 + C22 + 3 = div s 


is equal to e, + € + és, independent of the co-ordinate system. Such 
quantities are called invariants of a tensor. A second invariant which 


will be useful later (cf. p. 176) is the expression 
Cr122 1 Cop€g3 + Cgalaa — H(Cr2” + €p3” + 91°) = C1 + €neg + 3%. (45) 


The same transformation formule hold for the components of the 
stress tensor Px. Thus, expressing ¢, é, ¢ in (44) in terms of P,, 
P,, Ps, using equations (42), and also the relationships 


Py + Pa + Ps = Py + Pop + Pog 
and cos*(1, 7) + cos?(2, x) + cos?(3, z) = 1, 


cos(1, x) cos(1, y) + cos(2, x) cos(2, y) 
++ cos(3, x) cos(3, y) = 0, &e., 
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we obtain 
Ito o 2(1+¢) 
ee {Pu— Teg (Put Pat Pos) } ae 
1 2 
a (Ps ~ Fos (PutPat Pas} as Cai Pos 7+ (46) 
7, 2 
C335 = =e {Pas—ze- (Put Pat Poo)| €31 = ae Py 


The second triad of equations, which is absent if the co-ordinate 
system is that of the principal axes, has the following meaning: Con- 
sider again a cube whose edge is unity, 
and whose faces are parallel to the co- 
ordinate planes. P, is the force acting on 
one of the faces normal to the z-axis; 
the opposite face is assumed to be held 
fixed. Then Py, is the tangential com- 
ponent, which is in the direction of the 
y-axis. The change in the angle between 
the x-axis and the y-axis is represented 
by é, (cf. fig. 3). According to the first of 
the equations under discussion, these two 
quantities are proportional to one another. The factor of pro- 
portionality 


Fig. 3 


E 
(1 + 0) 


is called the shear modulus, and is usually denoted by pu or n. This 
quantity, however, is not a new and independent constant of the 
material, but is determined by the values of £ and of o, as in (47). 
Similarly, the modulus of compression, or bulk modulus, k, or its 
reciprocal, the compressibility x—are already determined if H and o 
are known. We define x as the change in volume per unit volume 
under the influence of unit normal pressure applied equally from all 
sides. According to this definition we have [cf. equation (20), (p. 166)] 


V'—V _ e+ se + ea 
VP P - o ee 


. . (47) 


, —— 


Putting in the values of e,, from (46), we have 


1 — 2¢ 
EP 


(Py Pa Pag) 2A. 9) 


Cc 


Since the application of tension to the surface must cause an increase 
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in volume, o cannot be greater than 1/2.. Were o = 1/2, the substance 
would be incompressible. 

Solving the equations (46) for the components of the stress tensor, 
we obtain 


E E 
Pam pg (tat pags eu beaten}. Pam pay 


g E 
Pog = ra eet pag lent eat ess), Pas= 7 t) (50) 
a E 
Paa= 5 {e+ aoa ate), Py = 1 o) 


If we now substitute these values of the stresses in equations (35) 
(p. 170), and if we again introduce the values of ¢,, from equations (21) 
(p. 166), we obtain a system of differential equations containing only 
the displacements u, v, w and their derivatives. First, the z-com- 
ponent becomes 


E { Ou 2o (eu, dv 02w } 
It 5 To) 2 get Tae sat astyt asa) 
E eu Ov Ow , Ou 
a 2(1 + a) eres Tees 202 7a = 
This may be written 


E 1 0 fdu , dv, Ow 
ee dat dy = )}=o 6) 
Similarly, 
E 1 0 fdu , dv, Ow r 
a+ ea + aa at het 5e)} = 7 
and ; 


E 1 0d fdu , dv, dw\)\ __ x 
9+ ses (OY + aE 5s eae ae (51") 


In vector form, this system becomes 


E 
&t Fito) 


This is the general system of equations for the distortion of an isotropic, 
elastic substance. In addition, we have the surface boundary con- 
ditions, which may be given in the form of information concerning the 
displacements or the distribution of stresses on the surface. 


ut ‘ 
{As + jad grad div s| ae, (52) 
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5. Energy of Elastically Deformed Bodies; Elastic Potential. 


Work is required to bend a bar elastically. This work remains 
stored in the bar in the form of potential energy as long as the defor- 
mation persists. It may be drawn upon by letting the bar go, where- 
upon portions of the bar attain kinetic energy and go beyond the 
equilibrium position. The energy of elastic deformation is potential 
energy of the forces operating between the particles and is distributed 
uniformly throughout the body. It has its greatest value at places 
where the deformation is greatest. In view of the continuous distri- 
bution, we look for an expression for the energy density—the limit of 
the ratio energy/volume of an elementary volume.* 

To obtain an expression for the energy density U, we start with 
a cube of edge equal to unity. In this case the energy content of the 
cube is equal to the energy density. Let the edges of the cube be in 
the directions of the principal axes of strain. As a result, the cube 
suffers only extension or compression, but not shear. In its deformed 
state, the face perpendicular to axis 1 has an area of (1 + ¢,)(1 + 69), 
and so the force acting on it is P,(1 + ¢,)(1-+¢). If now the edge 
parallel to 1, whose deformed length is (1+ ¢), were stretched an 
amount 5e,. the stress P, would do an amount of work equal to 


5A, = P,(1 + @)(1 + 6) 54. 


(The increase in stress due to the added deformation would make a 
contribution which would be of only second order.) The above amount 
of work represents the increase in potential energy due to the assumed 
change in deformation. Further, the quantities e, and ¢, in the paren- 
theses may be neglected in comparison with unity, so that the increase 
in potential energy due to the increase in length of the axis 1 will 
amount to 


80, = 2" be, = Pyde, oF Pp, ee. (08) 


ey 0g 


Analogous expressions result for the other axes. Substituting the 
values of P,, P,, Ps from (42) or (50), we obtain 


oU E o 

= a ly t tata) 
oU E o 

p= Flat tg atatal . (64) 
oU E o 

P= aE lot peg atate 


* It must be remembered, however, that according to the discussion on p. 3 the 
element of volume must not be made too small. 
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It is easy to see that these equations are satisfied by setting 


(€,2 +e: + 32) +a (4 +62 €)"|- (55) 
1 — 20 


E 
U(e,, €g, &3) = XI +o) 


This expression, which gives the energy content as a function of the 
principal strains, presupposes the use of the principal axes as co- 
ordinate axes to be used at each point, and this system will change 
from one point to another. For this reason, it would be desirable to 
transform the relation to a form that holds for the whole body. To do 
this, we do not have to use the general transformation, since the quan- 
tities involved here may be expressed readily in terms of invariants of 
the tensor. The second parenthesis is such an invariant as it stands. 
Further, because of (45), 


ey? + eq” + 37 = (€, + eg + 3)” — 2(€, 62 + eyes + 651) 
= (€11 + a2 + eg)? 
— Qe G29 + Co9@s3 + a3@1 — 4 (19 + €g3” + €g1”)]. 


Then U will be expressed in terms of the e;, as follows: 
E 1— 
U (ex) = di fo) Fez (E41 + C22 + 53)” — 2(411 22 + €22€33 + €33 @11) 
+ (e457 + e235” + ex’) | o + + os 66) 


Comparison with (50) shows again that, in general, 


oU 


Px = Oe, 


eras 


Finally, the deformations in (56) may be expressed in terms of the 
stresses, giving a quite analogous expression which, however, will not 
be written down. The quantity U(e,,) is rightly called the elastic 
potential, since the stresses are obtainable from it by differentiation. 


6. Elementary Treatment of the Bending of a Cantilever Beam. 


The exact solution of an elastostatic problem requires the in- 
tegration of equation (52), subject to the boundary conditions apply- 
ing in the special case considered. In general, this procedure leads to 
extremely complicated calculations. For this reason, approximate 
solutions have been devised for many technically important problems. 
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Certain simplifications are made in the initial assumptions, and the 
results are sufficiently accurate for many purposes. As an example 
of such a simplified treatment, we give J. Bernoulli’s theory of the 
bending of a beam of uniform cross-section. The Bernoulli theory is 
based upon the following assumptions: Imagine a certain point— 
say the centre of gravity—to be marked in every cross-section. The 
resulting straight line, which we call the axis of the beam, will be 
bent into a curve which lies in a vertical plane, provided that the 
bending is caused only by weights or 
other vertical forces. Further, imagine 
the beam divided into a number of thin, 
horizontal layers, each made up of fila- 
ments. During the bending, there will 
be one layer in the middle, the fibres in 
which are not changed in length, and 
which is therefore called the neutral sur- 
face. Filaments lying below the neutral 
surface are compressed, those above are 
stretched (cf. fig. 4). The flexural rigidity 
or stiffness of the beam is assumed to 
be conditioned solely by these changes 
in length. A further assumption of the 
Bernoulli theory is that plane sections 
normal to the axis of the beam remain 
plane and perpendicular to the axis after 
flexure. With these assumptions, it is not difficult to calculate the elastic 
stresses acting upon any particular section. If we consider two neigh- 
bouring cross-sections, distant dx from one another, then these sections 
will form an angle dé with each other after bending. Measure the 2-co- 
ordinate towards the right from the fixed end of the beam, and take 
the z-axis vertically upward from the neutral fibre, at the fixed end. 
The y-axis is horizontal, and directed across the beam from the nearer 
face. If p is the radius of curvature of the neutral fibre, then by fig. 4, 
a layer which is distant z from the neutral surface experiences a relative 
change in length amounting to 


et Nib db ht Oy 


Fig. 4 


since d¢/dz is the curvature 1/p. 


The force acting upon an element dzdy of the oross-section 1s, 
according to the definition of Young’s modulus £, 


dF = = dedy. 


178 MECHANICS (Crap. 
The total force acting upon the entire cross-section is then 


E 
F = zdzd . s e ° ° . e (59) 
p jinn 


This resultant must vanish, since neither a change in cross-section 
nor a longitudinal displacement of any section can take place in pure 
bending. This means that the neutral surface always passes through 
the centre of gravity of the cross-section, for this is the origin for which 
Jj 2dzdy vanishes. On the other hand, there exists a resultant moment 
of the elastic forces which tends to turn the cross-section about the 
line of intersection of the neutral surface with this section. In fig. 4, 
this moment is in the direction of the negative y-axis. Its magnitude is 


IM |= fede == ff dedy= "1. . . (60) 


The geometric quantity ff2*dzdy is called the moment of inertia I 
of the cross-section. 

Let the cross-section be rectangular, as assumed in fig. 4; if we 
call the breadth 6 and the depth c, then the integration is to be 
extended from y = 0 to y= b and from z= —c/2 to z= +-¢/2. 

The moment of the elastic forces must balance the moment of the 
external forces. If the bending is caused by a load Q (in force units) 
applied at the free end of the beam, where x = a, then the moment of 
this load at the point z is, since the portion a — x may be considered 
a rigid lever arm, 


|M'|=Q(a—z) . 2... .. (6) 


The direction of this moment vector is that of the positive y-axis. 
The condition for equilibrium of a cross-section distant « from the 
fixed end is thus 


== a—2), ae 


* 


We can now readily obtain the equation of the neutral axis after 
flexure. Since the curve departs but little from the horizontal direc- 
tion, we may write 


at all points.* Thus we obtain the equation 
dz Q 
I He: re (: 


* The negative sign comes from the fact that the curve is concave toward the 
negative z-axis. 
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Integrating twice, there results 


2 
-# SG) toate ee @ (64) 


— 
Since 2 and also dz/dx vanish at x = 0, both constants 
of integration are zero, and we have for the depres- 
sion of the end of the beam (at x= a), 


Q a8 


ta — a 3" ee © 8s @ 8 (65) 


The deformation of the cross-section, which was 
not taken into account by Bernoulli, may also be 
given without difficulty, provided the cross-section is 
initially rectangular. Since a transverse contraction 
takes place above the neutral surface, where the fibres 
are stretched, and a transverse expansion occurs below 
this surface, the originally vertical sides of the rectangle 
must converge toward the top, so that the section now 
has the form of a sector of a circular annulus (fig. 5). 
Let p’ be the radius of curvature of the line of inter- 
section of the neutral surface with this cross-section, 
and call the radius of curvature of the neutral fibre 
p, a8 before. Following the same method as above, we find that 
the relative transverse extension (in reality, contraction) of a layer 
which is a distance z above the neutral surface is given by 


(p' —z)do—p'dp_ ap _ se 
dy dy p’ 


Now the longitudinal dilatation at the same point was found to be 
-++z/p, by (58). According to the definition of Poisson’s Ratio, we 
then have 


P ’ 
(Ol ee 
p 


Ql 


o sues (68) 


Thus the originally plane layer at height z is bent into the form of 
an anticlastic surface whose two radii of curvature are in the ratio 
o. This fact is the basis of an elegant and simple method of determin- 
ing o (see Ex. 56). 


Ex. 55. Calculate the deflection of a tube of length a, radii, and r,, supported 
at the ends and carrying a concentrated load at the mid-point. Hivt: In order to 
reduce this to the above case, imagine the middle of the tube clamped fast, and 
an upward force equal to half the load applied at each end. 

Fr. 56. A plate of rectangular section, supported along its central line, is bent 
by loads applied at the ends. A plane parallel plate of glass is laid upon the bent 
plate at the centre, and the system is illuminated from above by monochromatic 
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light. The interference fringes (p. 410), appearing at the thin layer between the 
plates, furnish a contour map of the surface. resulting from the bending. By 
approximate representation of the surface in the neighbourhood of the point 
of contact, show that the contour lines are hyperbolas, the angle between the 
asymptotes being related to o in a simple way. Hint: Observe that for the point 
of contact 


and that p and e’ may be considered constant in the neighbourhood of this point. 

Ex. 57. A wire of length 7 and radius of cross-section a is clamped at one end, 
the other end being twisted through an angle g. Compute the resulting moment 
of torsion, which will be proportional to 9, by imagining the wire divided into 
thin, concentric hollow cylinders, and these in turn subdivided into narrow rect- 
angular elements that suffer pure shear when the wire is twisted. 


7. Waves in Unbounded Elastic Media (Seismic Waves). Longitudinal 
Waves in Bars. : 


The fundamental equation (52) (p. 174) holds for elastokinetics 
as well as for elastostatics. We wish to apply it to the kinetic case 
and study the disturbances arising in an unbounded medium sub- 
jected to no external body forces. In this connexion, the inertial 
forces given by d’Alembert’s principle are 


d’s 


per unit volume, p being the density. If all other body forces are 
absent, equation (52) becomes 


ds & i . 
Pap sre (OS + pag erad divs}. e (67) 


From among the many integrals of this second-order partial differen- 
tial equation, we select in the first instance the simple special. case 
where the displacement vector s depends only upon one co-ordinate 
-—say #—and thus derivatives with respect to y and z vanish. In 
co-ordinate form, we then have 


ou E (rs 1 ral E(.l—o) @u 


POR 2X1-fo) lat 1—2o datJ — (Io) — Do) O® 
a E @yv 

Paez 1-0) dat + 
0? w E @w 
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These are, however, equations of plane waves propagated in the direc- 
tion of the z-axis, as comparison with the wave equation (47) (p. 62) 
shows. The coefficient of 02u/d¢ gives the square of the reciprocal of 
the wave (phase) velocity, if the coefficient of 0?u/dx* is reduced to 
unity. It is evident from (68) that the wave velocity for a displace- 
ment along the 2x-axis—i.e. in the direction of propagation—differs 
from the velocity for displacements normal to this direction. Waves 
of the first kind are called longitudinal—those of the second kind, 
transverse. The wave velocities are 


= E(1 — o) 
Gong roe Va ae a) (1 = 20)’ eo e e@ ry (69) 


E 
tones = 4 SFG) ee © © © @ @ «6 (70) 


There is another less formal way of arriving at the classification into longi- 
tudinal and transverse waves, which has more direct physical significance. If 
we replace As by grad divs — curl curl s, according to the familiar rule of vector 
analysis (p. 40), then (67) becomes 

es {x — os) 
05a ~ I+) | 1— 2c 


We now divide s into two parts, s, + s,, which are to satisfy the conditions: 


grad div s — curl curl s}. . (67) 


curl s, = 0, div s, +0 a re 
divs,=0, curls, +0 . 


This means that s, represents a compressional wave, since, by equation (20) 
(p. 166), the volume dilatation is measured by 
a du , dv , Ow 
divs = rE + ay + =" 
At the same time, the individual volume elements experience no rotation, since 
curl s; = 0. On account of the postulated independence of y and z, this part 
has only an x-component: 


ie Sd a (72) 
d# (1 + )(1— 20) dx 


Comparison with (68) shows that the compressional wave is identical with the longi- 
tudinal wave. On the other hand, compression is absent for s,, since div s,= 0. 
As a consequence of the vanishing of the divergence, and of the vanishing of 0v,/2y 
and dw,/dz separately, 0u,/0x also vanishes. The non-compressional wave of 
shear, as we may call this part, has therefore no component in the direction of 
propagation, and is thus transverse. The actual proof of the identity of this 
wave with the transverse waves of (68) is obtained by writing the equations for 
the y- and z-components of (67’), which yield 


a Vo a E a Ug oe We ae E Owe 


a ene ee er. ts) 
05a +0) dat 3a ~ a0+0) oat 


These are the equations (68) obtained above for the transverse waves, 
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The ratio of the velocities of propagation of compressional and 
shearing waves is 


Cy 2(1 — o) 
C, = 1 = 90 . s e e ® e e (74) 


The value o=—1/4, which holds for many substances, makes this 
ratio equal to 1/3: In earthquakes, both types of wave are observed; 
observation of the ratio of the velocities permits the calculation of o 
for that part of the interior of the earth in which the waves travel. 
The value thus obtained is 0-29. 

Apart from these waves in the body of the substance, there are 
longitudinal as well as transverse surface waves which follow the sur- 
face of separation of two media having different elastic properties. 
These waves correspond to the electrical surface waves treated on 
p. 345, and are called Rayleigh waves, after their discoverer. 

The propagation of waves in an unlimited medium is to be dis- 
tinguished from propagation along a bar whose transverse dimensions 
_ are small compared to its length. If we imagine the unbounded medium 
divided into such bars, whose axes are along the direction of propa- 
gation, we see that the boundary conditions are different for the single 
isolated bar and for a bar imagined cut from an unlimited medium. 
In the former case the transverse contraction can take place without 
hindrance, while the surface of the bar in the second case is elastically 
bound to the surroundings, and so a transverse contraction causes 
counter stresses. For this reason it is much easier to treat longitudinal 
waves in thin bars. We need not go back to the general equations, 
but can obtain the differential equation in the following simple way. 
Consider an element of the bar included between two cross-sections 
distant dz apart. Call the extension on the left side of this element 


Ou 

On) y 
z : 
Ox eine: 


Then, if the area of the section is A, and if Young’s modulus is F, the 
resultant force acting on the element is 


rnasl@)+@3)a-@) pe 


and Newton’s Second Law gives 


and that on the right side 


— (76) 
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The velocity of propagation of longitudinal (compressional) waves 


in a bar is thus 
E 
c= =e e e e e e ° e 77 
ve i 


7. Transverse Vibration of Stretched Strings and Membranes. 


In many cases it proves expedient to start, not with the general 
equations—modifying them to fit the special problem in hand— 
but to proceed as we did in treating longitudinal waves in bars; viz. 
to derive the equations immediately from the fundamental principles 
of the theory of elasticity, thereby taking advantage of the simplifying 
conditions of the problem. The transverse vibrations of stretched 
strings and membranes form a case in point. These vibrations are not 
only of great physical importance, in acoustics, but their discussion 
leads to mathematical operations applicable in the most diverse 
branches of physics, especially in atomic physics. 

By a string we mean an elastic body whose cross-section is 80 
small compared to its length, that it offers no appreciable resistance 


p (xxdk 


L) 
Boag 3 


Fig. 6 


to bending. The fact that the stiffness of an elastic bar diminishes as 
the cross-section decreases follows from the results of § 6 (p. 176). As 
the cross-section is made smaller and smaller, we finally have only 
the fibres in the immediate neighbourhood of the central filament, 
and there are no longer any appreciable stresses opposing the bending. 
How is it possible, then, for a string to execute vibrations? The state 
of affairs is completely altered by the fact that the string is stretched 
between two fixed end points. Even in the equilibrium position, 
there exists a stress P normal to the uniform cross-sections A, i.e. the 
tension P is always in the direction of the tangent to the central line 
of the string. Because of the complete flexibility of the string, trans- 
verse forces do not exist. If the string is now drawn aside from its 
position of rest, the resulting increase in length causes an increase in 
tension. But even this increase in tension is not the true cause of the 
transverse vibrations; we shall see, below, that it is a small quantity 
of higher order than the true cause of the vibrations. The latter is 
much more direct: in the strained state, the tangents to the string, 
drawn at the ends of an element dz, have slightly different directions. 
As n consequence, there is a resultant force in the direction normal to 
the rest position of the string (see fig. 6). If we consider only vibra- 
tions in one plane, and take the plane of vibration to be the ay-plane, 
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then the y-component of the displacement, which was previously denoted 
by v, is simply y, since the rest position of the string is the a-axis. 
In the displaced position, a force AP¢(x) acts at the left side of an 
element dz, if we call the unit tangent vector ¢. Similarly, a force 
APt(z-+ dz) acts at the right side. If a is the inclination to the hori- 
zontal, the components of the resultant are 


‘F, = AP cos(a + da) — AP eg 


e 7 
F, = AP sin(a + da) — AP sina. ie 


We limit the displacements to small values, so that we may set 


EF oes dy 

cosa = ] — 3? sina = a= tana =~. 

Also, the change in the tension P is small compared with the value of 

the tension itself. Neglecting all quantities of second order, the re- 
sultant in the transverse direction becomes 


F, = 4P{ (2) - (2) } = AP ae. (79) 


(In the longitudinal direction the change in P would need to be taken 
into account, since only terms of second order appear here.) 

Using Newton’s Second Law, the equation of motion of transverse 
vibrations of the element becomes 


ey, de aS 
pA kde = APY de, 
02 ekg 
a ae Joo at cone 


This equation has the familiar form of the wave equation (cf. p. 62). 
It is to be noted that the tension enters here, but that the modulus 
of elasticity of the string does not appear. : 
The solution = 
4; = Cefolt—#V p/P), 


corresponding to a wave travelling in the direction of the positive 
z-axis, satisfies the differential equation, but not the boundary con- 
ditions, viz. y vanishes at every instant for z = 0 and for x = l, where 
lis the length of the string. Similarly, 


Yo = Cgivl(t-+xVp]P) 
is also a solution of the differential equation, and corresponds to 


& wave moving in the opposite direction, but it, too, fails to satisfy 
the end conditions, On account of the linearity of the differential 
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equation, the difference of these two particular solutions is also a solu- 
tion. Moreover, we can give at least certain particular values of w 
for which the boundary conditions are satisfied. The difference is 


Y= Ya—Ys = Celt {eft V o/P__e— tox 0IP\ — 24 Cait sin (o2/ £). (81) 


It is evident that the condition that y vanish for = 0 is satisfied 
for every value of ¢. On the other hand, y= 0 for x= 1 only when 
wlV p/P is an integral multiple of 7. If is any positive integer, there 
is therefore a corresponding frequency v,, given by 


n |P 
vw, = al oo e¢ «© e#© @ @ (82) 


We may thus consider the vibration of the string to be a standing wave 
resulting from superposition of two oppositely directed waves of the 
same frequency v,. Application of the boundary conditions no longer 
permits all arbitrary frequencies, but only a discrete set. This set, 
it is true, contains infinitely many values, since n ranges from 1 to ©. 

This result may be obtained in a somewhat different way. On 
account of its fundamental importance, this method also will be ex- 
plained here. If, as usual, we assume equation (80) to have a solution 
of the form 

Yemi(Diet saicess - » - (83) 


then we have, after removing the time factor e&*, the following 
differential equation in x alone: 


dw w 
= w= 0. oe eae) 
If we put w 5= Ws oe so oe (GD) 
his beummes + ee Oo. . S088) 


This equation has a solution consistent with the boundary conditions 
only for certain values of the parameter A*, which are called charac- 
teristic values, or proper values. Taking, as a solution, 


=sindz, . .... - - (87) 


we see that A must be an integral multiple of z/l, in order that y vanish 
for z= l, i.e. 


nT 


A, = 27, 5= 7" « * © & @ (88) 


186 MECHANICS [Cuap. 


and thus, as above, —— aed a er) 
p 


The functions which correspond to the characteristic values, and which 
are solutions of the differential equation, and which—in addition— 
satisfy the boundary conditions, are called the characteristic functions, 
or proper functions, of the differential equation.* In the present case, 
the characteristic functions are the functions 

_ Nr 

sin — 2. 

l 

Since the real as well as the imaginary parts of equation (83) must 
satisfy the differential equation separately, a solution which satisfies 
the boundary conditions is given by 


Y = A, COS277V4t sin“ 2 oi. ey 
as well as by y = 5, sin27p,f sin an eee 6 aD 
But the series 


n=@ 


n=0 
y= X a, cos27v,t sin = + % 5b, sin2zv,t sin (92) 
n=1 n=1 


is also a solution, since a sum of particular solutions also satisfies 
the equation. In the case of an infinite sum, it must also be provided 
that the series converges. The coefficients a, and b, are determined 
by giving the initial displacement y, and initial velocity y, as func- 
tions of x: i.e. apart from the spatial boundary conditions to be ful- 
filled at every instant, certain initial conditions must also be satisfied. 
Now 


yolr) = Eagsin“, 2 2. 6 s (88) 


(a) = Bony boa ee 04) 
n=1 
The determination of the coefficients follows the method developed 
for those of the Fourier series (p. 54). The right member of (98) is 
simply a Fourier series which is to represent the given function in the 
interval 0 to 1. To determine the coefficient a,,, for example, we mul- 
tiply both sides of the first equation by 
_ Mare 
a 


* The German expressions for “ characteristic value” and “ characteristic fune- 
tion” are Higenwert and Ligenfunktion, 
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and integrate from 0 to J. All terms on the right vanish, with the 
exception of that containing 
mre 


l > 
which, by p. 55, gives the following value for a,,° 
2 / _ mre 
am = 7 | vole) sin —— de. . « «= MOD) 
In similar manner, the second equation gives 


=— fy _ Mra 
a oe, ae], * Pere) 


The vibrations corresponding to the various frequencies are of dif- 
ferent strength, depending upon the initial conditions. The vibrations 
of the string are transmitted to the ear by the intervening air, and— 
in so far as they lie within the audible range—are perceived as a tone 
whose pitch is given by the fundamental frequency »,, and whose 
quality, or timbre, is determined by the amplitudes of the various 
harmonics, with frequencies v, which are multiples of v, Thus equa- 
tions (95) and (96) are the mathematical expressions of the fact that 
a given string tone sounds different, according as it is produced by 
plucking or by striking the string. As an example of the determination 
of the coefficients, let us choose the struck string; this corresponds, 
say, to a pianoforte string. For t = 0, let y be zero everywhere. Let 
J be zero at all points except between (J — a)/2 and (1 + a)/2, where 
it is to have the value v). Thus a is the width of the hammer. Then 
@m = 0 and 
(+a)/2 mare 
U 


1 
= _— d 
On eal J gl sin " 


cay pais _ mn (fe) 
= te {cos (+ *) cos "7 (“4-*)}. (97) 


If the string is not struck in the middle, as assumed here, the coefficients 
will have other values. 

It is not difficult to treat the two-dimensional analogue—the 
vibrating membrane—in the same way. Here, again, let the mem- 
brane be so thin that it possesses no appreciable stiffness. As in the 
case of the string, it is only because the membrane is fastened at the 
edges that restoring forces arise. Assume the bounding curve to be 
plane, its plane being the wy-plane of our system of co-ordinates. The 
constant tension P acts upon every element of area in a section normal 
to the plane of the membrane. Consider an element dxdy in the dis- 
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placed position of the membrane. Then the tensions parallel to the 
yz-plane have a resultant - 
Z 
fi, DP ay dady, 
where D is the thickness of the membrane. The tensions in a direction 
normal to this have a resultant amounting to 
O2z 
F 5, = DP Oat da dy. 
Altogether, we have a total force acting in the direction of the 2-axis 
of amount 4s ” 
z z 
Applying Newton’s Second Law, the equation of motion for the element 
under consideration becomes 
022 O22. are 
pDdady <5 = DPdedy = ie a) 
Bae ee ee 
om? | oy Pot °° ° * ° 


The spatial boundary condition to be satisfied in addition to the dif- 
ferential equation is that z= 0 along the bounding curve at all times. 
Generally, at the boundary, we could prescribe definite temporally con- 
stant values of z or of 02/0x, but not of both, as one might conclude from 
the degree of the differential equation. It is easy to see that the prob- 
lem would be over-determined by specifying both z and 0z/dx. Imagine 
the integration carried out numerically or graphically, piece by piece, 
in a strip parallel to the y-axis. We begin with a surface element 
whose position and orientation are given, and join the next element 
to this, the orientation being determined by the differential equation, 
which gives the increase of 0z/dx. If we proceed in this way, wé shall 
not necessarily encounter the boundary a second time; hence only 
the position or the orientation may be specified for the bounding curve. 
We again assume that the solution is of the form 


i ($9) 
( 
and obtain, just as in the case of the string, 


0? w 


a Pp 
aa t 52 t MeO, Amal’ . . (100) 


or (98) 


In general, this equation, too, has a solution which satisfies the boun- 
dary conditions only for a discrete sequence of characteristic values A,2, 
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The nature of the corresponding characteristic functions depends 
upon the boundary curve. They may be complicated higher trans- 
cendental functions—e.g. Bessel functions, in the case of a circular 
boundary. Nevertheless, for given initial conditions, the coefficients 
of a series composed of characteristic functions may be determined 
as for the Fourier series. Thus it can be shown that all the charac- 
teristic functions of the equation Aw-+ w= 0, which vanish on 
the boundary, have the property of orthogonality; i.e. in analogy to 
the vanishing of the integrals 


Mme . NTL 


i 
fsa sin —~ de, 


we have in general 


deieeti Oe. > . oid aol) 


the integral being extended over the entire range of w, i.e. in our case, 
over the area of the membrane. We give at once the proof for the 
three-dimensional case: If f,, and f, are two different characteristic 
functions, then, by Gauss’s Theorem, 


$ (fm gr04 fn — fn G04 fn) IS =f (fm fn—Sadfn)dr, (102) 
which, by (100), is equal to 
[OBA mfadt 5 ooo + (08) 


The surface integral is to be extended over the boundary of the region, 
the volume integral over the region itself. But f,, and fn are always 
zero on the boundary, and so the left member of (102) is zero. Since 
Am and A, are in general different, we have 


| fnfudr = 0. eo e e @ e @ (104) 
If we now write an arbitrary point function g(z, y, z) as the sum of 
characteristic or proper functions /\,, 
g (2, Ys 2) = fit Oefot- ++ Ombm A +++ . (105) 


we may proceed to determine the coefficients exactly as with Fourier’s 
series. If we multiply both sides by /,, and integrate over the entire 
bounded region (in the case of the membrane, over the entire area), 
the orthogonality makes all terms of the series on the right, except 


f Om fer, 
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vanish. The coefiicients are thus 
if G(%, ¥, 2) fm dr 
t= —___—__—_- 
f Sredr 


The characteristic: functions are determined only to a constant factor. 
This multiplier is usually so chosen that the integral 


f fmetdr 


has the value 1. In this case the characteristic or proper functions 
are said to be normalized to unity. Consult the additional discussion 
on p. 703. 


~~ = « © ieee) 


Ex. 58. Give the solution of the differential equation for a rectangular mem- 
brane of dimensions a and 6, [Try a solution of the form w(x, y) = p(x)q(y).] 


CHAPTER IX 


Ture Mecuanics or Liquips AND GASES 
(HypRo- AND AERO-MECHANICS) 


1. Equilibrium of Fluid Bodies (Hydrostatics). 


The liquid and gaseous states—especially the latter—are charac- 
terized by the fact that no resistance is offered to a change in shape 
which is unaccompanied by a change in volume. While liquids have 
extremely small compressibilities (i.e. the forces opposing a change 
in volume are large), those of gases are very great. Moreover, gases 
tend to expand, filling the entire available volume. If we apply to 
fluids the theory developed in the last chapter for deformable bodies, 
then the absence of rigidity of form is expressed by the fact that the 
shearing stresses Py, P25, Ps, are zero for an ideal non-viscous fluid. 
(It is to be remembered that the term “fluid? includes both the 
liquid and gaseous states.) Actual fluids, it is true, are subject to 
tangential forces when in motion. If two layers slide over each other 
with a certain relative speed, they exert upon each other tangential 
forces proportional to the relative speed. Thus these forces vanish 
for a state of rest, so that it is not necessary to distinguish between 
viscous and non-viscous fluids in hydrostatics. The vanishing of the 
tangential (or shearing stresses) Pye, Pog, P;, implies the vanishing of 
the terms in zy, yz and ze in the equation of the tensor ellipsoid, and 
this is true for every co-ordinate system. This means that every 
co-ordinate system is a system of principal axes, which is possible only 
if the ellipsoid is a sphere. Hence, in this case, all the normal stresses 
P1, Pez, P33 must be equal. We set them equal to —p.* Thus a 
normal pressure p, of equal strength in all directions, acts upon any 
element of volume of a fluid. As a consequence, the general conditions 
of equilibrium of a deformable body become greatly simplified. The 
system of equations (35) (p. 170) becomes 


£ = grad p- 7. ee © © 8 & (1) 
In hydromechanics it is customary to refer the body forces to unit 


* Since the normal stresses in the theory of elasticity are reckoned positive when 
in the direction of the outward drawn normal to 4 closed surface, we must give the 


inward pressure p the negative sign. ae 
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mass rather than to unit volume. If p is the density of the fluid, and 
G is the body force acting upon one gramme of fluid, then the body 
force on unit volume is pG, and the fundamental equation of hydro- 
statics becomes 


G = = grad p. Soo ob oo (1a) 


Just as it was necessary to introduce a relationship between the 
stress and strain tensors in elastomechanics, so a connexion between 
density and pressure must be supplied in hydrostatics. In general, 
the compressibility of liquids may be neglected, and so p may be con- 
sidered constant; for gases, the required connexion is given by Boyle’s 
Law (see below). 

Of the many special problems of hydrostatics and aerostatics we 
select two—the pressure gradient in the atmosphere and the form of 
the surface of a rotating liquid. For the first problem, we take a 
z-axis vertically upward, and the x- and y-axes in the horizontal plane, 
which is the surface of the earth, since we limit ourselves to a small 
portion of the surface. If the density at a height z is p(z), then the 
force acting upon unit mass of air is —gk. Since x and y do not enter, 
grad p reduces to (dp/dz)R, and we have the equation 


dp _ 
az c—— — pg. . e ee e ° (2) 


Now for gases at constant temperature, the density is proportional to 
the pressure, by Boyle’s Law; that is, 


ee 


Po Po 

Using this relationship, equation (2) becomes 

a = — Po gdz. 

Pp Po oe 
Integrating between z= 0 (at the earth’s surface) and z= 2, 

lo 2 =— Po y4 

; Po Po ; 

or Pp — Po e~ (Pols) a4, e s e e C) e (4) 


This formula is due to Halley. It is to be remembered that Halley’s 
formula is true only provided the temperature is constant at all levels. 
Nevertheless, it furnishes a fairly good representation of observed 
pressures at various altitudes, 

The integration of the hydrostatic equation is particularly simple 
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if the density may be considered constant and if the external forces 
are derivable from a potential U. In this case 

= —grad U, eo e@© ee @ e @ 5 
and (1a) becomes ‘i 


grad U + = grad p= 0. 
If p is constant, this equation may be integrated at once, giving 


U +7 = const. caus! -< ene pat) 


This equation states that, under the assumptions made, the surfaces 
of equal pressure are equipotential surfaces of the acting forces. Now 
the free surface of a liquid is always a surface of constant pressure, 
the pressure being that of the atmosphere. Hence the free surface is an 
equipotential surface. Yor a fluid at rest and subject only to gravity, 
this surface of equal potential is a sphere with centre at the earth’s 
centre and radius equal to the distance of the surface from this point. 
We next investigate the form of the surface of a liquid contained in 
a vertical cylindrical vessel and rotating, along with the container, 
about the axis of the cylinder with angular speed w. This is only 
apparently a dynamical phenomenon. After a brief period of adjust- 
ment there results a state where the liquid rotates as a whole, along 
with the vessel, and relative movement of the particles no longer occurs. 
Thus an observer rotating with the system notes a state of equili- 
brium. Apart from gravity, the only force acting upon the individual 
volume elements is the centrifugal force, which we may treat as an 
externally applied force also. Taking the positive z-axis upward along 
the axis of the cylinder, the potential of gravity becomes gz. The 
centrifugal force is radial, and so is normal to the cylinders 


V/a? + y2 = r = const. 


The force vector is directed outward and has the magnitude w*r, and 
hence is the negative of the gradient of a function 
wr? 


Then, according to equation (6), the surfaces of equal pressure, in- 
cluding the free surface, are given by 
wr? t (7) 
a 2g == cons "9 ° ° ° e ® ° 


i.e. they are paraboloids of rotation whose meridian section has the 


equation ww? 
2— — Ero = const. oo 28 «© ® oe @ (7) 
2g 
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If the origin of co-ordinates is placed at the lowest point (vertex) of 
this curve, the equation of the surface is 


2 
W@W 
2= — 7, 


29 


The vertex of the parabola is, of course, below the plane of the non- 
rotating liquid, while the liquid at the walls is higher than this plane. 


It may be mentioned that the phenomenon just discussed has been used 
to produce a concave parabolic mirror for optical purposes by rotating a vessel 
of mercury. The method, however, was not very successful. 


Ex, 59. Using the hydrostatic equations, derive Archimedes’ Principle, 
which states that a body immersed in a fluid is buoyed up by a force equal to the 
weight of the displaced fluid. (Remember that the upward force is the resultant 
of the pressure forces.) 


2. The Fundamental Hydrodynamical Equations. 


If a fluid is not in a state of rest (equilibrium), we say that a con- 
dition of flow prevails. This state of flow is completely defined only 
if the flow velocity is known at every point at each instant. In prac- 
tice, however, we deal almost wholly with problems of stationary 
states, i.e. with cases in which the flow velocity vector at a given 
point does not change with time. If, for example, we inquire about 
the lift experienced by an aeroplane flying with uniform velocity, we 
may consider the aircraft stationary and the air blowing past it from 
infinity with uniform velocity. This is actually the arrangement used 
in wind tunnel experiments. The distribution of flow about the aero- 
plane is then steady. In the non-stationary state, two kinds of curve 
are to be distinguished—the lines of motion, or paths described by 
single particles of the fluid in the course of time, and the stream lines, 
which are defined as follows: At a given instant let the flow velocity 
vectors at each point be drawn in the form of small arrows. These 
arrows may be put together to form curves whose tangents at each 
point have the same direction as the arrows. In the non-stationary 
state, the picture of the stream lines changes from instant to instant. 
Consequently, a particle which moves from P to P’ in a time dt has 
a velocity at P’ different from that given by the stream-line picture 
corresponding to the time when the particle was still at P. In this 
way we see that the lines of motion and the stream lines coincide only in 
the stationary state. 

In hydromechanics, just as in elastomechanics, we perform the 
transition from statics to kinetics by introducing the inertial force 
for unit volume, 

ay 
ae Pp de ’ 
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by means of d’Alembert’s principle, thus referring the kinetic prob- 
lem back to statics. There will be equilibrium between this force, the 
ea and the pressure forces when, according to equation (1a) 
Pp. : 


or ge = — 7 grad. Pie Onerioalts)) 


In anticipation of the most important special problem of stationary 
flow we resolve the total rate of increase of velocity per unit time, 
ie. the vector d?v/di? = du/dt, into a purely temporal part and a 
purely spatial part. The latter arises from the fact that, in the time 
dt, the volume element moves to a place » + dy, where the velocity is 
v+dvu=v-+drgradv. Reduced to unit time, this part of the 
acceleration is 


d,v dr 
= Gerad v= verad-v, . . . - (9) 


where d, signifies the spatial change. 

For non-stationary motion, on the other hand, the flow con- 
figuration changes during the time dt, so that the particle at 7+ dy 
is in a state corresponding to the time increment dt. Neglecting terms 
of higher order, we may put for this purely temporal change the value 
obtaining at the point ». Let this acceleration be denoted by dv/dt. 
The total acceleration is equal to the sum of the purely temporal 
and purely spatial rates of change of velocity, and so equation (8) 
becomes 


dv 1 
5, + Verad vi G — “age 2 aes ail) 


Besides this fundamental hydrodynamical equation we have another, 
called the equation of continuity. The mass of fluid passing outward 
through the surface of an arbitrary volume element, per second, is 


$ pu ds. 


The scalar product v dS automatically provides that inward flow be 
reckoned negative. The quantity flowing out must be equal to the 
decrease, per second, in the amount of fluid within the volume element, 
provided we rule out the possibility of the existence of sources or sinks 
within the volume. That is, 


§ pvds=—z [pdr. ee er) 
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If we convert the surface integral into a. volume integral, using Gauss’s 
theorem, then, since the equation must hold for every element of 
volume, we have 


a 
div (pv =~. cee wo oe 


For incompressible fluids this equation of continuity simplifies to 


divu=0. ....... (12% 


In view of the meaning of wgrad:v given on p. 32, the com- 
ponent form of the general hydrodynamical equations may now be 
written 


Ov, Ov, Ov, OV, 1 dp 
Bet oe t Gy Taz M8 Fae 
Ov, dv, Ov, Oy 7 1 op 
oe Ga yg Cg ee 
Ov, Ov, Ov, ov, lop 
3 tie tay + ae Oe Fae 


and the equation of continuity becomes 


O(pve) , Opry) , O(pr,)_ Op 
iy tee ee 


The co-ordinate form of the fundamental hydrodynamical equa- 
tions indicates the special mathematical difficulties arising in hydro- 
dynamics. Since products of velocity components with their deri- 
vatives occur, the equations, as compared with those which have pre- 
viously occurred, are not linear, and the rule for writing the general 
solution as the sum of particular solutions is no longer valid. This 
rule, which has wide applications to linear partial differential equations 
occurring in physics, e.g. the electrical field equations, has been used 
above, in the treatment of the vibrating string (p. 186). 

We limit ourselves, in what now follows, to the case of stationary 
flow, and so put all pure time derivatives equal to zero. We again 
transform the resulting equations for the stationary state and obtain 
a further classification of the flow patterns into rotational and irro- 
tational flow. From the vector formula 


[A curl B] = [A [VB] ]= V.A,B— AV-B= grad A,B— A grad B 


derived on p. 38, we have for B = A: 
[A curl A] = grad A,A — A grad.A = } grad A?— A grad.A. 
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If we apply this formula to the expression wv grad. wv, we have, for 
stationary flow, 


4 grad v8 — [v curl v] = 6 — = gradp, - « (13) 


The integration of the equations becomes relatively simple if we are 
dealing with a type of flow for which curl vw vanishes in the entire space. 
Thus, if curl w is zero everywhere, then w itself may be represented 
as the gradient of a scalar quantity ®, the velocity potential, and the 
problem is solved when the single scalar quantity ® has been found 
as a function of the co-ordinates. 

Ez, 60, Using equations (10a), calculate the equilibrium rate of flow of a liquid 
from a hole in the bottom of a vessel filled to a depth h. 

Ex. 61. In the same way, calculate the velocity of escape of a gas confined 
under a pressure p, — ~, in excess of outside pressure. Assume that Boyle's 
Law, p/p = const., holds here, and neglect the gravity force acting upon the 
gas. 


3. Irrotational Flow. 
(a) Bernoulli’s Equation 


If the body force per gramme is derivable from a potential, which is 
almost always the case, we have G@ = — gradU. In this instance, if 
we integrate equation (13) along a stream line, ds and v have the 
same direction, and so [v curlv]ds vanishes. Then 


P P 
i d(gradv*)ds — is [vw curl v]ds 
P. P, 
P Pj} 
=| (— ds—| (-gradp)ds . (14 
ff, (-erad 0) ds f Geredp) (14) 
becomes, for incompressible fluids, 
a Poms Bore 15 
an 5 + Ug+ F const. . . (15) 
The values of the constants are in general different for each stream 
line. However, if the flow is irrotational—i.e. if curlv vanishes 
throughout the entire liquid—then, by equation (14), the integration 
may be performed along any arbitrary curve. In this case, the con- 


stants must be the same for all stream lines. Reciprocally, we may 
conclude that if the flow originates in an irrotational * region, where 


the quantity : 
Vo Po 
oe 0, 4 


* This limitation must be made on account of the possibility of ourly and 
v being parallel. 


198 MECHANICS [CHaP. 


has the same value for all stream lines, then the flow remains irro- 
tational in the entire region. This is true, for example, for the outflow 
of liquid from an orifice in a vessel, since all three terms of the ex- 
pression 


Ug" Po 
have the same values all over the free surface. 


(b) Calculation of irrotational (or potential) flow 


The Bernoulli equation (15) shows that irrotational states of flow 
are not only mathematical simplifications, but also that they must 
occur very frequently in nature. If, for example, air is blown past an 
aeroplane model in wind-tunnel experiments to determine the litt, 
then it is true that the air entering the canal has a given velocity and 
a given pressure, and that the gravitational potential—which, more- 
over, is negligible here—has practically the same value for all stream 
lines. Consequently, according to the above laws, that flow pattern 
which corresponds to the solution based upon the assumption of 
absence of rotation is the one which will form about the model. 

This pure potential flow, however, leads to paradoxical results. 
For example, imagine an infinitely long circular cylinder immersed in 
a uniform, parallel flow which is normal to the axis of the cylinder. 
According to the above principles, the fluid will exert no force on the 
cylinder. The discrepancy is to be attributed to the fact that even 
for fluids of low viscosity the friction at the surface of the body is not 
negligible. According to experience, the liquid clings to the body in 
the immediate neighbourhood of the surface, while pure potential 
flow requires smooth, unhindered motion. Due to the clinging of the 
liquid there is a large velocity gradient in the boundary layer and curl v 
no longer vanishes there. Although the viscosity is small, it causes 
the boundary layer—which in the limit is to be thought of as a sur- 
face of discontinuity (see p. 40)—to roll up and detach itself, producing 
individual vortices. Such surfaces of discontinuity also can form 
where two streams of different velocity meet, e.g. behind the trailing 
edge of an airfoil. The fact that the methods of potential flow are still 
usable, especially in the two-dimensional case, is due to the possibility 
of representing vortices mathematically and correcting in this way 
the potential flow. Such cases, however, are no longer irrotational in 
the strict sense of (a).* 

Let us now consider the mathematical treatment of irrotational 
flow. We put 

v= grad oO, ee © e e © « (16) 

*In many books on hydrodynamics the term “ turbulent” is reserved for vortex 


motion in the narrower sense, while parallel flow having a velocity gradient normal to 
the flow, so that curl u + 0, is referred to as “ non-irrotational ”. 


IX.] THE MECHANICS OF LIQUIDS AND GASES 199 


The equation of continuity for incompressible fluids then becomes 
div v = div grad D = AD = 0, ioc incweee(d't) 


and the actual hydrodynamical equations become 
bgmdet=@—5 gradp : ay caw (15) 


for steady flow. Thus every function ® which satisfies the differential 
equation A® = 0 represents the velocity potential of an irrotational 
fluid motion. The problem is then to find the solution which corre- 
sponds to the physical conditions of the special case under considera- 
tion. With this solution at hand, the velocity field may be obtained 
by taking the gradient, and the actual hydrodynamical equations (18) 
are necessary only for the calculation of the pressure distribution. 
As the simplest example of potential flow in space, we investigate the 
spherically symmetric solution of the equation AD=0. Since ® 
depends on r alone, the equation has the familiar form (cf. p. 63) 


“7 5 > = a ry . e e ° ° (19) 
As is at once evident, a solution is 
O=24b. er (2) 


By taking the gradient we obtain 


Vv=— 37: . © «© © © @ @ (21) 


This means that the flow is directed radially outward from (or inward 
toward) the point O. In the former instance, a source exists at O—in 
the second case, a sink. The constant a is determined by the volume 
of fluid Q flowing through a sphere about O each second. This amounts 
to 


Q = —Agrr? . == —47a. . « 0 @ « (22) 


Thus a is determined if Q is given. The additive constant b does not 
affect the flow, since it drops out when the gradient is taken. Usually, 
however, the potential is so normalized that it vanishes at infinity, 
in which case b = 0. 

A problem which is rather more troublesome to solve is that of 
the flow pattern resulting when a spherical obstacle is placed in a 
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parallel stream whose potential function is ®= vr. The special 
conditions in this case are: At a great distance from the sphere, the 
fluid motion must be the undisturbed parallel flow; and at the surface 
of the sphere, the normal components of the flow must vanish. The 
fluid, considered to be ideal and non-viscous, may move freely along 
the surface of the sphere. In this connexion, the newer hydrodynamics, 
which corresponds better with observation, differs from the classical 
theory. The more recent theory starts with the assumption of a cling- 
ing boundary layer, as indicated above (p. 198). 

We shall not reproduce the solution of this problem of the sphere 
here, since the essential point may be seen from the two-dimensional 
problem of the flow past an infinitely long cylinder, viz. that the 
resultant force on the obstacle vanishes, which is, of course, com- 
pletely at variance with experience. 

If the flow is taken to be two-dimensional, i.e. if the flow pattern 
is the same in all planes normal to the z-axis, then a large number of 
solutions of the potential equation can be obtained with the aid of 
conformal representation (p. 69). The connexion between the two- 
dimensional potential problem and conformal mapping of the com- 
plex plane is as follows. 

Introducing the potential function, we have 


o® oD 3 

ue ee (16’) 

and divv = AD=0 (equation of continuity). . (17) 
The condition for irrotational motion is 
Oy On 

WE ag Beles. su ee 


the co-ordinate z being absent. This condition is automatically fulfilled 
by our assumption. If, now, we take another function ‘YY and put 


ov On 
Me Gyr =~ Ge (24) 


then the equation of continuity is identically satisfied. In this case, 
the condition that there be no rotation requires of ¥ that it satisfy the 
equation AY = 0. If, then, in the two-dimensional case, we have any 
function Q which satisfies the potential equation, we can obtain a 
system of stream lines from it in two ways—first, by taking the gradient; 
secondly, by means of the correspondence (24). If, reciprocally, a given 
flow is specified on one hand by the potential function ®, and on the 
other hand by the stream function ‘Y’ according to equation (24), then 
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since the components v, and v, obtained in these two ways must be 
equal, we have 


a> oY 
Oz oy 

fee bee eoe 
“eo rc) 
Oy =—s-«Owr 


But these are precisely the Cauchy-Riemann differential equations 
(see p. 71), satisfied by the real part ® and the imaginary part V of a 
function of the complex variable z= 2-+ ty. Since, in addition, ® 
and Y satisfy Laplace’s equation, we may say that a flow pattern is 
given by every complex function 


Q=O+iV%=fie+y); ... . (26) 


the curves ® = const. are the equipotential lines, and their orthogonal 
trajectories are the stream lines. But according to the theory of con- 
formal mapping, the curves ® = const. are orthogonal to the curves 
YY = const., so that the curves ‘¥ = const. are really the stream lines. 
By interchanging the functions ® and ¥ it follows that a second flow 
pattern is given by the conformal representation if we take the curves 
Y — const. to be the equipotentials and the curves ® = const. to be the 
stream lines. If we take the derivative* 
Or : 
oe a OO i Hn tity - « (27) 

we seo that the complex number w agrees in magnitude with the flow 
velocity, and is the reflection of the vector v in the z-axis. Hence w 
is called the conjugate complex velocity; Q is called the complex poten- 
tral. 

We now take a particular form for f(z), which, as will be seen at 
once, corresponds to cylindrical symmetry, viz. 


f()=O+1¥ =a logz or z= tia — ela (cos-= + t sin). (28) 


Separating reals and imaginaries, we find 


Ng 
z= e%4 cos — 
a 


i: 
=e" sin — 
y a 


@ dQ _ dQ dz Oz _ 
* The equation ao = follows from on 1 hve because of a 1. 
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By eliminating ¥ or , these equations. give 
at+y2= 2 or D=alogr, . . - (30) 
e s e e (31) 


and = tan 


8 ie 
al 


The equipotential curves ® = const. are circles about O; the 
stream lines are therefore straight lines radiating from O (fig. 1, a). 
This flow thus represents the two-dimensional analogue of the spheri- 
cally symmetric flow from a source, considered on p.199. The con- 
stant @ is determined by the amount of fluid passing through unit 
length of a circular cylinder whose axis contains the source. : 

On the other hand, if we interpret the curves ‘Y = const. as equi- 
potentials, then the circles are stream lines (fig. 1, 6). This flow pattern 
is the prototype of a circulation. If the point O is isolated from the 


field of flow by circumscribing a small circle, then curlv is zero in all 
the remaining space. On the other hand, the line integral $ vds taken 


Fig. 1 


along one of the circles (or more generally, along a curve enclosing 0), 
no longer vanishes, for ds always has the direction of v along the 
circles, and all contributions to the integral are positive. We shall 
return to this type of flow in § 5 below. 

We now consider the two-dimensional analogue of the problem 
of the sphere referred to above (p. 199), viz. the case of a citcular 
cylinder immersed in a parallel stream. We take a co-ordinate system 
such that the undisturbed flow is parallel to the z-axis, and look for 
a function Q = f(z) which allows the entire Q-plane to be mapped 
on that portion of the z-plane which lies outside a circle of radius R. 
It is further required that the normal components of the velocity 
vanish at the surface of the cylinder—i.e. that the circle itself be a 
stream line, for which ‘“ = const.—and finally, that the complex 
velocity w = dQ/dz shall pass over into the real quantity v = | v| for 
large values of z. As will be shown immediately, the function 


a=0(:+ 4) se 6 « © « (32) 
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fulfils these conditions. This is equivalent to 


G 2 . 
® +4 = vz ¢ +4 aR) + wy ¢ aa =): (32’) 


By solving the equation for z, it will be seen that for every value of 
Q there is one, and only one value of z whose modulus is greater than 
R; hence there is a unique correspondence between the points of the 
Q-plane and the portion of the z-plane outside the circle. Moreover, 
we see that the curve ‘Y = 0 gives the circle x? + y? = R? and the 
straight line y == 0, i.e. the circle coincides with a stream line. Finally, 
the value of Q becomes vz for z large, and so the complex velocity 
w = dQ/dz becomes equal to the real quantity v. 
Because of the complete symmetry of 
the flow pattern (fig. 2) in front of and 


Li 
———S_——- behind the obstacle, we see that the mag- 
SS Se nitude of the complex velocity w is the 


ee same at any two points on the circle which 
& Cae ; 
— Sa are symmetric with respect to the y-axis. 
SSS From Bernoulli’s equation, it follows that the 
SS pressures are the same at two such points, 
i so that the resultant of all the pressure forces 

Fig. 2 vanishes. The concept of a simple potential 

flow thus leads to a paradoxical result in 


this case. The reasons for this have been given above (p. 198). 


4. General Theorems concerning Vortex Motion and Circulation. 
(a) Distinction between vorticity and circulation 
We call the line integral ¢ v ds, taken along a closed curve C, the 
circulation K along the curve. In view of Stokes’s theorem, 


¢ ods ii (curl v)d8, 


we might at first sight expect that in a flow where curl v is zero every- 
where the circulation along every curve would have to vanish. But, 
as has already been seen in the example of circular flow about a point 
O, where O itself is excluded (fig. 1, 6 above), the circulation may, in 
certain cases, differ from zero even when the flow is irrotational. This 
contradiction arises because the region is no longer simply connected 
after we cut out the point O, i.e. there now exist closed curves which 
cannot be closed in to a point without passing out of the region. These 
are all curves which enclose the small circle drawn about O. In the 
proof given of Stokes’s theorem (p, 27), the simple connectivity of the 


204 MECHANICS (Crap. 


v-space was tacitly assumed. Hence,-in the two-dimensional case, if 
we make the region multiply connected by excluding a portion of the 
plane, the circulation can be different from zero, despite the fact that 
the flow is irrotational in the region under consideration. Stokes’s 
theorem may be retained, however, if the excluded region is replaced 
by suitably disposed vortices, i.e. if we take a certain distribution of 
curly on the boundary of the region. This procedure is especially 
important in the three-dimensional case. 
(b) Thomson’s Theorem on the conservation of circulation 

Consider the particles of the fluid which form a closed curve Cy at 
time t= 0. Since we rule out discontinuities in the body of the fluid, 
particles originally adjacent will remain so as time goes on, i.e. these 
particles will continue to form a closed curve which, however, may 
undergo changes in shape. The location of a particle on a curve C 
may be given by a single parameter A, say the length of arc. We now 
write the circulation along Cy: 


K= f vas= poqar oes. eee 


Differentiate with respect to the time. Since A has nothing to do with 
time, the order of differentiation with respect to time and with respect 
to A may be reversed, and we have* 


dK dv dr d: {dr 
a—$ SE ROt foa(a)e 


_ ¢ dvdr d : 
=P EATS Tra o « See 


We now assume that the external forces are conservative, i.e, 


d 
= — grad U — grad p = — grad[U +- f(p)] = — grad V. 


* 


: dy _ dV 
Then, since (grad V) a 
dK dV a 
EAL DO+ f$ Hae )dd. 


Inasmuch as the integrand functions V and $v? are definite functions 


* Although two variables ¢ and A occur here, total derivatives are written, since 
the partial dena og pe ure in another sense in § 2 (p. 195) above. Here 
we are concerned with the total change of w in time, not merely th i 
when the position is held fixed. r . sia ae 
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of position, the integrals taken along a closed curve C, vanish, and 
we have 
dK 


Fogel or K = const. «8 (s eliea) 


The circulation is constant for a closed curve composed of a given set of 
fluid particles if the external forces are conservative. This result was 
given by Sir W. Thomson (Lord Kelvin). 


(c) Helmholtz’s Vortex Theorems 


A number of important theorems, found by Helmholtz in another 
way, may be derived from the Thomson theorem. Imagine the field 
lines of the vector curl v drawn, i.e. the curves whose tangents at any 
point of space give the direction of curlv, or the axis of rotation w 
of the fluid particles. In order to obtain a measure of the strength as 
well, we assume that a number of field lines proportional to curlv 
pass through every square centimetre of a surface normal to curlv. 
These field lines will now be called vortex lines. 

From the general theorem of vector analysis 


div curl v = 0, 


we conclude that the vortex lines can neither begin nor terminate within 
the fluid; thus they are either closed curves or, un the case of a bounded 
fluid, they begin and end on the surface. 

A tube-like surface made up of vortex lines is called a vortex tube. 
If the cross-section of this structure is so small that curlw may be 
considered constant over it, we speak of a vortex filament. For such 
vortex filaments we have the theorem that the product of the cross- 
section by the magnitude of curlv—the so-called vortex strength— 
is constant along the filament; for if we take the surface integral in (a) 
over a portion of a vortex filament bounded by two cross-sections 
A, and A, normal to curlv, the contribution of the lateral surface 
drops out, since d8 is normal to curlw everywhere on this surface, 
and there remains only the contribution of the two ends A, and A). 
Since no vortex lines can originate on the inside, and since curlv 
has the same direction as dS at one end, and the opposite direction 
at the other end, 

{curly |, 4;=|ourlv|,4, - - - - (36) 


Further, we can show that every vortex filament always consists 
of the same fluid particles, i.e. the filament travels along with the 
fluid. Draw a closed curve C (fig. 3) which does not encircle the vortex 
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tube. By Stokes’s theorem, the circulation § ,v as along this curve is 


zero, since curly remains normal to d§ 
at all points of the surface enclosed by 
C. According to Thomson’s theorem, 
the circulation along a curve composed 
of the particles which constitute the curve 
C at time ¢ must remain zero. This 
means that the curve C remains on the 
surface of the vortex tube. Since these considerations are valid for 
every curve on the lateral surface which does not encircle the tube, 
we may imagine the entire surface made up of elements bounded by 
such curves, the circulation being zero along their boundaries. This 
means, however, that the vortex tube consists always of the same fluid 
particles. 

This law holds for vortex filaments also, since a filament may be 
thought of as the common element of two vortex tubes. The motion 
of vortex filaments can be observed, for example, with smoke rings 
produced by blowing tobacco smoke from the mouth. The smoke 
particles serve to make the motion of the air visible. The vortex ring 
moves onward with the air expelled from the mouth. Rotation of the 
air around the axis of the ring may be observed only in the first stages 
of the motion, since it is soon destroyed by the viscosity of the air, 
which has been left out of account here. 

We now consider a curve R which encircles the vortex filament. 
The circulation along this curve is equal to the vortex strength of the 
filament, by Stokes’s theorem. Now by Thomson’s theorem, the cir- 
culation round this fluid curve is constant in time, so that the vortex 
strength must be constant also. We thus obtain the theorem: In a 
frictionless fluid, the strengths of the vortex filaments are constant in time, 
and hence vortices can be neither created nor destroyed. 


The remarkable properties of circular vortex rings—their indestructibility, 
indivisibility, &c.—led Sir W. Thomson to formulate the ingenious theory 
that atoms are vortices in the ether. This idea was developed by Sir J. J. Thomson 
in an Adams Prize Essay (1883). The matter is only of historical interest now. 


(2) The law of Biot and Savart for the flow generated by a 
vortex filament 


If the vector curly is given as a function of position, the field of 
flow may be calculated from it. We take the simple case of a single 
vortex filament of strength K. This problem corresponds exactly 
to the calculation of the electromagnetic field of a thin wire carrying 
a current J, since for a curve of area A encircling the vortex filament, 
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f vds = {(curlv) ds = | curlv | A = K, ee (3n) 


while in the magnetic case, for a curve which encircles the conductor, 
we have the analogous relationship (cf. p. 301) 


4arI 


§ Hds = f (curl H) ds = | curl | A= (37) 


But the solution of the magnetic problem is well known; we have the 
law of Biot and Savart: 


I cla 
n= 2 f Sra) ee RSG 


where ds is an element of length of the conductor, and 7, is a unit 
vector in the direction of ». Hence for the present hydrodynamical 


example, 
K c{dsr,] 
v=7¢ ee cs) 


r2 


where ds is an element of length of the vortex filament. 


5. Plane Circulatory Motion. 
(a) Circulation accompanying the flow about an obstacle 


Plane potential flow supplemented by the inclusion of circulation 
is of considerable practical importance. While pure potential flow 
leads to paradoxical results, as we saw in the case of the cylinder 
immersed in a uniform stream, it is possible to modify the assumptions 
and thus attain satisfactory agreement with experimental results. 
This modification consists in introducing a term which gives a finite 
circulation, but which leaves the actual region of flow irrotational. 
The addition of this circulation allows for the vortex formation re- 
sulting from fluid friction in the boundary layer. From the point of 
view of strict accuracy, it is true, it must be borne in mind that two- 
dimensional problems do not occur in nature, since actual obstacles 
are of finite length, and that the disturbances originating at the ends 
are not included in these calculations. As in § 3 (p. 201), we utilize 
the complex plane for the representation of the plane motion. Let 
the stream lines be obtained by means of the complex function, accord- 
ing to the method of § 3. The derivative dQ/dz gives (p. 201) the com- 
plex velocity w, or 0, — Wy, with the help of which the calculation of 
the circulation about an obstacle becomes particularly simple. Thus 
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if we integrate along the profile of the body, we have, since the obstacle 
is bounded by stream lines, 


a ae ae 
dz Uy 
or . v,dy—vjde=0. . . «~~ « (39’) 


Consequently [cf. equation (27) (p. 201)], 
K= $ vds = $ [v.da + v,dy + t(v,dy — v,dz)] = f wae. (40) 


The evaluation of the complex integral becomes particularly simple 
if we use Cauchy’s Integral theorem. Since the disturbance vanishes 
at a great distance from the body, i.e. the flow passes over into the 
undisturbed uniform flow, the complex velocity must be representable 
by a series in powers of 1/z, the point z= 0 being within the body: 


w=, ++ 4... .. ae eR 


According to Cauchy’s theorem (p. 72), we then have 
K= $wdz= Qnia, 1... .. 2) 


(6) The Kutta-Joukowski lift formula 


We can also calculate very simply, by means of complex functions, 
the resultant pressure exerted by a stream upon an obstacle. The 
force acting on unit length of a cylindri- 
cal obstacle is given by 


F= § pnds, «geen (23 


where # is the direction of the normal 
directed toward the interior of the 
body (fig. 4). Since the normal com- 
ponent of the velocity vanishes at the 
surface of the obstacle, the integral is 
taken along a stream line, and we can 
apply Bernoulli’s formula 


pt+iv=k, 


i.e. f§ pnds = ~ £ f mvtds + f knds. = ey 
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The second integral on the right vanishes, however, for a plane curve, 
as may be shown readily. Thus, if we call the unit tangent vector 7@, 
and the unit vector normal to the plane of the curve 5, then # = [62], 
whence 


f knds = k § [(b4)]ds = k[ 6 tas | = k| 6 ¢ ds | =0, (45) 


since @ ds vanishes for every closed curve. In order to evaluate the 
first integral, it is convenient to introduce a complex number 
Z=F,+4F, ..... ~ (46) 


whose radius vector in the complex plane is thus a reflection of the 
force vector in the line bisecting the first quadrant. Now, by equations 
(43) and (44), 


Fy=— f pv cos(ny)ds, F,=— pe cos(nz)ds. (47) 
But from fig. 4 we see that 
ds cos(ny) = daz, ds cos(nx) == —dy. » « (48) 
We thus obtain 
= — Pf %de—1 
Z= Ege (de — idy) 


ee 2 2 = 
=-—§ f (v,2 + 0,2) (da — tdy). . . (49) 
If we add under the integral sign the expression 


24 (v,dy a vd) (Vz ae Wy), 
which is zero, by equation (39’) (p. 208), we obtain 


=— f $ (ve — Yiv,v, — 0,2) (de + idy) = — f ¢ wdz. (50) 


Since the disturbance caused by the obstacle vanishes at a great dis- 
tance from it, the complex velocity w may be represented, according 
to equation (41), by a series of descending powers of z, if we take the 
origin within the obstacle: 


w= w,, + + Sto. .. . ee 


The corresponding complex potential is, by integration, 


0. = a + w,, 2+ 4 loge— “2+... . . (Al) 
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By equation (42), the coefficient a_, is connected with the circulation 
by the equation } 


O41 Oa 


If we form the integral f wdz, we are concerned only with the term in 


1/z. In squaring ’w, this term obtains the coefficient 2w,,a_, and the 
value of the integral becomes 


2K 
2 = — ° e ° 
gw de = ri we, + (51) 


whence, by (50), 
Z — — pKw,, = — pK (v,,, = Wy,,)- = S 2 (52) 


From the definition of Z, in (46), we thus have 


F, = It) = +p, 
por ei ee, aml 


These equations constitute the Kutta-Joukowski Lift Formula, 
so named after its discoverers. It shows at once that the simple poten- 
tial flow about a circular cylinder causes no resultant force on the 
cylinder, since the complex velocity 


vk? 


w= v— — 
2? 


which, by equation (32) (p. 202) occurs in that case, contributes no 
term in 1/z to the integral f w*dz. In reality, however, the breaking 


away of the boundary layer from the cylinder causes a vortex region 
to form behind the body, and this invalidates our calculations. The 
turbulent detachment of the boundary layer can be checked by setting 
the cylinder into rotation. In this case we have, superimposed upon 
the solution (32) (p. 202), another flow which streams around the 
cylinder in circular paths. The corresponding complex potential has 
already been encountered in § 3 (p. 202), and is A logz. The complete 
flow is then given by the potential function 


R2 
= o(24+ F)+ A loge, .. 1 aS 


and the complex velocity 


2 
wa oe © 8 © © « © (55) 
The circulation is 


: Oe 
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If we assume complete adhesion of the boundary layer, the circulation 
has the value 27wR?, where w is the angular velocity of rotation of 
the cylinder and R its radius. Ifthe original 
flow is along the z-axis, we have a force in = <-> 


a a 
the direction of the y-axis, ——__ im > a) 
F,=—2npwRh% .. . . (57) o_o 


The force is directed toward the side on ————————> 

which the stream and peripheral velocities EE B) 
—se 
Se 


have the same direction, since K is positive 
when the surface is on the left.* This pheno- 
menon is known as the Magnus Effect, after ___—_—_————-"___=. 
its discoverer. This somewhat unexpected 
transverse force has recently had an interest- —_ ¢) 
ing practical application in the rotor ship. <—_——_____"—-> 
By means of relatively simple trans- Fig: § 
formation functions the flow pattern of 
a combined parallel flow and circulation about a circular cylinder 
may be converted into the flow about a profile similar to the 
wing sections used in aeronautics. According to the magnitude of 
the circulation about the cylinder, we obtain flow patterns of types 
a or c (fig. 5). Case b represents the transition. In case a, where the 
circulation is small, the flow would have to pass around the trailing 
edge to the upper surface; in case ¢, the flow would be required to 
leave from the lower surface. Since it is an empirical fact that a fluid 
does not pass around sharp corners in this way, the circulation which 
actually occurs must be that corresponding to case b, where the fluid 
leaves the profile smoothly at the trailing edge. Thus the lift of a given 
wing section may be calculated in advance if the section is obtainable 
from the circle by conformal transformation. It is to be remembered, 
however, that the two-dimensional computation is a somewhat rough 
approximation to the actual case. 


It may be of interest to see how the creation of circulation about the profile 
is to be reconciled with Thomson’s theorem concerning the constancy of the 
circulation. If we imagine the wing section brought into an ordinary parallel 
stream for which no circulation exists for any curve, then no circulation can 
come about, according to Thomson’s theorem. But, as already emphasized, the 
friction at the boundary layer cannot be neglected, even for a fluid of low vis- 
cosity. As a consequence, Thomson’s theorem may be applied only to a fluid 
curve enclosing the body, and at a great distance from it. The circulation remains 
zero for such @ curve. To the same degree as a circulation develops about the 
profile, an oppositely directed vortex—the so-called starting vortex t —develops 


* The value in (57) holds only in the limiting case where no detachment of the 
boundary layer occurs. Actually, however, the value of the rotational velocity of 
the fluid to be substituted in the equation is only about «/2, since @ partial detachment 
of the boundary layer always takes place. + Ger. Anfahrwirbel. 
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at the trailing edge. When its strength becomes equal to the final value of the 
circulation about the profile, this vortex is shed downstream, and the flow pattern 
remains steady thereafter. On account of the presence of both this vortex and 
the circulation about the profile, the circulation remains zero about a curve 
which encloses the profile and is at a great distance from it, since it encloses 
both the vortex and the circulation about the profile. 


6. Undulatory Propagation of Disturbances in Fluids. (Sound Waves.) 


Compressions and expansions which are propagated in liquids and 
gases in the form of waves are among the non-stationary kinetic 
phenomena lending themselves most readily to mathematical treat- 
ment. The reason is that the velocities and density changes which 
occur are so small that products of these quantities may be neglected. 
For this case, then, we may strike out the term wv grad.v from the 
equations of motion (p. 195). In the absence of external forces these 
equations then become 


aru ——— el p grad p. e e ® e e 9. (58) 


Let the density be represented by 
p= pll+o(t,z,y,2)], . . . . « (59) 


where f is the average density and o is a measure of the departures 
from this normal value. Putting this expression into the equation of 
continuity (12) (p. 196), and neglecting terms.of the second order, we 
obtain after division by jp: 


0 : 
a; + dive = 0. ee oe 


Since (58) is equivalent to three scalar equations, we have four equa- 
tions for the five variables v,, v,, ¥,, p, o; thus we need one more 
equation. This comes from the relation between p and p, or between 
pando. For gases, Boyle’s Law 


. 


a's 
em =) 


(p = average pressure) suggests itself. However, this leads to erroneous 
values for the velocity of sound, the reason being that Boyle’s Law 
holds for constant temperature, while the compressions and expan- 
sions follow one another so rapidly here that the heat generated ac- 
cording to the laws of thermodynamics (cf. p. 506) cannot be dissi- 
pated sufficiently rapidly. We must apply the adiabatic law (p. 506), 
which holds for complete thermal insulation. In terms of the density, 
which is inversely proportional to the volume, this law is 
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“ee 
: (2) (eon 


where y is the ratio of the specific heat at constant pressure to that 
at constant volume. Then 

gradp=pygrado, ... . « (62) 
and, again neglecting products of small quantities, 


: PY 
= ad i ad. . ee e8« @ e © 63 
a? eee (63) 
If we substitute this value in the simplified hydrodynamical equation 
(58), we obtain 

dv 


—— tf 
Ot Pp grad o. e ° ° ° e e (64) 


It is easy to eliminate v from equations (60) and (64). Since deri- 
vatives with respect to position and time may be taken in either 
order, we need only differentiate equation (60) once more with respect 
to t, take the divergence of equation (64), and equate the two 
resulting expressions for 


O ties 
ry (div v). 
2 
The result is div grad o = Ao = = e ~ + @ « (65) 


But according to p. 6%, this is the differential equation of a wave 
motion propagated with the wave velocity 


o= 4/22. SCs. «xe OU) 


Thus we have the formula for the velocity of sound in gases. The 
average density # is still a function of the temperature. By p. 494, 
we have 


5 Po . se 6 
ea (67) 


where p, is the density at 0°C., @ is the centigrade temperature, and 
a is the coefficient of expansion of the gas. Hence 


y= [Px to) 5 gone tee 
Po 


Since py is proportional to p, v is independent of the pressure. 


Ex. 62. Calculate the velocity of sound in water, the value of the compres- 
sibility being x = 60 x 10-® atm.* and y= 1, 
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7. Hydrodynamics of Viscous Fluids. 
(a) Simple linear laminar flow; Poiseuille’s Law 


The term “laminar” is applied to a flow pattern in which the 
fluid may be divided into parallel layers which flow past one another 
with various velocities. The simplest case is that where the velocities 
of all layers have the same direction, say that of the z-axis. As a 
result of internal friction (viscosity), the more rapidly moving layer 
tends to drag the neighbouring layer along with it, and thus accelerates 
it. Reciprocally, the slower layer tends to retard the faster one. The 
correct definition of this force goes back to Newton. The force is 
proportional to the common area of contact S of the two layers and 
to the velocity gradient normal to the direction of flow. Thus if the 
velocity v increases along the positive z-axis, the layer just above 
that for which z = 0 exerts a tangential force upon an area S of the 
latter of amount - 

dv 


dz ° ° ° e e ® 


In this case the force is in the direction of the positive z-axis, and 
thus is to be reckoned positive. The factor of proportionality y is 
called the coefficient of viscosity. Laminar flow occurs, for example, 
when a viscous fluid flows slowly through a circular cylindrical tube. 
From experience we know that the liquid adheres to the walls; hence 
the velocity increases as we go toward the axis of the tube, and du/dr 
is negative. Take the element of volume to be a hollow cylinder of 
fluid with radii r and r + dr. The adjacent layer on the inside exerts 
a force on this cylinder which is along the positive z-axis and amounts to 


F=78 (69) 


dv 
ar’ 
where 1 is the length of the tube. On account of the decrease of velocity 


toward the outside, the contiguous layer of fluid on the outsidé tends 
to retard the cylinder with a force 


an 2 
Fy = 42mml(r + an (P42 ar). 


PF, = —2aylr 


If the pressure at the inlet end of the tube is p, and that at the outlet 
Po, then the resultant hydrostatic force on the ends of the volume 
element is 2mrdr(p, — py). In the stationary state corresponding to 
uniform motion the pressure force and the forces of viscosity must be 
in equilibrium. Hence, neglecting higher order terms, 

d [ dv 


dy d*y 
dargl — + 2arnlr re Zarql & ( =) = —2nr(py— py). (70) 
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This equation may be integrated at once: 


dv (p— Pr , © 
adr <a 7 e© @ @ (71) 


Integrating a second time, 


el Pista) 
ia ie 3 + Clogr + D. 5 Seam (4) 
The constants of integration C and D are determined in the following 
way: Since v must remain finite along the axis (r= 0), C must be 
zero. Moreover, v must vanish at the wall, where r= a. Hence, 


4yl 
The solution is thus v= PP @—P). ee = a) le) 
if 


If the velocity vectors of individual fluid elements are drawn with 
their initial points in a given cross-section, their termini lie on a sur- 
face of rotation whose meridian section is a parabola. In this case 
we speak of a parabolic velocity profile. The total volume W issuing 
per second is obtained by taking the integral J vd§ over a cross-section. 
In this case we have 


a (Pia Poy... 72 __ 7 (Pi — Po)a* 
W f a (a? — #9)2ardr = (74) 


This is Poiseuille’s Formula, which states that the quantity of fluid 
issuing each second is directly proportional to the pressure difference 
and to the fourth power of the radius of the tube, and inversely pro- 
portional to the length of the tube and to the coefficient of viscosity. 

Simple laminar flow, however, is not the only form which can 
develop in a tube. At greater velocities the flow breaks down into 
another state where (1) the velocity of efflux is no longer proportional 
to the pressure difference, but increases more slowly, (2) the values 
of velocity and pressure at a given point are not constant in time, as 
before, but oscillate about mean values, and (3) the paths of individual 
particles are no longer rectilinear; there is a continual intermixing of 
fluid elements, as may easily be demonstrated by injecting filaments 
of coloured liquid. This state of flow is called turbulence. The initiation 
of turbulence is determined by the value of 8 dimensionless quantity 
called Reynolds’s number, after its discoverer. This quantity, for a 
circular tube of radius a, is given by 


R = gery Pi oe ee ee (75) 
n 
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where p is the density of the fluid and »v is its velocity. There is a 
rather definite lower limit of the value of R corresponding to the 
beginning of turbulence. Turbulent flow has not been produced for 
values of R below about 2200. Whether or not turbulence appears 
for values of R above 2200 depends upon the degree to which the fluid 
is free of disturbances, especially at the inlet. The theory of turbulence 
and of the breakdown of laminar flow is still an incompletely solved 
problem of hydrodynamics. 


(6) Extension to arbitrary states of flow 


In order to calculate the stresses on a volume element of a viscous 
fluid we can avail ourselves of the formule of the theory of elasticity, 
provided we bear in mind that in place of the displacements u, v, w 
(p. 162), their time derivatives appear, since the viscous forces operate 
only when motion occurs. But these derivatives are merely the com- 
ponents of the flow velocity. Thus we must put into equations (21) 


(p. 166), 


OV, OV, , Oy 
on a= dy | da | 
__ Ov, Ov, , 0%, 
a= Fy a= 5z tT Oy om ~ « « (76) 
Ov Ov, , Ov, 


= 3 ‘ui 5,1 a ais 


We shall assume, in what follows, that the fluid is incompressible; 
hence € + €g2 + €33 = 0. We must now introduce the coefficient of 
viscosity » in place of the elastic constants FE and c. To see how this 
is to be done, we return to the above special case of linear laminar flow. 
Let the flow now be along the y-axis, and let the velocity increase in 
the direction of the positive z-axis. Thus “s 


%=0, v=», v,=—0. sale ae woe) 
The elastic equations of p. 174 give the shearing stress on unit area 
normal to the a-axis, acting in the direction of the y axis, as 
E E dv 
Py = 53 op = 5 
12 2(1 are a) 12 2(1 ae a) dz’ ©: ae (78) 
while equation (69) (p. 214) gives 


do 
"de 
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for this quantity. Thus Hit a 
Cg 
is to be replaced by 7, and we have 
ov Ov, , Ov 
P,, = 2n — = lhl 0 Piedad Ve 
1 an Pr, a (Geo) Py 
ov Ov, , Ov 
P. = 24 Py =7n(——+ —)= 
22 1S 23 n(Ge+ 7) Pg (79) 
ov 0 
Ps3 = 29 = Pa n (Gott Ge) = Pas 


According to p. 170, the components of the resultant of the stress 
forces per cubic centimetre become 


aici, OF. OBrien 9 Ben, _ Qe 
Be ae ay ; 


32 2 2 
=1(2 Ye, Bee et e+ SS) Le (80) 


dat ' Oy2 | Ondy | Oxdz' OZ 


or F,= 7(Avx,.+ = divv)=nAv, .. . (81) 
since divw = 0. Similarly, 


F,= Ar, ’ 
pr ee 


If these forces are added to the previously considered forces acting on 
unit volume of a fluid, we obtain the additional term 7Av in the vector 
formulation. But by the familiar vector formula 


curl curl v = grad div v — Av, 


the viscosity term nAv becomes simply —7 curl curl v, since div v= 0. 
Denoting, as above, the external force per gramme by G, the funda- 
mental hydrodynamical equation for incompressible viscous fluids 
becomes 


v a n 
PR = ee a tee e e a 
aE + vgrad.u=G oe oe (82) 


If the stresses due to viscosity are allowed to remain in the equation, 
this expression becomes, using (80), 


22 | y grad. v= G— 1 gradp+ (i dive, +J divPy + # div). (88) 
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(c) Stokes’s Law for the fluid resistance to a moving sphere 


Stokes was the first to succeed in determining the resistance ex- 
perienced by a sphere moving uniformly through a viscous fluid. 
Naturally, it amounts to the same thing if we consider the sphere 
fixed and the fluid to be flowing by it with the opposite velocity wp. 
We are thus concerned with finding a special solution of (82) which 
corresponds to the flow about a spherical obstacle and calculating 
the resultant force acting on the sphere from the flow pattern obtained. 
Stokes assumed the speed to be so small that the expression v grad. v, 
containing the products 


—_ 


could be neglected. That is, in the stationary state—which alone 
interests us—the left member of (82) may be set equal to zero. This 
approximation, however, leads to erroneous results in the case of a 
cylinder, as Stokes himself pointed out. As Oseen has shown, the 
term v grad. v must be taken into account, even for low speeds, at 
least to the extent that it is included in the form vy grad. v—i.e. the 
flow v is replaced by the undisturbed flow uv, except in the derivatives 
of velocity. For the sphere, this furnishes only a small correction term, 
Stokes’s analysis being thus justified, and his result verified. For the 
sake of simplicity, we shall therefore give a brief reproduction of 
Stokes’s mathematics. Since we are concerned only with viscous 
forces, we leave the external force—the force of gravity—out of con- 
sideration. Its only effect is to produce a hydrostatic buoyancy. We 
proceed, then, by replacing all forces not connected with viscosity by 
the hydrostatic forces, since the velocity is low. However, in computing 
the total force, these contributions must not be forgotten. Thus, in 
the problem of a sphere falling through a viscous liquid we must not 
forget the buoyant force. In order to calculate the viscous forces, we 
thus consider the fluid freed from gravity, and the hydrodynamic 
equations reduce to 
gradp= Av; divu=0. ... . (84) 


We try a solution for w which is the sum of a potential flow v, = grad® 
and a flow wv, not derivable from a potential. Then 
grad p = 7A grad ® + yAv, = 7 gradA® + yAv,. (85) 
We further assume that v, satisfies the equation Av, = 0. Integration 
of (85) then gives 
p= A+. . . -. . . « (86) 
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The condition of incompressibility, div v = 0, furnishes the additional 
equation 


The simplest assumption we can make regarding v, is that there is 
only one component v,, different from zero. This quantity must then 
satisfy the equation Av,,—= 0. The simplest solution of this equation, 
corresponding to spherical symmetry, is 


Yan = = RS 6 ye 1B 
Thus we put , , a 
Cet, div v, = i(waa? ) = O—-  : (89) 
According to (87), this gives the following differential equation for ®: 
at 


AD+a"=0. 2. « « « « (90) 
Oz 


We may verify in a moment that a particular integral of this equation is 


oe ee - - OD 
for this gives ; . 
a 0 G . Le Ce? 
ee oe oo eee 395 UY 


In order to have sufficient constants to satisfy the boundary con- 
ditions, we add to this solution functions which satisfy the equation 
A® = 0. Thus these functions drop out when substituted in equation 
(90). Since our previous particular solutions vanish at infinity, we must 
add a term which fulfils the condition that the flow at a great distance 
from the sphere is parallel to the z-axis. A suitable term is vgz. Another 
function which satisfies A® = 0 is, for example, b/r. But further, on 
account of the interchangeability of the operators 0/dx and A, all 
derivatives of 1/r also satisfy the equation A® = 0. We shall show 
presently that all the boundary conditions can be satisfied by adding 
the single function 
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our assumed solution is thus 
il 


r a ar) a. 
—— ett ~ & e e 92 
v et et Sing at! (92) 


Written in component form this is 


Om? 2002 + — r r 
an a Or Say , a ry 
eal er = dnoy : ee si 2 
es! 
r a OF 3az a 2Z 
t= — = = 5) — 


— "dgd2 2 dxodz rp | 2 


For r= R all components of v must vanish for all values of z, y, z. 
This is true for the y- and the z-components if we put 


7 ee wee 
Then the coefficient of x? in the z-component vanishes of itself, and 
by putting the remaining terms equal to zero we obtain 
3R 0) R 
G=—%M%>, and ar ae eo « © (94) 
The solution corresponding to the boundary conditions is then 


v= m(1— 22 iS) - mw (- =) 


r r 


3u,R Ie . 
m= — (LF) 29 . (95) 


By equations (86), (90), and (94) the pressure becomes 
i 
ir 
P= Pot 7A® = py — amas 2 ame a a (96) 


The resultant force acting on the sphere is obtained by evaluating the 
stresses from the velocity components by equation (79) (p. 217), and 
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taking the integral of the stresses and of the pressures over the sphere. 
We thus have (cf. p. 168): 


F=— fpds+ $ { P, cos(#zz)+ P, cos(z7)-+ Ps cos(#k)}d8, (97) 


the pressure having the negative sign (see footnote, p. 191). On account 
of symmetry, the resultant can have only an z-component. The value 
of this is 
F,= F=— ¢ pids 
+ $ { P,, cos(#2) + P,, cos(%7) + Ps, cos(xk)}dS. (98) 


Because of the symmetry of the stress tensor (P,, = P.,), we have 
{ Py, cos(s22) + P., cos(#7) + Ps, cos(#k)}dS = P,d8, (99) 

and so the resultant becomes 
F= f (Py — pé)as. se «  « (100) 


This integral is to be taken over the sphere of radius R. We can save 
much calculation, however, by noting that the divergence of (Py — p2) 
vanishes. For 9 
div (P, — pz) = div P, -— P 


On” 

but this expression is zero, according to our assumptions, as may be 
seen from the component form of equation (83) (p. 217). Application 
of Gauss’s theorem then shows that the integral has the same value if 
taken over a concentric sphere whose radius is allowed to become 
infinitely large. Since the surface element of this sphere increases as 
the second power of r, we can drop all terms of higher order than 1/r, 
e.g. terms like x2/r5, in (92). For r large, the velocity components 
then simplify to 


a az a BZ 
Vac =" typ, t 5 ar Vy~ =5 0 Use = 9 pe (95’) 


Here a stands for —3v,R. In order to calculate the stresses we need 
the derivatives 
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Then by equations (79) and (96), 
P= $ ( — pi)ds 


x. « 2. Bane? : anx 
= § {on (1-2) Some jn s( mot a 


a? . yx . za? - ; 
=— g 3a 5 tdS —  3ay 48 — f 3ay ss ds f poids. 
= —3an $ S (at + yj + 2k)d8 — § poids 
=—3anf rds—f mids... ~~ + + + (108) 


The last integra] vanishes on account of the constancy of the integrand. 
In the first one, 
dS = rrsin@dédd, 


2 
x 
5 = cos"8, 
r 


a 


so that 
F = —3a [costs sin 9 d6 dp = +- set costo 
Pe lel 3 0 
=—4ran, . . . . (104) 


Inserting the value of a as given by (94) (p. 220), we obtain the final 
formula 


F = 6ryy kt. ee ee e@ @ @ (105) 


The force is thus directly proportional to the radius of the sphere and 
to the relative velocity of sphere and fluid. This law is of especial 
importance in the study of the atomic nature of electricity (cf. pp. 418 
and 425). The law has been well substantiated for spheres falling with 
low velocities in viscous fluids 


8. Surface Tension of Liquids. 


(a) Definition of the surface tension constant 


A large number of familiar phenomena—for example, those as- 
sociated with soap bubbles—indicate that the surface of a liquid 
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behaves like a stretched membrane, and that work 
must be done to increase the area of the surface. gn. 
What causes this tension? In order to explain the 
cohesion of liquids we must assume that the mole- 
cules are subject to mutually attractive forces which 
decrease rapidly as the distance increases, and are 
therefore of little effect in the gaseous state.* A group Fig. 6 
of molecules shielded from all external forces would 
thus assume the configuration in which the particles are at the mini- 
mum distance apart, ie. a sphere. Every deformation of the sphere 
enlarges the surface and increases the average distance apart of the 
molecules, thus requiring that work be done against the attractive 
forces. If we pursue these ideas mathematically, and calculate the 
total potential energy of a quantity of liquid, we obtain a part 
proportional to the volume and another proportional to the surface. 
Since the former increases as the cube of the linear dimensions, the 
latter as the square, the surface phenomena will be more prominent 
when the volume considered is small. 

We begin by considering the surface energy 


Caren. ke ws 108) 


The factor of proportionality a is called the surface tension. If we 
mark off a portion of the surface (fig. 6) by means of a closed curve C, 
then a force 7, lying in the surface, acts on each unit length of this 
curve. Let the curve C pass into the curve C’ when the surface is 
enlarged. Let 8 be the displacement of an element of arc ds 
in the direction of the normal to C lying in the surface. Then 
the work done against surface tension in displacing the curve C is 


—3W = $7 ds bn. eas 


Since 7 has the same value at all points of the surface, as in the case 
of a membrane, it may be brought outside the sign of integration. 


Also, since ¢ ds 8n is equal to the increase in area, we have, by (106) 


and (107), 
8U = —8W = 7dS=ad8S. . « « © (108) 


The surface tension a is therefore equal to the force 7 acting upon unit 
length of a bounding curve. 


* Gravitational attraction must be assumed to exist between molecules, but it is 
of a much lower order of magnitude than the true molecular forces, which are electrical 
in nature. Repulsive forces do not come into play until the molecules are very close 
together. It is these forces which cause the molecules to occupy space. 
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(6) Normal pressure at a curved surface. Differential equation 
of the surface 


We consider first a cylindrical surface (fig. 7) and consider the 
forces acting upon a surface element 
bounded by two generators and two 
curves normal to them. Since the ten- 
sions acting on these two curves lie in 
the surface, they are parallel to the 
generators, and hence can produce no 
tesultant normal to the surface. On the 
other hand, the tensions acting on the 
generators form an angle dé with one 
another, and have components (fig. 7) 
directed toward the concave side of the 
surface. Calling the length of the 
generators ds,, that of the other bounding curves ds,, the inward 
component of the force acting on each generator amounts to 


Fig. 7 


ds, ds, dS adS 
ar = 1 2 — yp Ss Ss 
i” SR nee 
e a 
1.ée, = =. CY ei e e e e e 109 
Pr i ( ) 


For a surface of double curvature, we bound the surface element by 
two pairs of neighbouring lines of curvature. The lines of curvature 
are characterized by the fact that neighbouring normals to the surface, 
at points along these lines, intersect each other, and that the directions 
of their tangents are those of the normal sections of greatest and least 
curvature of the surface. Since the two families of lines of curvature 
are orthogonal, the above considerations concerning the cylinder are 
valid for each pair of sides of an element of a doubly-curved surface. 
The total normal force is then 


at = a( 7+ 7)as, 


and the inward-directed normal pressure is thus 
1 1 
Or + —aa e ° ° e . 110 
o= «(E+ R) ” 


The principal radii of curvature R, and R, are to be considered posi- 
tive if the corresponding centre of curvature lies within the fluid. The 
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normal pressure may assume negative values for concave surfaces, 
i.e. it becomes a tension. 

To compute the equilibrium form of 
the surface we apply the principle of 
virtual displacements. Imagine the surface 
deformed in such a manner (fig. 8) that each 
element is given a displacement 5n in the Fig. 8 
direction of its normal. Calling the dis- 
placement positive when directed outward, the work done against 
the normal pressure caused by surface tension—which is equal to the 
increase in potential energy—is 


80, = fa(z +z) sm . . a 


In addition to this change of potential energy there is another change 
connected with the potential of the external forces, in particular 
gravity; for fluid may be transferred to points of different potential 
as a result of the displacement. Since the energy-changes accom- 
panying the virtual displacements are small compared with the actual 
differences of potential along the surface, we may, in calculating this 
change of potential energy, take the values for the undeformed sur- 
face, say ® per unit mass. Then this part of the energy change is 


80, = f pbdsin. Deo See) 


Altogether we have, for equilibrium, 
il 1 
80 = fa ie Hp) aSin+ f pbasIn 


= [[o(xt ge) t Po [sano . (113) 


The displacements 5n, however, are not entirely arbitrary. They must 
be so related that the volume of the liquid is not altered. But the 
change in volume is given by the integral [dS 6n, which must vanish. 
Hence the vanishing of the integral of equation (113) does not allow 
us to conclude that the integrand is zero. In order to satisfy the 
auxiliary condition we again apply the method of Lagrange’s multi- 
pliers established on p. 115 for the case of the vanishing of the varia- 
tion of a sum, and immediately applicable to the variation of an 
integral, which is the limit of a sum. Thus we multiply the equation 


8V = [ dSin=0 oon -amaeele, “OnE 


by the undetermined multiplier A, which we may write under the 
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integral sign, since it is constant over the surface. We then add this 
equation to (113). Now, from the same considerations as on p. 116), 
we may conclude that the vanishing of the integral implies the vanish- 
ing of the integrand, whence 


1 1 
a(t) teeta Deo « « “meuls) 
This is the differential equation of the surface of a liquid. The con- 
stant A must be determined from the known values of R,, R, and ® 
at some point on the surface. If, for example, we consider the rise of 
a liquid surface at the walls of a vessel, A may be given readily for the 
middle point, where the surface may be considered 
plane. It is also convenient to reckon the gravita- 
tional potential from this point, so that A= 0 in this 
case. 


(c) Boundary conditions 


In order to integrate the differential equation, the 
boundary conditions must also be known. The usual 
case is that in which the liquid is confined in a vessel 
whose walls intersect the surface in a boundary curve. 
Fig. 9 represents a section normal to the bounding curve. 
At the surface of contact between the liquid and the wall 
there exists a surface stress a,, whose magnitude depends upon the 
nature of the liquid and of the material composing the wall.* For 
equilibrium, the component of the surface tension a parallel to the wall 
must balance the boundary surface stress a,,. No condition of equili- 
brium need be satisfied by the normal component, for such a com- 
ponent manifests itself solely by a force against the wall; on the other 
hand, if the tangential forces were not in balance, the bounding curve 
would move along the wall. In the case where the liquid wets the 
wall, the acute angle between wall and liquid surface (fig. 9)—the 
so-called angle of contact—is denoted by @. In this case 


a cos 6 + a= 0, eo e e @ @ (116) 


or cos = — “¥, Sa sestes. 3 CLLO 


This means that a,, is negative in this case. If 
fore 
a 


>1, 


* Since the surface tension depends upon the nature of the two media, the value 
of the constant a introduced above really is contingent upon the nature of the gas 
above the liquid. However, the differences for various gases are not great. Striotly 
speaking, a is the surface tension of the liquid with respect to its own vapour. 
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there exists no finite angle of contact, and the liquid spreads along 
the wall in the form of a thin layer. This is the case for the contact 
between water and glass. It corresponds to the boundary condition 
6=0. The spreading takes place even along a vertical wall. For a 
thin film, the work done against gravity is so small that it sets prac- 
tically no limit to the spreading of the liquid. 


(d) Liquid films 


A liquid film (e.g. the wall of a soap bubble) is bounded by two 
parallel surfaces which are close together. Consequently, the normal 
pressure of a curved film is twice that corresponding to each free 
surface. In the interior of a spherical soap bubble of radius R= R,= R,, 
the excess pressure is thus 


ae - ees = 01) 


If a bubble of this size is to be in equilibrium, the internal pressure 
must exceed the outside air pressure by this amount. For an unclosed 
film, the total pressure on both sides is the same; hence the part due 
to the existence of surface tension is zero, and the differential equation 
of an unclosed film is 

1 1 

—~+5=0 2. 2-2 ~~ (118 

R, a R, (118) 
The expression on the left is called the mean curvature. Surfaces for 
which this quantity vanishes are called minimal surfaces, since they 
are the surfaces of smallest area for a given boundary curve. It is at 
once evident that a stretched skin, corresponding as it does to a liquid 
film, assumes a form having minimum area. 


Ex. 63. Calculate the height to which a liquid will rise in a narrow tube of 
radius r, whose walls are wet by the liquid (cos8 = 1). 

Ex. 64. A soap film is stretched between two equal circular wire rings lying 
in parallel planes, their centres being on a line normal to these planes. The 
resulting surface possesses rotational symmetry about this line. What is the 
form of the surface? 


CHAPTER X 


RELATIVISTIC MECHANICS 


1. Space and Time in Newtonian Mechanics. 


When we spoke of the “ path ” and of the “ velocity ” of a particle 
in Chap. V we tacitly assumed the existence of a frame of reference 
(co-ordinate system) in which we could specify the position of the 
particle from instant to instant by giving certain numbers, and further, 
a means of measuring time (a clock) which marked off definite equal 
intervals of time at which the position could be recorded. A co-or- 
dinate system may be given, for example, by the walls of a room, or 
by the positions of the stars and the direction of the plumb-line. For 
a measure of time, we may use any subdivision of the day, i.e. the 
period of rotation of the earth. Actually we find the laws of me- 
chanics, as derived in the preceding chapters, verified when we use 
such reference frames and measures of time, at least to a very good 
approximation. But there are also frames of reference in which the 
fundamental law 


is not valid. For example, if we set our room, along with its fixed 
co-ordinate system, into rapid rotation, and if we allow the given 
applied forces to remain unchanged, then the paths of particles in the 
rotating co-ordinate system will be different. We can restore the 
validity of Newtonian mechanics by adding centripetal forces corre- 
sponding to the rotation to the other impressed forces. But what is 
the cause of these inertial forces? Newton gave an exact answer to 
this question. Despite the fact that his solution is based upon a fiction, 
it constitutes a foundation of the mechanics of macroscopic masses 
which has served for more than two centuries. Newton assumes that 
there exists a cosmic substratum, absolute space, which “in its own 
nature, and without reference to anything external, remains always 
similar and immovable”. Newton continues by saying that relative 
space, on the other hand, is “some movable dimension or measure of 
the absolute space which our senses determine by its position to other 
bodies, and which is commonly taken for immovable space ”’.* Thus 
* Principia, Book I, Scholium to Definition VIII. English translation by Andrew 
Motte, New York, Daniel Adee, 1846, p. 77. 
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the Second Law holds only for reference frames which are at rest in 
absolute space or, as we shall see presently, are in uniform rectilinear 
motion with respect to it. The centripetal or centrifugal forces 
involved in rotation are caused by an acceleration of our reference 
frame with respect to absolute space. Thus space, which according 
to Kant constitutes, together with time, the perceptual form of human 
cognition, attains physical reality, and we can perceive its effect in 
the invalidity of Newtonian mechanics for accelerated frames. The 
newer views, on the other hand, lead to a negation of absolute space 
such as the ether of electrical theory. These more recent ideas recog- 
nize only relationships between parts of matter occupying space. 
The cause of centrifugal force is taken to be acceleration not with 
respect to absolute space, but with respect to the material bodies of 
the universe. Thus, if all the stars were removed, centrifugal force 
would no longer exist. Newton also makes a similar assumption con- 
cerning the second element in the form of our knowledge, viz. time: 
Absolute time is assumed to flow uniformly, regardless of the exis- 
tence of any thinking being or any phenomenon or process suitable 
for measuring it. We seo at once that this fiction of an absolute time 
also fails to stand strict examination. We need only propound the 
question: what happens if the velocity of all physical and chemical 
processes, and hence of our thought processes also, is suddenly doubled? 
Since we would have no means of detecting this, the absurdity under- 
lying the very formulation of the question becomes apparent at once. 
Hence the concept of absolute time, which assumes that a standard 
clock exists somewhere in the universe, loses its justification, for it is 
contrary to the spirit of physics to form concepts which are neither 
directly nor indirectly accessible to our senses. Nevertheless, the fact 
that Newton was able to formulate a thoroughly adequate fowndation for 
the mechanics of macroscopic bodies by introducing these two concepis, 
whose difficulties could scarcely have escaped his notice, is to be regarded 
as an outstanding stroke of genius. 


9. Inertial Frames. The Galilean Transformation. 


We start with the empirical fact that there exist reference frames for 
which computations based on Newton’s Second Law are in complete 
accord with experiment. Consider, for example, celestial mechanics, 
which employs a stationary reference frame at the centre of gravity 
of the solar system. We do not now say with Newton that this frame 
is at rest in absolute space, or that it is in uniform rectilinear motion 
with respect to it (see below); we content ourselves merely with giving 
such a frame in which Newton’s laws are valid a name. Because of 
the validity of the Law of Inertia, we call such a system an inertial 
frame. Evidently the confirmation of our calculations depends also 
upon a reasonable measurement of time. How may we obtain a cri- 
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terion as to whether our frame of reference, together with our clock, 
represents an inertial system of space and time? For this purpose we 
perform, at least in thought, the simplest of mechanical experiments— 
rectilinear motion of a particle subject to no forces. If we divide the 
line of motion into equal segments, we can take the time between the 
passing of two successive marks as the unit of time. However, one 
direction is not sufficient. If our measured path were accelerated with 
respect to a true inertial frame, we would obtain a non-uniform clock 
which would give impossible results for other experiments. It is readily 
seen that the necessary and sufficient condition for an inertial frame 
is that three particles projected in non-coplanar directions describe 
straight paths. Then, by dividing the path of any one of the particles 
into equal intervals, we can obtain an inertial measure of the time. 

We now prove that if X is shown to be an inertial frame, Newtonian 
mechanics is also valid in every co-ordinate frame &’ moving uniformly 
in a straight line with respect to Z, provided that the same measure 
of time obtains in both systems. We shall find later that this tacit 
transfer of the time unit to the moving system is precisely the weak 
point of these almost self-evident considerations. Let the origin of 
=’ move with the constant velocity #. Then if we denote by accents 
all quantities referred to the moving frame, we have 


FQ ee “8 CE) 

Differentiation with respect to the time gives 
=r t+H, . 2. 2 2 ew es (2) 
P= Pee se eee 


Equation (2) states that the “absolute” velocity » is equal to the 
vector sum of the relative velocity » and the velocity #. This theorem 
is general, since no use was made of the constancy of z in deriving 
formula (2). Equation (3) states that the acceleration is the same in 
both systems, so that 


F=mr=mi’, «2. 2. ce (4) 


which was to be demonstrated. The transformation » = » + wt 
which, together with the equality of the time reckoning, corresponds 
to the concept of absolute space and time, is called the Galilean trans- 
formation. If we take the z- and the z’-axes in the direction of the 
velocity of motion of &’, whose magnitude is u, and if the two frames 
coincide at time t= 0, then the co-ordinate representation of the 
Galilean transformation is 


eae tu, y=y, e=v7, t=. .. (1) 


_ The validity of the Galilean transformation carries with it the 
impossibility, by means of mechanical experiments, of detecting 
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uniform rectilinear motion with respect to absolute space; e.g. we 
could not determine the earth’s orbital motion, which is approximately 
of this nature over a short interval. However, the extension of these 
ideas to electrodynamics (optics) shows that an experiment is possible, 
by means of which the reality of absolute space (the ether) might be 
verified. But experiments designed to test this point yielded negative 
results (see p. 239); this led to a revision of the previous conceptions 
of space and time. 


3. Accelerated Frames of Reference. Free Fall on the Rotating 
Earth. 


We now consider accelerated motions of the frame &’ with respect 
to the inertial frame 2. Two special cases of particular significance 
are selected for discussion. 


(a) Reference frames in uniformly accelerated rectilinear motion 


We assume our reference frame &’ to move with uniform accelera- 
tion a in the direction of the negative X-axis. Let this frame coincide 
with © at the time ¢ = 0, and let it start from rest. Such a frame is 
represented by a falling box. The connexion between the quantities 
pertaining to & and to 2’ is then 


t? 
v= —azk, Meee, :. =. .(D) 


r= vr — ath, o ee ee 8# © @ @® (6) 
y= 7 — ak. ee eer ae 0 


In = we have F = m¥ = m+’ — mak; hence for the same impressed 
forces in &’, 


my’ = 1 + mark. oe «© e@ e@ » (8) 


In addition to the resultant of the impressed forces we now have an 
apparent force or inertial force mak. If a is identical with the accelera- 
tion of gravity, the inertial force exactly balances the gravity force 
—mgk. Hence the force of gravity does not operate in the falling 
chamber. On the other hand, if we imagine the chamber to be at a 
place where there is no gravitational force, and if we move it with 
uniform acceleration g in the direction of the ++ X-axis, then an apparent 
force of amount mg, directed along the negative R-axis, acts upon 
every body within the box. Thus an observer within the box would 
say that he is in the gravitational field of the earth. This equivalence 
of an accelerated frame of reference and a gravitational field is of 
fundamental importance in the general theory of relativity (cf. p. 258). 
The equivalence can be maintained, however, only if the ratio of in- 
ertial mass, i.e. the mass entering in Newton’s Second Law, and gravi- 
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tational mass, i.e. the mass occurring in the law of gravitation, is the 
same for all bodies. In this case the ratio may be set equal to unity; 
this determines the numerical value of the gravitational constant. 

Following this preliminary glimpse we turn to the other important 
special case. 

(b) Uniformly rotating frames of reference 

In the previously considered types of motion the unit vectors 2’, 
j’, k’ maintained their directions, and we assumed these directions to 
coincide with those of 7, 7, & respectively. For a rotational motion of 
x’, however, the directions of these vectors change. If we suppose 
the origins of the two frames to coincide, and if we take the axis of 
rotation through the common origin, we have 


y=cti+yjt+eka=vt ty +7R'. » « (9) 
In taking time derivatives, the unit vectors will thus be variable: 


_ da’. , dy. , de ,, , at’ dj’ , aR’ 
ager: aL ar = ale + 2% ay gt # “a (10) 


The first three terms represent the velocity relative to &’, the last 
three give the velocity of a point rigidly attached to &’. If we denote 
the angular velocity vector by w, then 

UE as oi pl Fie, , 

dt — [w2 1 dt = [w7 ] “at — [wk ]. 0 (11) 


If these values are substituted in equation (10), the last three terms 
may be combined: 

#' [w2’]+ y [w7’]+2 [wk] = [w(2'e’+ y'7' + 2R')]=[wr). (12) 
If we denote differentiation referred to X’ by d’/dé, then (10) may be 
written a 


Wai tlw, oe. ae) 


This is true for any vector, since we can insert the components of any 
vector whatsoever in place of x, y, z. Symbolically, we may thus write 


f=5+ [ol Lo a ei 


Differentiating (13) again with respect to ¢ and applying the above 
rule, we have, remembering that w is constant, 


iy d (dr dry 
#—ala)* || 


= c (F aie (wr) + E (F + (orl) (15) 
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d? a? d’ 
or ot 2/0 | CAF so) 


The first term represents the acceleration relative to 4’, the third 
represents the acceleration in the system & of a point fixed to 2’. 
However, it is no longer true, as in the case of velocity, that the ab- 
solute acceleration is equal to the sum of these two terms; there is, 
in addition, a third term—twice the vector product of angular velocity 
by relative velocity. This term, which occurs only when the particle 
moves in >’, is called the Coriolis acceleration, after its discoverer. 
The Second Law then becomes 
dy d' dy 
r= M aa — oa 2m E #| +m[w[wr]], (17) 


or 


or, in the moving system, 
at Ae Le ae — m[w[wr]]; (17’ 
de di je a 
that is, we have, in addition to the impressed forces, the ordinary 
centrifugal force —m[w[wr]] and the Coriolis force 


dry 
—2m = | 


As an example of the forces arising from rotation of the frame 
of reference we take the case of free fall on the rotating earth. Co- 
ordinate frames rigidly attached to the earth are, strictly speaking, 
not inertial frames, on account of the daily rotation. The angular 
velocity of the orbital motion, on the other hand, can be neglected, 
having to the other the ratio 1: 365. However, the deviation from a true 
inertial frame is so small that it usually may be neglected. Neverthe- 
less, there are various mechanical experiments which permit the rotation 
of the earth to be demonstrated. These experiments were formerly 
interpreted as proof of the rotation with respect to absolute space; 
from the point of view of the present day, however, they may be 
considered merely as evidence of rotation with respect to the other 
matter of the universe. Take an inertial frame whose #-axis is in the 
direction of the earth’s axis. Let the frame 2’ be oriented as follows: 
Take the #’-axis in the direction of the plumb-line at the geographical 
latitude . This direction is that of the resultant of gravity and centri- 
fugal force. This direction will not pass through the centre of the 
earth if we consider the earth to be spherical, but it is sufficiently 
accurate to take the angle between this direction and the earth's axis 


to be c ” ‘) 
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We also omit from consideration the. polar flattening of the earth. 
The positive sense is taken to be that pointing outward from the earth’s 
centre. The 2’-axis is directed south- 
ward, the 7’-axis then points eastward 
(fig. 1). We then have the equation of 
motion 
dy ‘ dy 
m= mgk’ — 2m E Zi | (18) 
The centrifugal force is already included 
in the term —mgk’, since we understand 
g to represent the resultant acceleration 
ark of a falling body at the point considered. 
The angular velocity w has the com- 
ponents —w2’ cos? and +w’ sing in the frame 2’. In co-ordinates 
we thus have 


de, . dy 
Py’ _ de oe ) 
m Fy = —2mw sing —2muw cos $ = ° ° (18’) 
dz’ dy’ 
m—3 = —mg + 2mw cosg 


Leaving the rotation of the earth out of consideration, the 2’- and 
j'-components of velocity vanish for free fall. Hence, even when 
the rotation is taken into account, the quantities dz’/dt and 
dy’ /dt are small compared with dz’/dt so that we have the sim- 
plified equations 


dz! 

eo 

dy’ dz! : 

a = —2w cos¢ a ° °o e@ © e (19) 


* 


dz’ 
a9 


_ The first of these equations shows that no deviation occurs 
in the north-and-south direction. Integrating the third equation 
end taking 


X.] RELATIVISTIC MECHANICS 235 


dz’ . 
there results ae 2 = —$e. ie ce 20) 


Inserting this value in the second equation, 

d , 
= = +2wgt cos¢. e ee e « @ @ (21) 
Integrating twice and taking 


we obtain tf = FOG C08d. 3. 2 2 « 2 © (22) 


This result—an eastward deviation of falling bodies, proportional to 
the cube of the time of fall—agrees with observation. 

Ex. 65. The Foucault pendulum.—Calculate the motion of a freely swinging 
pendulum bob suspended by a thread, taking into account the motion of the 
earth. (The z-component of the velocity may be neglected here.) 

Ex. 66. Using equation (14), express the total change in angular momentum 
of a rigid body in terms of one part relative to the body and another due to rota- 
tion of the system of co-ordinates fixed in the body. Using the result, write the 
equation M = dP/dt in terms of components of w resolved along the principal axes 
of inertia. These equations are called Euler’s equations. 


4, Moving Frames of Reference in Acoustics. The Doppler Effect. 

Before discussing the difficulties which the concept of absolute 
space raises in optics, we shall consider the analogous questions for 
sound. Here the relations involved are perfectly clear and the effects 
are quite definite, on account of the fact that the velocity of sound 
in air is not too great compared 
with mechanically attainable 
speeds. We know a the ae P 
city of propagation of sound in ce . 
ee is na 333 m./sec. In a co- Se oa 24) 
ordinate system fixed with respect 
to the source of sound (taken to 
be at rest) and with respect to the 
air, the sound will have arrived at 
a sphere of radius c after one 
second. Let us now lay out a 
measuring rod and move it relative to the air. We then measure the 
relative velocity c, along the moving measuring rod, the direction 
of c, being given by that of the rod. Now the absolute velocity must 
always be c; hence if the velocity of the measuring rod is given, in 
direction and magnitude, by v, 

c=c,+v or C,=C—V. - + «+ + (23) 


In particular, if the rod is moved along its own length (position b, 
fig. 2), Cy = o—— V5 eo ete a @ © @ (23’) 


Fig. 2 
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for motion normal to its length (position c, fig. 2), 
Cy Ca se ee) 


Moreover, we know that motion relative to the source of sound is 
accompanied by a change in pitch of the tone perceived (Doppler 
effect). First imagine the source and the observer both at rest. The 
source emits v, condensations per second; these follow each other at 
distances apart 4) = c/vs. The succession of sound waves may be 
thought of as a long rod moving forward with the speed c, the con- 
densations being located on it, like a series of beads, with a separation 
equal to Ay. Hence vy = c¢/Ay = vs is the number of condensations 
passing the position of the observer each second. If we now permit 
the observer to move toward the source of sound, then he receives an 
additional number of vibrations per second equal to the number of 
waves in the distance he covers per second, i.e. a number v/A). Hence 


ee 
0 


For motion away from the source the positive sign in the parenthesis 
is to be replaced by the negative. 

The Doppler effect due to the motion of the source is essentially 
different, although the effect is in the same direction, i.e. the pitch is 
raised when the distance between source and observer is decreasing, 
and lowered when the distance is increasing. The situation may be 
analysed in this way: If the source were at rest, then the first dis- 
turbance—say a condensation—would be at a distance A, from the 
source after the time of one vibration had elapsed. But the source 
has moved on a distance v/v = (v/c)Ay in this time, thus decreasing 
the distance between the source and the first condensation by (v/c) Aj. 
This decrease holds for all distances between condensations; for after 
another vibration, the first disturbance has progressed a distance Ag, 
but the second starts from the new position of the source, and, so the 
distance between the first and second condensations is again decreased 
by (v/c)Ay, and so on. Fig. 3 shows how this occurs. The number of 
vibrations passing the observer each second is thus 

c c 


N Ag = vey 


vy = 1 a ve o 8 «© a» 8 @ « (25) 


or 


If the source moves away from the observer, the positive sign must 
be used before the second term in the denominator. Comparing this 
result with the case where the observer alone was in motion, we see that 


X.] RELATIVISTIC MECHANICS 237 


the two are equivalent only to a first a ion, i i 
pproxmation, i.e. when higher 
powers of v/c can be neglected. The reason is that the medium ee 


Stationary 40 4 3 as! 


ee 


Fig. 3 


the sound (the air) provides a special co-ordinate frame & to which 
all motion is to be referred. One sees at once that the two cases are 
essentially different by taking v=. In this instance we have vy = 2, 
for motion of the observer, while if the source is moving, vy = ©. 


5. Moving Frames of Reference in Optics. The Michelson-Morley 
Experiment. 


According to the older ideas, absolute space—called the ether in 
electrical theory—is the carrier of electromagnetic and therefore of 
optical phenomena. It is therefore natural to apply the results ob- 
tained for sound to optics. Actually, however, this procedure leads 
to unsurmountable difficulties. The existence of an optical Doppler 
effect of approximately the magnitude given by equation (25) has 
been observed in the spectra of stars moving toward or away from 
the earth, as well as in the light from canal (or positive) rays—tfast- 
moving luminous atoms (cf. p. 441). If we could increase the velocity 
of the light source, or of the observer, or increase the accuracy of 
measurement to the extent that quantities of the second order in v/c 
could be measured, then we would be able to test the existence of 
the ether. As we saw in Acoustics, if we have a medium at rest, the 
second-order quantities show that the Doppler shift depends not only 
upon the relative velocity of source and observer, but on the velocity 
with respect to the medium. Unfortunately, there is little hope of 
securing an experimental decision concerning the reality of the ether 
concept in this way. Only recently has it been found possible to in- 
crease the accuracy of Doppler-effect measurements on positive rays 
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to the extent that second-order quantities can be measured (see p. 246). 
It is easier to carry out, with sufficient accuracy, an experiment by 
which the velocity of propagation with respect to a frame moving 
through the ether is investigated. Since light is propagated in the 
ether with velocity c, the velocity of light relative to a system moving 
through the ether with velocity v isc —v. A direct measurement or 
comparison of the velocity of light in various directions on the earth, 
which (considering only the orbit about the sun) moves uniformly 
with a velocity of about 30 km./sec., is again, it is true, beyond experi- 
mental possibility. A comparison is made possible, however, by using 
the light itself, in a somewhat different arrangement, to measure the 


Se 


Fig. 4 


vanishingly small time differences. This scheme, which had already 
been suggested by Maxwell, was first utilized by Michelson and Morley 
in 1880. It has since been tested many times by various investigators. 
In this arrangement (fig. 4) light from the source L is divided into two 
beams, normal to each other, by the half-silvered plane parallel glass 
plate G. Each beam covers the distance | to the mirrors S, or S,, and 
is reflected back over its original path. Assume the arm 1 to be in the 
direction of the earth’s motion; then the relative velocity of the light 
is c — 0 on the initial path and c+ v on the return. Hence the time 
taken to pass to and fro along this arm is 


1 
h=o— + =F04+5t-+), — 


—v e+v 


In the direction normal to this path the relative velocity of light is 
/c — v?; hence the time required for the double journey along the 


arm 2 is 
al 21 vw 
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Thus there exists a difference—a very small one—between the two 
times: ae 
At =4 —h=-. 3 ies «0 (28) 

If we take the orbital speed of the earth to be 30 km./sec. and let the 
path | be 30 m. long, At= 10-* sec. In spite of its smallness, this 
difference can be detected if we use the light vibrations themselves 
instead of a material clock for this measurement. Now the number 
of vibrations N described by yellow light (A = 6 X 10-* cm.) in 10-45 
sec. is At f 3-108 

N=7 =At.v=At.,=10 ‘S93 =F 
The difference is thus one half of one vibration. If the apparatus is 
turned through 90° the two arms interchange their réles, and the 
difference has the opposite sign, so that the entire difference for two 
positions 90° apart amounts to one complete vibration. Since both 
partial beams originate in the same light source, they interfere when 
reunited (see p. 410) and we obtain a system of interference fringes 
which may be thought of as “ curves of equal thickness ” in the wedge 
formed by S, and the image of S, produced by reflection in the semi- 
silvered plate. Starting with the arm 1 in the direction of the motion 
of the earth, we have a definite system of fringes. If, now, the appa- 
ratus is turned through 45°, the two arms are symmetrically disposed, 
and the original time difference of 7/2, corresponding to a phase 
difference of 7, vanishes. The places which were originally dark are 
now bright, i.e. the fringe system has been displaced by half a fringe 
width. If we turn the apparatus further in the same sense, the opposite 
difference obtains, and when the rotation amounts to 90° the dis- 
placement is an entire fringe width. This is, of course, subject to the 
assumption of the numerical values adopted above. The result of the 
Michelson-Morley experiment, conducted under approximately these 
conditions, was the absence of any such fringe displacement. When, 
in 1925, D. ©. Miller reported a positive effect corresponding to a 
velocity of 10 km./sec., verifications were attempted by various in- 
vestigators. Joos, working with improved apparatus at the Zeiss 
plant in Jena, was able to show that if a positive effect does exist, 
it must be smaller than one thousandth of the width of a fringe. Fig. 1, 
Plate I, shows a record of the interference fringes. This record was 
obtained by moving a photographic plate in front of a 0-2 mm.-wide 
slit mounted normal to the fringes, the entire apparatus being rotated, 
meanwhile. Instead of a sinuous line repeating after one half turn, 
we see that the stripes are perfectly straight. Haperiment has thus 
decided against our acoustic analogy and against the existence of a stationary 
medium carrying light; %.e. the existence of a cosmic ether or absolute 
space is disproved. 


(29) 
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6. The Relativistic Conception of Space and Time. The Lorentz 
Transformation. 


Disregarding hypotheses which are contrived ad hoc, and which are 
therefore unsatisfactory, the result of the Michelson-Morley experi- 
ment leads compulsorily to a revision of our concepts concerning space 
and time. The negative result of this experiment makes it very evident 
that absolute space is a fiction. But absolute time must also be aban- 
doned. The definitions occurring in the treatment of time by the old 
mechanics are imperfect. For example, what is the meaning of the 
statement: “ Two events took place simultaneously at A and B”’? 
If we postulate an absolute, uniformly-flowing time, there can be no 
doubt as to the meaning of this statement; but physics demands an 
experimental criterion of the correctness of this statement, and this is 
where the difficulties begin. We must have synchronized clocks at 
the stations A and B which show the absolute time. Then the events 
may be said to be simultaneous if the clocks indicate the same time at 
the instant when the events occur. But how can the clocks be syn- 
chronized? An arrangement which suggests itself is the following: 
Place two mirrors, inclined at 45° to the path AB, at the mid-point C 
of AB, so that an observer at C can see the two stations A and B 
simultaneously. We shall say that the two clocks are synchronized 
if they indicate the same time at every instant, when seen at C. But 
from the standpoint of absolute concepts, they will not be exactly 
synchronous even in this case, for the experiment is performed on the 
earth, which moves relative to the ether; hence the light by which 
we see the clocks will require a time 1/(ec — v) to come to us from one 
clock, and a time 1/(c+- v) to come from the other, assuming the path 
AB (of length 21) to be in the direction of the earth’s motion. What 
value is to be put for v? There is certainly a velocity of the solar system 
relative to the fixed stars to be added to the orbital velocity of the 
earth, and probably a very large velocity of the galaxy with respect 
to the extra-galactic systems. From the absolute point of view, how- 
ever, there may also be a common motion of all matter with respect 
to the ether. The result of the Michelson-Morley experiment relieves 
us of the necessity of answering this question, for it shows that the 
velocity of light is the same in all directions on the moving earth. 
Therefore the above experimental criterion for the synchronization of 
the clocks of a system remains intact. But, as was first recognized by 
H, A. Lorentz, the result of the Michelson-Morley experiment requires 
that two systems in relative motion have two different time measures, 
for it is observed in each system that light reaches a sphere of radius 
c after one second. Hence the Galilean transformation, which sets 
t’ = t, cannot be correct. Its insufficiency was not recognized sooner 
on account of the fact that the velocity of light is so great in com- 


Fig 1.—Record of the interference fringes during the rotation of 
the Michelson-Morley apparatus (p. 239) 


Fig. 2.—Average distribution of charge 
round (a) ion at rest, (b) moving ion (p. 423) 


Fig. 3.—The two sheets of the wave surface for a biaxial 
crystal (p. 371) 
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parison with all mechanical velocities that the deviations can be de- 
tected only by the most refined optical measurements. The fact that 
the Galilean transformation is incompatible with the result of the 
Michelson-Morley experiment may be seen by applying the trans- 
formation to a spherical wave observed in a system at rest. The result 
is the equation of a sphere eccentric with respect to the origin. We must 
therefore transform ¢, along with the other quantities, in such a way 
that the transformation formule give a spherical wave for the propa- 
gation of light in every frame of reference, i.e. the identity 
at yt 2— A = o2+ y+ 2%— c%%=—0 . (30) 

must be satisfied. 

For the sake of simplicity we take the z-axis in the direction of 
the relative velocity of and 2’, thus permitting the z-axis to coin- 
cide with the z’-axis. We then make the 
obvious assumption that the transverse co- 
ordinates remain unchanged. Thus the iden- 
tity reduces to 

a? — cH? = w'2?—c#2®#=0. . (80') 


Since there is but one relative velocity », 

the transformation formule must further fulfil 

the condition that O’ has the co-ordinate vt 

in =, and that O has the co-ordinate —vt’ in &’ (fig. 6). The 

simplest relations which accomplish this end are 
x’ = k(x — vt) ! 

and a=k (e+) yo 

We eliminate x’ from the second equation by inserting its value 

obtained from the first, and find 


¢=2 [1-2 (1-7) | eemexsakee) 


Putting the values of 2’ and ¢’ in the right member of (30’), we have 
x2 — ct? — k2 (a? — Qavt + v*#*) 
Qat 1 a Pe 
Or a a =0. (33 
+o] lt e)+S() a) =o ©) 
The identity requires that the coefficients of x?, at and ¢ vanish sepa- 


rately; to accomplish this, we have only the two constants k and k’ 
at our disposal. The coefficient of x yields 


2 ek ,c il 
1— B+ Bt opt a aa 


(31) 


0. 


242 MECHANICS [Crap. 


The coefficient of requires that 


1 
—c? — py? OO ee > ae 

e&—hv+he=—0 or k Vive 
The coefficient of at gives 

(v2 — e*)kk' +2 =0, 

or, after inserting the value of k, 
pg Nan, 

~ = Fe 
It is now easy to verify that these values of & and k’ make the co- 
efficient of x? vanish also. 

We thus have the formule of transformation 


os cel — seals 
x) v 
\i-3 Vi=§ 
«© me (Oe 
t— 5a (eee a 
— t= c 


If we let ¢ tend to infinity we obtain in the limit the Galilean trans- 
formation, which is a first approximation to the Lorentz transfor- 
mation for finite v. The ratio v/c will, as is customary, be denoted by 
B in what follows. Using (34), we readily see by differentiation that the 
speed da/dt of O’ with respect to X, and the speed da’/dé of O with 
respect to 2’, are both equal to v. 


T. Immediate Consequences of the Lorentz Transformation. 
(a) Relativity of simultaneity and of the order of events -. 


Let two events occur simultaneously at the points 2, and a, in 
the frame 2, i.e. let t; = t,. Then 


fee in 
1 @ 2 @2 a 


t, = pee azo 


ie. 4,’ and ¢,’ are different. Two events at different places x, and x, 
which are simultaneous for an observer at rest in the frame & no longer 
appear so to an observer moving relative to &. We ask further: 
“May even the order of two events depend upon the state of 
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motion of the observer?” Let us take t, >t,,ie.t,—t>0. Then 


v 
; g— bh — ze (Te — %) 
t,” — t,? = ——__=~>—.——. . . .  (38’ 
In order to obtain a real time difference t,’ — ¢,’ at all in the accented 
system, the velocity v of &’ must be less than c; ¢, — t,’ certainly 
remains positive as long as 


ty — 4 > BI, 


Now we shall see below that the greatest velocity with which an agency 
connecting a cause and an effect can be propagated is c. If there were 
a more rapid process, we would use it in place of light to define simul- 
taneity. Hence, as long as c is the greatest velocity attainable, the 
order of two causally connected events cannot be reversed. However, 
the order of two events which are not causally connected may be 
reversed consistently with the above relationship. 


(6) The Einstein time dilatation 


Let a clock at 2, give signals at intervals 


At = ts — t. 
Seen from the moving system, the interval will be, by equation (34), 
= = At 
At — ae a ry ee © e@ @ 36 
V1—-B V1i-- a 


Thus the interval At appears to the moving observer to be lengthened. 


(c) The Lorentz contraction 


We perform a measurement of length by laying a measuring rod 
alongside the segment to be measured and reading the interval be- 
¢ween the division marks which coincide at a given instant with the 
ends of the length to be measured. As long as the measuring rod and 
the interval to be measured are at rest with respect to one another, 
this definition is trivial; not so, however, if there exists 4 telative 
velocity » between the two. Let the distance |= 2 — 2, between the 
ends of the interval be measured by means of a linear scale at rest in 
this frame. According to equations (34) (p. 242), a moving observer 
will note 


244 MECHANICS (Cuap. 


The times ¢, and t,, however, are to be determined in such a way that 
coincidence with the scale divisions occurs at the same instant in the 
observer’s system, i.e. we must have, not t,=4#,, but 4,’ = ¢,’. From 
the Lorentz transformation we have, for ¢,' = t,’, 


v 
ty — t = (%2 — %) @ 


and so = ay — 2,’ = (ty— 2)y/TSB* wee. RB) 


Seen by the moving observer, linear dimensions are reduced in the 
ratio \/1 — f?:1. A body which appears to be spherical to an 
observer at rest relative to it will thus appear to a moving observer 
to be an oblate spheroid. 


(d) Einstein’s velocity addition theorem 


In Newtonian mechanics, relative velocities are found by simple 
addition or subtraction (cf. § 2, p. 229). The composition of velocities 
in a mechanics based on the Lorentz transformation is more involved. 
Let a frame X’ move relative to X in the direction of the z-axis with 
velocity v. Let a point in X’ have the velocity 


un’ = Un 2" + Us Ff + u, R’, 


where ul, =—, U/ = 


at’ ans (39) 


at’ U; ; at” . ee 


What are its velocity components u,, u,, U,, in &? It follows from the 
Lorentz transformation, by differentiation, that 


dx’ dt’ dt’ a 
de Wa’ a a 
he = — eee — = ==, (40) 
a iF a iB 
(u,’ + v) jenn is ’ 
that is Uz= ( e ) 
i 
Solving for w,, t= ida wate (uh) 
1+ us 
c 
, ie pe 
Hence by (40), 2 = = oe 0 eo e (HB) 
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and “y= = = a P 
a dt! : 
ee 
Cc 
Similarly ol Se eee 
WU, 
14% 


On account of the denominator of (41), the sum of two velocities which 
are separately less than c can never exceed the velocity of light. The 
Einstein velocity addition theorem gives the simplest explanation of 
the index of refraction of moving bodies (the Fizeau Effect, p. 477). 

Despite the fact that the velocity of light appears to be an upper 
limit for velocities, it nevertheless cannot be denied that velocities 
greater than c are known. In optics, for example, there are media 
with index of refraction n <1. This means that the wave velocity u 
is greater than c. But signals can be given only by pulses, or groups 
of waves, which are propagated with the so-called group velocity (see 
p. 65). Sommerfeld has shown that this velocity is less than or equal 
to c for all media. Another example of such a geometric velocity ex- 
ceeding c is the following: Let a long ruler make a very small angle 
@ with the x-axis of a rectangular system of co-ordinates. If, now, 
the ruler be moved in the y-direction with a velocity v, the point of 
sntersection with the z-axis will move with a speed v/tand. It is 
evident that this velocity can be made to exceed ¢ by taking 6 suffi- 
ciently small, yet such geometric velocities in excess of ¢ can never act 
as connexions between cause and effect. 


(e) Doppler effect and aberration 


Let a source of light L’, at rest in the frame 2’, send out a spherical 
wave in this frame. Let the wave be 
represented by 


Ale ed a 2: 
Ss’ = mi e2rtv (t grit ay ¢ (45) 


where all quantities observed in &’ are 
denoted by accents. Let this spherical 
wave meet an observer P at rest in a 
system X. Let the co-ordinates of P be 
az and y in X and a’ and y’ in &’, taking both the «- and 
z’-axis in the direction of the relative motion of >’ with respect to & 
(fig. 7). In 2d’, let the ray from L’ to P make an angle @’ with 


the z’-axis, so that 


r= 2’ cosf’ + y' sing’ 
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A’ : 

and hence Ys a e27iv’(t’ —(x’ cos Lee S sin 6’)/c) +78" | ge te (46) 
T 


The observer in & interprets the approaching wave surfaces as coming 
from a point-source of light belonging to his system, so that the re- 
lation which holds for him is 


. Ss a A aniht—(x c000-+y sin )[e) +38 Ae (47) 
r 

Moreover, the co-ordinates and the time in the two systems must be 
connected by the Lorentz transformation. If we employ these re- 
lationships to express the accented quantities in terms of the un- 
accented ones, then comparison of S with S’ must yield a relation which 
is valid for every co-ordinate and for every time. This is possible 
only if the coefficients of z, y and ¢ in the exponents are separately 
equal. Thus from 


( ;— 

ie 2  (%—vt)cos’ ysin6’ 
2 —==T= 2°a°eernnnao>__—X_ XO" '*«SOFS—— 
aiv Vier wise 


= Sir (s— See — ee) . (48) 
Cc Cc 


we obtain, after reduction, 
a 1 + (v/c) cos 6’ 


V1 — BP ry ° ee e e (49) 
__ cos’ + v/c ee sin 6'~/1 — B2 
ON T+ (feyeash” °° = 1 Goayaasd” 
ao av — B (50) 


cos’ + /c° ° * ° 


Equation (49) gives the exact expression for the optical Doppler 
effect; this agrees with the acoustic value to terms of second order. 
It is worth noticing, however, that for transverse observation (9 = a/2) 
there exists a second-order effect here, while in acoustics vy =)’ ex- 
actly. By (50), cos 6’ = —v/c for 6 = 7/2, and hence (49) gives 
v= v'V/1 — B; thus a shift toward the red takes place. Unfortu- 
nately, no experiment thus far attempted has been able even to ap- 
proach the accuracy needed for the observation of this effect. On the 
other hand, H. E. Ives was able to increase the accuracy of measure- 
ment of the longitudinal effect as far as second-order terms, by ob- 
serving in both directions along a beam of positive rays and measuring 
the displacement of the mean with respect to the frequency of the 
source at rest. By (49), the mean value is 


B= V/V (1 — B) = v'(1 + 3A), 
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while from (24) and (25), v= (1+ §?). 


The experiment decided in favour of the former value. 

The meaning of equations (50) is the following: If we neglect 
second-order terms, we see from the figure that the source is seen 
from & at the position it occupied when the wave just arriving at P 
left the source, i.e. it is seen where it was at a time r’/c earlier. This is 
the so-called time of retardation. In this time the source has moved 
a distance vr’/c, and from fig. 7 we have approximately 


cos 6 =[r’ cos@’ + #’v/c]][r’ + (r'v/c) cos 6]. 


Putting cos 6’ = cos@ in the small second term of the denominator, 
we obtain (50). If the two systems remain in uniform rectilinear 
motion relative to each other we do not notice this displacement, but 
since the earth reverses the direction of motion in its orbit every six 
months, the displacement of the apparent position of a star also reverses. 
This is the phenomenon of aberration, first observed by Bradley in 1728. 


The ordinary explanation of aberration is based on a ballistic analogy. If 
the ray of light were a projectile making a hole in the objective and in the eye- 
piece of a telescope, the line joining the two holes would, on account of the motion 
of the telescope, deviate from the true direction by the angle computed. above. 
Since aberration is a first-order effect (i.e. one depending on v/c), it must follow 
correctly to this approximation from the older mechanics and electrical theory 
as well. 


8. Geometric Representation of the Lorentz Transformation. The 
Four-dimensional World. Calculation with World-vectors. 

In order to compare the transformations of Lorentz and Galileo 

we start with a very simple device—a graphical one-dimensional time- 


Fig. 8a Fig. 86 


table (fig. 82). We choose as abscissa not the time itself, but the pro- 
duct ct, which we denote by m. As ordinate we select the distance « 
traversed on a line which we take as the 2-axis. Uniform motion will 
then be represented in this diagram by a straight line of slope B = v/c. 
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A light signal is thus represented by a line of slope unity. Now let all 
quantities be converted to a system moving with velocity v. If the 
Galilean transformation ¢’ = t, z’ = x — ut holds, this means that we 
take a new m’-axis of slope f in the diagram, the z-axis remaining 
unchanged. If the unit on the old m-axis is given by the segment OM, 
then the unit on the m’-axis is given by OM’, where M’ is the inter- 
section of the m’-axis with a line through M parallel to the z-axis. The 
new co-ordinate system is oblique, but the x-axis is the same as before. 

The situation is different if the Lorentz transformation holds in 
place of the Galilean. As we shall show immediately, the new axes 
and unit segments are obtained as follows: We draw (fig. 8b) the 
hyperbolas 

m—o2=-1 and m’—2=—l, - « 46h) 


whose asymptotes m* — a = 0 correspond to the propagation of light 
signals. The new m’-axis is drawn as a line of slope B, as above. The 
unit point M’, however, is now the intersection of this line with the 
hyperbola m? — 2? = 1. Corresponding to the circumstance that the 
time must also be transformed in the relativity theory, a new 2’-axis 
must also be found. This is the line of gradient 1/8, ie. the line 
symmetric to the m’-axis with respect to the line of slope unity. The 
unit along the 2’-axis is determined by the point of intersection X’ of 
this axis with the hyperbola m?— 2?=—1. We proceed to show 
that these constructions make the transformation from the rectangular 
m, x system to the oblique m’, x’ system equivalent to the Lorentz 
transformation. First of all, the transformation to oblique co-ordinates 
with the same origin is given by a linear homogeneous transformation 
of the co-ordinates: 


m= dm'+ pa’, c=vm'+ pr. . . . (52) 


We determine the coefficients by means of the unit points. For WM’ 
we have m’ = 1, x’ = 0, that is, m= A. Again, for the abscissa of the 
intersection of the line x= Bm with the hyperbola m? — 2? = 1 we 
have 1/V1— f*. Hence A= 1//1— f*. For the 2-co-ordinate of 


the same point, = v= Bm = B/\/1 — B*. In the same way, from 
the co-ordinates of the point X’, 


= and ——— a 
ve V1 — p 
v 
’ , {4+ 49 
We thus have m= m+ Ba’ OF: tie 
UN Via). =. we 
_ a + Bm’ _ w+ 


.= = or t= 


beef 
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This representation provides an interesting partition of the 
zt-continuum. Since the maximum possible velocity for an agency 
connecting cause and effect is c, the straight line representing such an 
instrumentality can have, at most, a slope equal to unity. Hence if 
in fig. 8b the point O represents the present, then in the shaded area to 
the right of O, we find all events which are causally conditioned by O; 
this region therefore represents the future. All events which them- 
selves have conditioned O are found in the shaded area to the left of 
this point—the past. Events whose representative points (“ world- 
points ”’) lie in the unshaded portions of the plane cannot stand in any 
causal relation with O. These points, and only these points, may be 
brought into simultaneity with O by transforming to a moving system, 
since we can pass an 2’-axis through such points, thereby making 
m' = 0. If we include the other co-ordinates y and z of three-dimen- 
sional space, the asymptotes become the lateral surface of a four- 
dimensional cone 2? + y? + 22— m?= 0; this does not change any 
essential item of our discussion. 

There is, however, another way of representing the situation which 
is much more important for the formal analysis, but which cannot be 
visualized as well as the above representation, since it employs com- 
plex numbers. If we imtroduce the co-ordinate J in place of m= ct, 
where | = tet, 


we have at yet 24+ 2 = 2/24 y+ 2/2+1% . . (54) 


This means that the square of the radius vector remains unchanged 
under a transformation of co-ordinates in the 
four-dimensional z, y, z, | space. As in the 
three-dimensional case, the only transforma- 
tion, aside from reflection and translation, 
which leaves r2 unaltered is a rotation of the 
co-ordinate system. Actually, it can be shown 
that a rotation of the z, | system of axes 
yields the Lorentz transformation. If the 
j’-axis forms an angle ¢ with the I-axis, 
then, according to the familiar relations of 
analytic geometry,* 

Uv =lcosd + xsing } ee (85) 

a’ = —lsin¢d + x cos) * ’ 

* Thi i i rotation of a plane two-dimensional 

scott ps a AR Sipe by writing Iie expression for the 


radius vector in both systems: ; 
r=let+ ct a Vl + x2’. 


From fig. 9 we see that : : 

l=i'cos¢ —#’ sind and i= i’ sing + 4’ cos¢. 
Inserting these values in the equation for 7 and equating the coefficients of 7’ and 2’ 
to zero separately, we obtain (55). 
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If we set tand = —if, ims elon) 
that is, cos dé = Wo cing = a . wetS7) 
we obtain iA = rae = a 
ee (58) 
eee 
V1i— B 1— p* 


ie. the Lorentz transformation. 

Thus we have the important relationship discovered by Minkowski, 
that the transformation from one system of reference to another 
moving relative to the first with a velocity v corresponds to a rotation 
of axes in the four-dimensional z, y, z, | world, the angle of rotation 
being given by equation (56). This makes it possible, by extending 
ordinary vector analysis to four dimensions, to derive generally valid 
laws in the form of equations between four-dimensional vectors. In 
what follows, these vectors will be called world-vectors, and will be 
denoted by bars beneath their symbols. Just as the ordinary vector 
equations representing the laws of Newtonian mechanics may be re- 
solved along any co-ordinate system, so the co-ordinate resolution of 
world-vector equations yields a representation for a given system of 
reference. Resolution according to a system turned with respect to 
the first gives the representation for a reference system in motion 
relative to the first one. 

The following rules hold for calculations with world-vectors: Addi- 
tion and subtraction are defined as the same operations performed on 
corresponding components. Graphical addition would, of course, be 
possible also in four dimensions, according to the methods of descriptive 
geometry. Since the four-dimensional co-ordinates are also orthogonal, 


tt=1, J/=1, RR=1, UW=1, t7 =0, tk=0,_ 
z=0, jkR=0, &c. 59) 
Hence the scalar product of two world-vectors 
w= tet + uf fuk + ul and y= ve + 0,5 +0, + ol 
is defined as 
UY = Uy Uyy + Usd, + UM, ~ + «+ (60) 
The definition of the vector product is somewhat more difficult, since 
this combination really signifies an antisymmetric tensor, and it is 
more or less fortuitous that such a tensor in three dimensions can be 


represented by a vector. In four-dimensional space an antisymmetric 
tensor has six components, a vector has four, We define as the vector 
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product [ev] of two world-vectors the antisymmetric world-tensor 
@®, whose components are the determinants of the matrix 

en) ee Pe 
Ve Vy Ug 


i.e. 
®.y = U,V, — Uz, On = Uv, — U,V, ®,,, = Uv, — Up, 


}. (61) 


Corresponding to the three-dimensional A-operator we have a four- 
dimensional operator 


. 0 . 0 r) r) 
pie st) agus ae 


O,, = uy, — Uy, OD, = Uy, — uv, D,, = u,v, — up, 


whose combination with world-vectors or scalars gives, in complete 
analogy with the three-dimensional case, the following differential 
operations: 


Ou, .0Uu Ou Ou 
a Bl ed Bat ae or G oO (62) 


pe EO a Tay | Os ar tt (83) 
a 0 0a 24 
culy=[ovl=|3e dy Be al... . . 6H 
Us, Vy Uv, UY 


In place of the equation div curl v= 0 we have a somewhat more 
complicated property of world-tensors formed by taking the curl of 
world-vectors; viz. if ® = curl v, i.e. 

Ov, 0%, 0, 0%, __ 90, Oy 
a  § tm oe =“ oz Ol’ 


then we have 


a® 2 09 ., Dy = 

a ai oy Oz ai (65) 
ao, a®,, ODae e « e e 
ah ee sae ° 

Dre, ODay , 2% yy _ 

oy ar oe 


252 MECHANICS [CHap. 


9. Newton’s Second Law in the Theory of Relativity. The Variability of 
Mass and the Inertia of Energy. 


The Galilean transformation forms the basis of Newtonian me- 
chanics. It is our task to modify the laws of mechanics in such a way 
that they become compatible with the experimentally confirmed 
Lorentz transformation. It is true that the velocities which are met 
with in the mechanics of macroscopic bodies are so small that proof 
of the correctness of the transformation by means of terrestrial ex- 
periments has so far not been found possible; but we can impart to 
electrically charged particles (electrons) velocities approaching c, 
which therefore permit of a test. The formulation of the relativistic 
basis of mechanics is usually approached from electrodynamics, but 
it is also possible to derive the new laws from purely mechanical con- 
siderations. Adopting the latter method of approach, we have to 


pty iv 
= D2 
u 
a A 
7 X=X 
Fig. 10 


introduce the concepts of quantity of motion (momentum) and of 
energy into the mechanics of the Lorentz transformation, and de- 
termine the corresponding mathematical expressions in such a way 
that ee laws of conservation of momentum and of energy are re- 
tained. 

The simplest process whose result is conditioned by these laws of 
conservation is that of the impact of two equal spheres. Following 
Tolman, we use this case for a hypothetical experiment. Imagine an 
observer located on the y-axis of a frame or system © and another 
observer on the y’-axis of a second system 2’. Let the first observer 
throw a ball along the y-axis, the second one along the negative y’-axis 
(fig. 10). The masses of the two spheres are to be equal, when measured 
in the same system. Assume the two velocities of projection, as 
measured each by the corresponding observer, to be equal and oppo- 
site. Let a collision take place as a result of the motion of &’, and let 
the instants at which the spheres are thrown be so chosen that the line 
of centres at the instant of impact has the direction of the y-axis. 
Since the spheres are assumed to be smooth, they cannot exert tan- 
gential forces on one another, and so the z-components of the veloci- 
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ties are unchanged by the impact. If we denote the ball thrown by 
observer A in system & by a, the other by b, then, according to the 
rule for the addition of velocities, the velocity components before 
impact are 


as seen from 2: as seen from Z’: 
te — 0 W ag = —2. 
PD 
Way mae w ay U 1 ro mm) 
c 
66 
Woe a v ine = 0 ( ) 
a) 
Wy = —U af l—-—s; W'yy = —U 


Let all quantities after impact be denoted by bars over the symbols 
In order to be able to apply the law of the conservation of momentum 
we make the assumption that, in relativistic mechanics also, the mo- 
mentum vector has the direction of the velocity vector. Here, how- 
ever, we replace the scalar factor which represents the constant mass 
of the sphere in Newtonian mechanics by a variable multiplier a. 
Being a scalar, this can depend only upon a scalar quantity, say the 
magnitude w of the velocity. Under the above hypotheses, the z- 
component in the system % yields 


a(i).0+ a(a/e+ @(1-5)).» 
= a(u).0+ a(./+ (1 —3))- . (67) 


or a@=+4. avis fe) 6. = ane oe) 


Newtonian mechanics requires that 4 = —w in this case. Since 
relativistic mechanics must reduce to the Newtonian form for small 
velocities, we must use the negative sign here. Further, the y-com- 
ponent yields the equation 


a(i).a— a (f+ a(1—§)).a1-§ 
=a(u).u— o(/*+ ut(1— 5) -waft—% (69) 


This is satisfied for 7 = —vw if 


o(yttu(l—5))= 7a . . (70) 
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If we now let the velocity of projection become smaller and smaller, 


ati Se i ee 
VI-3 


For very small velocities, however, we must arrive at the Newtonian 
expressions, in which the scalar factor a is the mass mo. If we call 
this scalar factor the mass in the relativity theory also, then the result 
states that the mass increases with increasing velocity. Denoting 
the mass corresponding to a state of rest by mp», we obtain the funda- 
mental relation 


ss .. lege 
m zr (72) 
—% 


1 ae 


In what follows, the quantity m will be more accurately termed the 
momental mass or the apparent mass. 

We now formulate the fundamental law of mechanics in the original 
Newtonian form, in which the force is set equal to the time rate of 
change of momentum: 


P= (mv) =o 0? a 


This differs from the old form in that m may no longer be placed 
before the sign of differentiation, since it is now variable. 

According to this equation, the inertial mass, i.e. the resistance 
offered by a body to acceleration, is not now identical with the ap- 
parent mass; in fact the inertial mass in a frame of reference in which 
the body has a speed v will actually have different values in the two 
cases when the acceleration takes place in the direction of the initial 
velocity and normal thereto. To show this, we take the z-axis of 
our co-ordinate system in the direction of the velocity, while the 
acceleration is taken to be in the zy-plane, i.e. 
da dy d _ re dv d*y dz 


o,=0, 2 =v,=0, = =0 
dp ee gy Oe One — 8 ey Maina a eee O- 


Carrying out the differentiation in equation (73) and putting v, = », 
we have 


v 
Mola 
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= tay ww, 
a V1 _& ve as (8) 


Thus the inertial mass occurring as the factor of proportionality in 
the equation connecting force and acceleration has the magnitude 


Mo 
(v1 - 4) 


for the z-component, and the magnitude 


for the y-component. This means that the force vector and the 
acceleration vector have different directions; the acceleration makes 
a greater angle with the velocity than the force does, since the longi- 
tudinal inertial mass is greater than the transverse inertial mass. 

The formulation of the Second Law given by equation (73) pre- 
supposes a particular frame of reference. For a frame in motion rela- 
tive to this frame, the quantities entering in (73) must be transformed 
according to the Lorentz transformation. This is unsatisfactory from 
the standpoint of the relativity theory. A generally valid relationship 
ought to have the form of an equation connecting world-vectors, 
which may be resolved (i.e. split up into components) in any four- 
dimensional co-ordinate system, so that the relationship remains valid 
for any given frame, or for any frame in motion relative to it. We 
now attempt to formulate such relationships. First, we note that at 
any given instant one special frame is marked out from all others, 
viz. that which has the same instantaneous velocity wv as the particle. 
We shall call this the rest-frame. The time in this frame we call the 
local time or proper time 7. Hence for a frame in which the velocity of 
the particle is v, and the time is ¢, we have, by equation (36) (p. 243), 


li as: se) 


s a  —— 


Take now the four-dimensional radius vector by which the position 
and time of the particle are specified: 


y=tity+eak+l, 
where, as at (54), p. 249, 1= ict. By differentiating with respect to 
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the proper time, we obtain a new world-vector g which we call the 
four-velocity. For a particle at rest, this vector has the value g= ‘cl, 
on account of the vanishing of the derivatives dx/dr, dy/dr and dz/dr. 
The square of the magnitude of the vector g which is independent of 
the co-ordinate system, is —c*, a constant for all motions. In another 
four-dimensional system of co-ordinates with time ¢, in which the 
particle has the velocity wv, 


_dy dt da, , dy. dz : 1 
1s 


The spatial components of the world-vector are thus given in this 
system by the components of the ordinary vector 


x 3] 
7 
v 
V1—4 
Cc 


and the time component (I-component) is given by 


Hence in the above form of the Second Law, in (73), p. 254, we can 
put the spatial components of g, combined into a vector g,, in place 


of o/i— 


d 2 
r=! img.)= 1 —% 2 (mg. . s = (78) 


We now introduce in place of the force F a world-vector P—the “ four- 
force °—whose spatial components are identical with those of F in 
the rest-frame, but which satisfy the relationship 


i 2 ° ( ) 
|} oe Zs 


4 another reference frame. Then the Second Law has the familiar 
orm 


P,= 


P= (mg). a 


This form leads to a further important result. 
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If, in analogy with the method of proving the theorem of the 
conservation of energy in classical mechanics, we take the scalar pro- 
duct of both members of (80) with g, we obtain 


d 
Pg = 5 (mg) = $5 (mg?) =0. ea. (ah 


The right side vanishes, since the magnitude of g is the constant tc. 
If the left member be written in components, the spatial components 
being combined into ordinary vectors, we have 


P,g-+ Piqi:= 0, 
; F v 1 
i.e. (7) (74) + P, == = 0. 
| vw | vw / v 


The product Fv is the work done per unit time. If we replace P, 
on the left side by the value 


_d, me, iit d , Mote 
d ie fat |. 
"(h—3) V1—5 ( 3) 


obtained from equation (80), we obtain 


rua % mc? dN 
di fT me ae OY 
Vi-s 


The quantity N introduced here has the value 


2. 
Moo _ 
ye 
Vi-3 
c 


to which a constant of integration must still be added. If we give 
this constant the value —m,c*, we see that the development of the 
radical is a first approximation to the kinetic energy 7’ of Newtonian 
mechanics. Thus the conservation of energy retains its usual form in 
relativity: the work done per second is equal to the increase in kinetic 
energy per unit time. 

What is the meaning of the quantity m,c*, which has the dimen- 
sions of energy? If we take the constant of integration to be zero, the 
term m,¢c? represents the energy of the particle at rest. This energy 
has an enormous value. It is natural to interpret this to mean that 
inertial mass represents a large accumulation of energy and that, 


v4 
N= = mot + met mogts-.. (82) 
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reciprocally, to every amount of energy # there corresponds an in- 
ertial mass E 
Mo — my 7. ¢ © @ © e e@ (83) 


This is the Principle of the Inertia of Energy.* 

According to this law, the inertial mass of a body is increased 
whenever energy is supplied (e.g. by heating). The energy available 
in the laboratory, however, is far too small to make this increase of 
mass observable in any way, but it is otherwise with the enormous 
energy changes involved in nuclear processes (see Chap. XLII). The 
loss in mass of the stars, resulting from radiation of energy, is also 
considerable (cf. Hx. 67). 


Ex. 67. What is the annual loss in mass of the sun, if approximately 2 calories 
of radiated energy are received by each square centimetre of the earth’s surface 
per minute? (The distance from the earth to the sun is about 150 x 10% km.) 


10. Fundamental Concepts of the Generalized Theory of Relativity. 


The Lorentz transformation refers only to frames of reference 
which are in uniform rectilinear motion with respect to each other. 
We have seen that the assumption of an absolute space is superfluous 
and in contradiction with experience for this type of motion. But the 
situation is very much more difficult for frames in accelerated motion, 
e.g. in rotation. The phenomena accompanying rotation do seem to 
point to the existence of an absolute space, for which alone Newton’s 
Second Law is valid; for the occurrence of inertial forces, such as 
centrifugal or Coriolis forces, indicates that the bodies are in accelerated 
motion with respect to such a space. But is it not more advisable to 
say that the accelerated motion takes place with respect to the re- 
maining masses of the universe? If these masses, and not a cosmic 
ether, are the cause of centrifugal forces, then such forces would have 
to vanish if the remaining material of the cosmos were removed. But, 
unfortunately, this is an experiment which one cannot perform. Never- 
theless, as early as 1896, B. and J. Friedlander undertook experi- 
ments to detect the existence of feeble centrifugal forces on stationary 
bodies placed near large, rapidly rotating masses, the latter being 
intended to take the place, in a certain measure, of the masses of the 

* The history of this far-reaching law is, briefly, as follows: As early as 1887, Voigt 
took up the discussion of the time transformation in a little-noticed paper, and in 
1892 Lorentz revived the question in connexion with the optics of moving media, In 
1900 Larmor wrote the Lorentz transformation in the form we know it to-day, and 
four years later Lorentz published a paper in which he treated the optics of moving 
media entirely from the standpoint of the Lorentz transformation. In 1905 Poincaré 
and Einstein independently arrived at substantially the conclusions given in § 7. 
Einstein’s paper contained the mass-energy relation. Shortly before this, Hasendhrl, 
in Austria, treated the special case of a radiation-filled enclosure, showing that the 


tontained radiation would oppose any acceleration of the contain th 
radiation had a virtual mikes give C (83). ontainer as though the 
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universe. On account of the disparity of the masses in question, the 
experiment would be doomed to failure even now. Even so, we may 
claim that a theory which explains inertial forces through the action 
of matter has the advantage of not introducing a hypothetical space 
(cosmic ether), whose existence has not been verified in the realm of 
uniform motion. But the path which leads to a strict theory based 
upon these ideas is long and arduous. In the first place, we must give 
up something which we are naturally inclined to take for granted: 
the validity of Euclidean geometry in our four-dimensional space-time 
continuum. This geometry, which was fundamental in the special 
theory of relativity, appeared in the expression for the square of the 
radius vector ¥* = a? + y® + 2? + F (Theorem of Pythagoras). 

The idea that the physical space in which we live might not have 
the properties of Euclidean geometry is not new. Riemann expounded 
the view that the metric of space is a physical property, and not a 
matter of intuition. As long as we measure small triangles on the sur- 
face of the earth with ordinary rough apparatus, we find that all the 
propositions of Euclidean geometry—in particular that concerning 
the sum of the angles of a triangle—are valid. However, if we deal 
with larger areas, the straight lines are replaced by chains stretched 
over the earth’s surface, and more exact measurement reveals that the 
sum of the angles of a triangle is greater than 7. In exactly the same 
way, a triangle in space, whose sides are formed, say, by light rays, 
might have an angle sum different from 7; in fact, Gauss tried in this 
way, though without success, to find such a departure from the 
Euclidean metric. 

From the epistemological standpoint, the idea here advanced 
means nothing less than a reintroduction of the ether, since we are 
really once more ascribing physical properties to space. But we can 
dispense with this physical space by using the formula: “It is mere 
assumption to regard space-time as Euclidean. By suitable hypotheses 
with regard to the metric of the space-time frame, a more perspicuous 
representation of the world may be obtained.” 

Einstein’s fundamental idea in the generalized theory of rela- 
tivity was to determine the metric of the space-time continuum by 
means of the distribution and velocity of matter in such a way that 
in a frame of reference relative to which the matter is in accelerated 
motion the inertial forces result automatically. In this connexion, 
use is made of the equivalence of gravitational fields and accelerations 
mentioned on p. 231. As explained there, this equivalence is based 
on the constant ratio (=1), of inertial mass to gravitational mass for 
all bodies. This equality is by no means a matter of course. Never- 
theless, it forms the basis of the generalized theory of relativity, just 
as the negative result of the experiment to detect an ether-wind forms 
the basis of the special theory. In the generalized relativity theory the 
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fundamental law of mechanics is: A particle (or light ray) upon which 
no electromagnetic forces act describes a line of stationary length 
(geodesic, or generalized straight line) in the space-time continuum, 
the metric of the continuum being determined by the distribution and 
velocities of the material bodies. This connexion is mathematically 
very complicated and cannot be expounded in detail here; the ex- 
pression for a geodesic in the non-Euclidean metric is also compli- 
cated. The new feature is that gravitation, which is not included in 
electromagnetic effects, appears in this manner as a property of space, 
and that the same centrifugal forces would arise whether the earth is 
considered to turn on its axis or the rest of the universe to be rotating 
about this axis. Hence the conflict between the points of view of 
Ptolemy and Copernicus vanishes. 

There are three cases where the generalized theory of relativity 
leads to small deviations from the results of the old physics. The 
calculations yield the result that the perihelia of the planetary orbits 
advance by very small amounts. For the planet Mercury, where the 
effect is greatest, the amount of this advance is computed to be only 
43” per century. Again, on account of the change in the metric in the 
neighbourhood of heavy bodies, a light ray passing near the sun on 
its way to us from a distant star will suffer a small deviation, so that 
the position of a star whose line of sight grazes the sun will be some- 
what displaced. This effect can be looked for at the time of a total 
solar eclipse. Finally, the change in the time metric caused by gravi- 
tation causes spectral lines originating in a strong gravitational field 
(e.g. that of the sun) to be shifted very slightly toward the red, when 
compared by an outside observer with lines generated in his own 
system. All three effects exist. However, it is a matter of extreme 
difficulty to allow correctly for all disturbing influences, so that we 
are not yet justified in speaking of a quantitative verification of the 
generalized theory of relativity. 

Since the idea of determining the metric of the space-time con- 
tinuum in such a way that the laws of nature are automatically con- 
tained therein has been successful in the case of gravitation, it was 
natural to attempt to extend the notion to electromagnetic phe- 
nomena also. Einstein, by means of a still more general geometry, 
actually was able to devise a unified field theory which includes elec- 
tromagnetism. Nevertheless, it must be recognized that such a corre- 
lation embraces only one aspect of the universe; it fails to explain 
atomic structure—the electrons, protons and quanta. 

With the large particle speeds now available in the laboratory, the 
special theory of relativity has become indispensable in atomic and 
nuclear research. However, up to the present time at least, the general 
theory has been applied only to cosmological physics, and more specific 
connexions with experiment are still lacking. 


PART III 


FIELD THEORY OF ELECTROMAGNETIC AND OPTICAL PHENOMENA 


Two different methods are employed in the theoretical treatment of electrical 
and magnetic phenomena. The first method starts with macroscopically measur- 
able quantities and describes mathematically the relationships between such 
quantities found by experiment. An enormous range of phenomena may be 
brought within the scope of this method in the form of a system of differential 
equations. The integration of these equations for particular cases then permits 
us to answer, by rigorous calculation, a large number of questions, including 
many of technical importance. This method employs only experimental laws 
and their mathematical consequences; it is therefore entirely free of hypothesis, 
and cannot come into conflict with experience. Since it makes no assumptions 
whatsoever concerning the structure of electrical charges or of matter, we call 
this the continuum theory, or the field theory. Nevertheless, it was soon recog- 
nized that a large number of very striking phenomena, e.g. those of electrolysis, 
are entirely left out when this point of view is taken. In order to explain these 
phenomena, we must make assumptions concerning the structure of matter and 
of electrical charges. We cannot verify these assumptions by direct observation, 
but only by testing their consequences. This second method will be called the 
atomistic method. While the continuum theory will be treated first, we shall 
nevertheless not attempt to exclude all reference to atomistic concepts; on the 
contrary, we shall occasionally avail ourselves of a side-glance at the atomistic 
picture of the phenomena for greater vividness. 


CHAPTER XI 
THE EvLectrostatic FigLD IN 4 Vacuum (oR IN ArR) 


1. Definitions. 
(a) Electrical field strength and charge 


In order to arrive at a definition of electrical field strength we make 
use of an arrangement whose real purpose we shall not learn until 
later (p. 425). Two horizontal metal plates (fig. 1) are placed opposite 
each other at a distance of a few centi- 
metres and are held in this position by §°24—————_______*~_ 
amber supports. By means of an atomizer, é= fe 
a cloud of very fine droplets of oil is ue ] e 
blown into the space between the plates. 

The drops are illuminated from the side Fig. 1 

and may be observed in a telescope. 

We observe that, under the combined effect of gravity and air 
resistance (cf. Stokes’s theory, p. 217), the drops fall with uniform 
velocity. We now touch the upper plate with a glass rod which has 
been rubbed with silk, the lower plate being connected to the earth 
by a wire. It is observed that the motion of the droplets changes: 
some rise, some fall with various speeds, and others remain suspended 
in space. If we concentrate attention on a single drop, we observe 
that it changes its velocity now and then, especially if some radium 
is placed near by. The direction of motion, however, is always normal 
to the plates. We conclude from this observation that a new force, 
whose cause is connected with the touching of the upper plate by the 
glass rod, acts on the droplets. The space between the plates has thus 
become the seat of a field of force which is superimposed upon the forces 
already present. We find further that the magnitude of the force and 
its algebraic sign depend on the state of the droplet. Hence we set 
the force vector F equal to the product of a vector E, independent of 
the state of the drop, and a number e which we call the charge * on 


the drop: 
Re Be ee (1) 


E is called the electrical field strength. By observing the changes in 


* The droplet becomes charged when it is formed by atomization of the oil. 
268 
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the operating force, as revealed by changes in the velocity of rise or 
fall of the drop, we conclude that the droplets alter their charges 
under the influence of the radium radiations. 

The algebraic sign of the charge is conventionally determined in 
such a way that a particle repelled by the upper plate—the one touched 
by the glass rod—is said to carry a positive charge. In the light of 
our present knowledge, this convention is not a happy one, since the 
most important charged particle, the electron, is thus given the nega- 
tive sign. 

(b) Lines of force and flux 


Suppose that we have determined the field strength E at every 
point of space by means of a test body whose charge we arbitrarily 
take to be unity. We can then specify the field strength at every point 
by a vector. However, such a representation does not afford a very 
good general view of the whole field. It is better to draw curves whose 
tangents give the direction of the field at any point. Then the strength 
of the field must be specified in some other way. We still have a choice 
as to how close together we shall draw these curves, the so-called 
lines of force. We adopt a method which gives the density of the lines 
of force as a measure of the field strength. The lines of force of the 
electrostatic field form an orthotomic system, i.e. they are the ortho- 
gonal trajectories of a family of surfaces. This is not true of all vector 
fields. At every point of space there is a certain plane, which is tangen- 
tial to the orthogonal surface at that point.. We arrange matters so 
that the number of lines of force passing through each unit area of the 
orthogonal surface is proportional to the field strength. The number 
of lines of force passing through an arbitrary area is called the flux 
or induction D through that area. As may be seen from fig. 16 (p. 23), 
the flux through an arbitrarily oriented element of area dS amounts to 


d® = Eds. e ° e e e e ° (2) 
Hence the flux through any finite surface S is 


© = / Eds. «- aeb on 


2. Electrical Charge (Quantity of Electricity) as the Source of Flux. 


If we take the integral ¢ Ed§8 over a closed surface S, this gives 


the excess of the number of lines of force leaving the volume bounded 
by S over the number entering. If, in the experimental arrangement 
of § 1, we take the surface S so that it does not intersect the plates, 
we find that the integral vanishes: * that is, no lines of force originate 


a * With the proviso, of course, that there are now no charged particles between the 
plates. 
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in the space between the plates. The situation is different if our sur- 
face encloses, say, the upper plate. The surface integral now has a 
definite value, and we can connect the non-vanishing of this integral 
with the fact that the plate was touched by the rubbed glass rod. 
We naturally conjecture that we have thus given the plate an electric 
charge, and can verify this directly by bringing the plate into a similar 
system of larger dimensions; we shall then recognize the presence of 
a charge by the resulting forces, just as in the case of the oil drops. We 
take the value of the integral as a measure of the charge within the 
enclosed region, and set 


eoc ¢ Eds, ee eee) 


the units being still undetermined. The electrical charge or quantity 
of electricity thus plays a double réle: an active part as the generator 
of a field, and a passive part as the object upon which the field acts. 
The density of charge at a point P of space is the limit of the ratio of 
the charge within a volume element containing P to the volume of 


this element: 
Eds 

p= tim Mt oof ™ aver, . 
That is, at every point of space the divergence of the electrical field 
strength is proportional to the density of charge at that point. The 
limit of Ae/Ar is not always finite; in nature we find surface distri- 
butions of charge as well as volume distributions. If we construct a 
cylinder whose base is AS, and whose generators are normal to a charged 
surface, we can make the altitude of the cylinder small of a higher 
order than the base without changing the amount of electricity en- 
closed by it. In this instance we define the surface density of 
charge o to be the limit of Ae/AS, ie. the amount of electricity 
on unit area of the surface. Let us take the surface integral 
of the electrical field strength over such a small cylinder (cf. 
p. 43, fig. 27). We distinguish the two sides of the surface by 
the subscripts 1 and 2, and suppose the normal to be directed 
from 1 towards 2. Then, since the lateral surfaces are small of a 
higher order than AS, we have 

AS (#E, — ”E,) oc Ae. Ss ere OD 


If the limit of Ae/AS is not zero, #E, — #E, must be different from 
zero. This means that the normal component of the field strength, 
mE, has different values on the two sides of a charged surface, 
i.e. there is a discontinuity in the field strength. The expression 
n(E,—E,) is called the surface divergence of E (written Div E), 
as on p. 44. We may thus say that for a surface distribution of 


(5) 
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charge, the surface density is proportional to the surface divergence of E. 
Div Eoca. ee ee © e @ @ (7) 


To bring the quantities e, E into connexion with the absolute 
system of units, we start with the field of a single point charge e. From 
symmetry we see that the lines of force are radial and of equal density 
in all directions. The orthogonal surfaces in this case are spheres with 
centre at e. The induction through a sphere of radius r amounts to 


®= ~ Ed§. 


Sphere 


Since the density of the lines of force is the same everywhere, | E | is 
constant over the surface of the sphere and 
; e 
O= § Eds = 4nr®| E| = ye, ie. \E|=7-> 
where y is a factor of proportionality. The force on a second charge 
e’ becomes 
_ ee. 
[Fl = 7 les oe So 
This is Coulomb’s Law.* 
The units are determined by specifying the factor of proportionality 
y. If we place y = 47, we obtain ¢ in the absolute electrostatic system. 
In addition, however, there are three other systems of units in use. 
To avoid confusion it is desirable to use only two systems. One is the 
C.G.S., introduced above, in which all electrical quantities are measured 
in electrostatic units (e.s.u.) and all magnetic quantities in electro- 
magnetic units (e.m.u.), to be introduced later. The other-is the 
rationalized metre-kilogram-second (M.K.S.) system, sometimes called 
the Giorgi system after one of its first proponents. The fundamental 
mechanical and electrical units in this system are the metre, kilogram, 
second, ampere and volt, the size of the electrical units being: given 
by their legal definitions in terms of the amount of silver deposited 
electrolytically and the electromotive force of a standard cell, respec- 
tively. The M.K.S. unit of force is called one newton, and is equal to 
10° dynes. The C.G.S. system is still indispensable in atomic physics, 
for all numerical constants are specified in terms of these units; but 


* If we examine the familiar diagram giving the lines of force in the neighbourhood 
of two equal and opposite point charges, we see that all the lines of force originating 
at the positive charge converge into the negative. Hence the field is no longer spheri- 
cally symmetrical, as it was before we introduced the second charge, yet we used this 
property of the field in calculating the force between two charges. The contradiction 
disappears if, in calculating the force on a given charge, we draw only the lines of 
force emanating from (or converging on) the other charge. The field pattern mentioned 
above gives the forces acting upon a third charge introduced into the field. 
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the M.K.S. system has such great advantages in macroscopic problems 
that its use is becoming more and more widespread. In using M.K.S. 
units, however, it must be remembered that even quantities such as the 
number of molecules per mol differ from the familiar C.G.S. values, for 
in the M.K.S. system the kilogram mol is used in place of the gram mol. 

For comparison, the more important electrical formulas will be 
given here in both systems. The M.K.S. unit of quantity of electricity 
is the ampere-second (coulomb), and that of field strength is the volt/ 
metre. Thus the relation between charge and field strength as given 
by (4) contains a dimensional factor of proportionality, called the 
permittiwity (or capacitivity) * of free space: 


Ky = 8-859 x 10- amp. sec./metre volt. 
According to (8), we then have, in 


C.G.8. units M.K.S. units 
(y = 4z) (y = 1/Ko) 

f Eds = Ane, . 2s (4a) e=K,Eds. .. . (4b) 
div E = 4irp. ° e ° (5a) pP => Ky div E. e e ° (5b) 
DivE=47o0. .. . (7a) o=K,DivE. . . . (7) 

ee’ _ ee 
ig re eo ee (8a) Se tnKor® ° (80) 


3. The Electrostatic Potential. 


The work done by the field when the charge e experiences a dis- 
placement ds is 
dW ds=¢bdss....- . «= 


If e is moved a finite distance along a curve from P, to P,, the total 
work done is 


W= fends f Eds. Sue: oe (LO) 


This work is found to be independent of the path C over which the charge 
moves from P, to P,. On account of this fact, the integral $ Eds 
taken over a closed path is zero, i.e. 


f Eds = 0. ie Ss seo) 
This means that the field strength E is irrotational. Now we know 
from vector analysis that every irrotational vector may be repre- 


*The terms dielectric constant and specific inductive capacity refer to material 
dielectrics. 
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sented as the gradient of a scalar. This means a great simplification: 
instead of giving the numerical values of three components at each 
point, it is sufficient to give the numerical value of one scalar at every 
point. Then by taking the gradient, i.e. by pure differential operations, 
the vector components may be found. The field considered above is 
of this kind, for in this field 


dW = grad Wds, 
and by equation (9), fore = 1, 
dW —=Eds, i.e. E = grad W. 


However, it is more convenient to work with the quantity (—W), in 
analogy with potential energy in mechanics. This would be the work 
done against the field when unit charge moves. This quantity is called 
the electrostatic potential V.* It is to be noted that the product eV, 
not V itself, has the dimensions of work. In terms of this concept we 
have 


Py 
B=-—gadV; [ Eds=V,—V, ~~. (1) 
Py 


Taking the divergence of the field strength, we have by (5a) 
div grad V =AV =—4zp, or K,AV=-—p. . (12) 


This differential equation for the electrostatic potential is known as 
Poisson’s Equation. In particular, at all points of a region devoid of 


na W=0, Oa ae 
which is Laplace’s Equation. 

On account of the importance of the equations of Poisson and La- 
place, we give the expressions for AV in the commonest co-ordinate 
systems (cf, Ha. 22, p. 43): 

In rectangular co-ordinates: 


_@V, eV, eV 
Al — yaaa! oe ee @ (14) 


In cylindrical co-ordinates: 
OV lev ey cw 
AV = —. Spouse pa ene 
V ap + pop pene! gem =. 
In spherical co-ordinates: 
ce 20 V. Lev le 1 OV 
AV= ots Ort ents GE 2 BOE Oh? Gg (18) 


* More accurately, it is the difference in potential between the end points P, and 
P, of the path. Cf. equation (11). 


XI.] ELECTROSTATIC FIELD IN A VACUUM 269 


Ex. 68. Is it possible to produce a uni-directional electrostatic field in 
which the magnitude of the field strength increases in a direction normal to E? 

Ex. 69. At the surface of the earth the electrostatic field in the atmosphere 
is 100 volis/m., and at a height of 1500 m. the field strength is 25 volts/m., the 
field being directed toward the centre of the earth. What is the surface charge 
of the earth and what is the mean space charge in the atmosphere between 0 
and 1500 m. altitude? 

Ex. 70. In a gas discharge between parallel plates, the potential is measured 
as a function of the distance from the cathode, using probes. Explain how the 
field strength and the distribution of space charge can be found from these results. 


4. Simple Examples of the Electrostatic Field in a Vacuum (or in Air). 


The problem of calculating an electrostatic field may be considered solved 
when the distribution of the potential has been found, for the field is determined 
from the potential by taking the gradient, i.e. by simple differentiation. The 
problem is to find solutions of the differential equation for the potential which 
are in agreement with the particular conditions of the problem in hand. This 
problem may be solved at once if the distribution of charges in the entire space 
is given. But this is generally not the case. We must take into consideration 
the fact that there are substances—so-called conductors of electricity—within 
which no electrostatic field can be maintained, but upon which the charges may 
move freely. Every surface of a conductor must therefore be a level surface of 
the field, and we must find a solution of AV = 0 which satisfies the boundary 
conditions imposed by the positions of the conductors. It is only after this has 
been done that we can determine the distribution of charge by evaluating 
Div grad V. Under these conditions the problem is considerably more difficult 
to solve. 


A. No Conductors in the Field. 
(a) Potential due to point charges 


We begin with the simplest instance of a given distribution of 
charge, viz. the simple point charge. Its field is spherically symmetrical, 
and has already been calculated in § 2 (p. 266). The corresponding 
potential might be set down at once, but we wish to proceed in a 
somewhat more general way. By equation (16) (p. 268), the equation 
for the potential in a space devoid of charge (Laplace’s Equation) is, 


for spherical symmetry, 
0, ee eres |)! 


The integral is P 
V= 7 + B. ee «8 e#® @¢ @ (18) 


B is the value of the potential at infinity. We normalize the potential 
in such a way that it vanishes at infinity. This can always be done, 
since any system of charges in the finite region appears to be con- 
centrated at a single point when viewed from infinity. Hence we may 
specify, as a boundary condition of the differential equation, that V 


7 
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vanishes at least to the order 1/r at infinity. The constant A is de- 
termined by taking the surface integral over a sphere with centre at 
the point charge. The value thus found by equation (4a) (p. 267) is e, 
while (4b) yields e/47Ky. 

If several point charges are given, their fields are superimposed 
without interference, and so the combined potential is the sum of the 
potentials due to the separate charges: 


y= 4 
rs 


(18a) 


eG; 
4nK or, 


For a continuous distribution of charge in space or upon surfaces the 
sum becomes 


_ ppadr as pdr odS 
Vee r oa I tax. it ame 
This equation expressing the independent — of the fields 
may be derived directly from the differential equation with the help 
of Green’s theorem. We give the procedure for the part due to a space 
distribution of charge. Let V and y be two scalar point functions 
which are continuous, together with their first and second spatial 


derivatives, in @ given region. By applying Gauss’s theorem to the 
vectors V grad # and grad V in turn, and subtracting, we have * 


$ (V grad y5)ds — $ (yb grad V)ds = if VAgdr — if ~pAVdr. (20) 


This is Green’s theorem. 

Let V satisfy the differential equation a —4rp. Let us try 
the effect of taking the function 1/r as the 
value of , where r is the distance of the 
element of charge pdr from the point P, at 
which we wish to evaluate V (cf. fig. 2). Then 
this function will be discontinuous at P,, and 
we must remove P, from the region of in- 
tegration. This is accomplished by drawing a 
small sphere of radius a with P, as centre. 
The surface of this sphere is a net of the 
Rica bounding surface of the region of integration. 

According to the convention adopted in the 


* Gauss’s theorem (p. 24) is ¢ vd§ = Hi div udr, 


Here v = V grad #. By equation (88) (p. 38), 
div (V grad )) = (grad #) (grad V) + V div grad pb 
= (grad w) ( grad V) + VAY. 
Similarly, for the function ¢ grad V, 
div (yb grad V) = (grad ¥) ( grad V) + ATV. 
Substituting in Gauss’s theorem and subtracting, we obtain equation (20). 


XI.] ELECTROSTATIC FIELD IN A VACUUM 271 


proof given of Gauss’s theorem, the normals to this surface point out- 
ward from the region of integration, i.e. toward the centre of the sphere. 
The outer boundary is taken to be a sphere of infinite radius. The in- 
tegral over this infinite sphere vanishes: the surface element 7? sin 6d0d¢ 
increases as r2; but V varies as 1/r, and so grad V varies as 1/r?, hence 
the products V grad % and yw grad V vary as 1/r°, and so the surface 
integrals vanish for r = «©, Thus there remains the integral over the 
small sphere of radius a, upon which V has the value Vo, the value at 
P,, in the limit. Denoting by 7 the unit vector directed toward the 
centre of the sphere, we have 


- 7 AZ 1 i a 
_— = if i (v grad - ~ grad v) na? sin Odbdd 


= 4rra? es - e e e ° e e e ° e a 9° (21) 


since both V and grad V are finite at Py, and hence the contribution 
from the second term vanishes for a= 0. Then by equation (20) we 


have, since AV = —47p and at = 


Ly AVe per 
W=-p fale. ee es (22) 


In a similar manner we obtain the contribution of the surface charges 
by enclosing the surfaces of discontinuity in closely fitting surfaces 
which separate them from the remainder of the region. 


(b) Potential due to a sphere of radius a uniformly filled with 
space charge of density p 
We must distinguish here between the external space where the 
equation AV = 0 holds, and the interior, where AV = —A4rp. For 
the exterior, the spherically symmetrical solution of AV = 0, viz. 


A 


= 


is valid. Using ¢ EdS = 4ze, A is found to be $7a%p, so that 


3 
Va =e. oe ees AO 


For an external point, the effect of the sphere is the same as though the 
entire charge were concentrated at the centre. This solution must still 


hold for r= a: 


. , 
Va —s ame eee ee © @ @ (23 ) 
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In seeking a solution for the interior, which again can depend only 
upon r, it must be remembered that the additive constant in the 
potential has already been determined by the solution for the exterior; 
the two solutions must fit at r =a, since a discontinuity in V would 
mean infinitely great field strength. The field strength in the interior 


a 


The potential is obtained with the proper constant if we start with 
the equation sods 424A rrp 

V,—Va=f_ Eds i ae ae, 
By (23’), this gives 


__ 4na%p , 2na%p  2nrp _ 9, ite 
iam + > 3 = 2mpl(a 3): (5) 


It may be noticed that the part of V, which depends on r has the 
same form, except for sign, as the potential of the force occurring in 
simple harmonic motion (Hz. 35, p. 88). If we assume a negative 
charge at P, then the algebraic sign is also the same, and this charge 
will execute harmonic vibrations in the interior of the sphere. 


(c) Potential due to a dipole 


A dipole or doublet is a system consisting of a negative charge 
—e and an equal positive charge -++e separated by the elementary 
segment ds. The product eds is assumed to have a finite value 792 
called the moment or strength of the dipole, i.e. if the distance apart 
ds is made smaller, the charge e is to increase in such way that the 
product eds remains finite. As follows from its definition, the dipole 
moment is a vector. If we denote the distance of any point P from 
the negative charge by r_ and that from the positive charge by r, 
we have : 


The change in the point function 1/r is obtained by taking the gradient. 
It must be noted, however, that in 
taking the gradient the “ field point ” 
P is moved, while the equipotential 
surfaces remain fixed. Thus we are not 
permitted to move the charge. Writing 
simply r for r_ in the difference, we 
obtain the following expression by moving the field point (ef. fig. 3): 
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a ee 1 1 dsr 
aay d Ge) <= atl 
r_ S (xs 5) r_ “a 9 e (27) 


edsry mr m 
a. a OF Mt costar), or V= 


wy 
4nKgr® 


Thus the potential of a dipole decreases as 1/r? and depends on the 
angle which the radius vector makes with the axis of the doublet. 
The field is therefore no longer spherically symmetrical, but is rota- 
tionally symmetrical about the dipole axis. As in all the formule 
occurring here, # is directed toward the field point. 


(28) 


(d) Potential of a double layer 


A double layer is a surface covered with dipoles, each having its 
axis in the direction of the normal to the surface. All dipoles are 
assumed to be oriented so that one kind of pole is on one side of the 
surface. Let the dipole moment per square centimetre be #z. The 
potential at a field point P is, by (28), 


Vie f PEs ke . (29) 


If the layer is of uniform density (| 972 | constant), 


Po cos (27) dS j 
V=|m| fw + (299) 
The solid angle dQ subtended by a surface element dS as seen from iP 
is defined as the area cut out on a unit sphere drawn about P by the 
cone determined by dS, and this has exactly the same magnitude as 
the integrand of (29’). Hence 


VO, kw ew (2 


According to the convention regarding the direction of r, V is positive 
if P faces the positive side of the surface. Up to now we have con- 
sidered only discontinuities in field strength, but for a double layer the 
potential itself suffers a discontinuity and so the field would become 
infinite in the layer if the latter really were infinitely thin. This, of 
course, never happens in practice. 

Consider next a closed double layer, say in the form of a sphere. 
If elementary cones are drawn from an external point, each one must 
cut the layer twice, and the cosine of the angle between # and » will 
have opposite sign at the two places (7, as usual, is drawn outward 
at all points). Thus the contributions nullify each other in pairs, so 
that outside the surface the potential is zero. For an internal point, 
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each nappe of an elementary cone cuts the surface only once; on in- 
tegrating, the whole surface of the unit sphere is covered. The sign of 
the contribution is negative, however, since # and ¥ are opposite in 


direction. Th 
—— - Ve a V; = 4a | Wwe Is eo e@ e #@ @ (30) 


or using the surface gradient, this may be written 
Grad V = 47mm, or K,GradV =m. . . (30') 


This equation holds also for unclosed surfaces. Any unclosed surface 
may be considered changed to a closed one by supplying an additional 
portion. The potential of the added part suffers no discontinuity in 
passing through the original surface, and so contributes nothing to 
(30’). Double layers arise, for example, when a metallic plate is dipped 
into a salt solution. The term “ electromotive force ” as used to denote 
the corresponding discontinuity of potential is obsolescent. 


B. Conductors present in the Field. 
(a) Spherical condenser 


Let there be given two concentric conducting spheres of radii 
a and b (b >a). Assume a charge e to be placed upon the inner sphere. 
The outer sphere is to be held at a potential V,, say by means of a 
conductor connecting it to earth. We may call this potential zero. 
Naturally, the spherically symmetrical solution of the potential equa- 
tion is again valid here, but the constants have values different from 
the previous ones. We have 


A 
V=“+B. 


By means of the total flux, the value of A is again found to be e; the 
value of B is found by imposing the condition that V = V, for r =), 
whence 


é 


en aes eee, : 
Y= pate Geta 4K or Rape se 


Hence for the inner sphere, 


Ga, a et 
Ve.=Vet+ e(7 or V,= JV, + tea (| — a (32) 
Now the electrical capacity of a system is defined as the ratio of the 


charge to the potential difference of the bounding conductors. Hence, 
for the spherical condenser, 


_ e | ab _ 4nK,ab 
Ci Yh=1 — V; = ba a or (M.K.S.) Ce — pa 


b (33) 
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If the radius of the outer sphere is allowed to become infinite we obtain 
C = a, or C = 4nK ya. e e© e # e@ (34) 

That is, the capacity of a single isolated sphere, expressed in electro- 

static units, is equal to its radius in centimetres. In the M.K-S. system, 


the capacity of a sphere of 1 cm. radius turns out to be 1-11 x 10-¥ 
farad, the farad being the practical unit of capacity. 


(b) Point charge near an infinite plane conductor at zero 
potential. Electrical images 


Let the conductor be the 2y-plane (fig. 4), and let the point 
charge be at z =a. In the space above the plate, the potential satis- 
fies the condition that V vanishes on the zy-plane, and that for every 
surface enclosing the point charge, 


¢ (grad V)dS = —4re. 


In the space below the plate, it is required that V vanish at the zy- 
plane, and also that the integral ¢ (grad V) dS vanish for every closed 
surface, since there is no charge in this region. These requirements 


Z=0 


Fig. 4 


are fulfilled if we take V =0 at all points below the plane. In the 
upper space V must also vanish at the zy-plane, but ¢ Eds must be 


equal to 4ze for every closed surface round the charge. In this case 
the solution may be given readily; viz. if we place a charge —e at 
the “ image-point ” of the original charge, the field due to these two 
charges satisfies all the required conditions in the upper space. Hence 


in the upper region 11 
V =€é (; — 7 eee e@ @ 8 (35) 
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This expression, which is a sum of potentials due to point charges, is 
certainly a solution of the differential equation for the potential. 
Moreover, for the zy-plane, r =r’, and so V vanishes there. Finally, 
closed surfaces drawn in the upper space must either contain e or else 
contain no charge whatsoever, since the charge —e lies below the con- 
ducting plane. All lines of force originating on e terminate on the 
zy-plane. Since there is no field below this plane, the field strength 
is discontinuous at the wy-plane, and so a charge must be present on 
this plane. In order to determine this charge we first calculate the 
field strength at the surface of the conducting plane: 


é Ca, 
E=—grad V = 3% — 37 o ° e ° (36) 


Since r =r’ at the surface of separation, the resultant is a vector E,, 
normal to the ay-plane, having the negative z-direction and of mag- 
nitude (see fig. 4) ‘a 

2e 


Qe. ’ 
| Ey | = 3 sin? = a. e e e e e (36’) 


Hence by equation (7a) (p. 267), the surface density of charge is 


ea 


o — aa ° ° e ° ° e e 


(37) 


By computing the integral f odS we may readily verify that the total 


charge induced on the conducting plane is equal to —e, corresponding 
to the fact that the entire flux emanating from +e terminates on the 
conductor. 


Ex. 71. Starting from first principles, compute the force of attraction between 
the two plates of a parallel-plate condenser, each carrying a charge of magnitude 
e. (Make use of the lines-of-force picture and neglect disturbances due to the 
edges of the conductors.) 

Ex. 72, Following the method used for a spherical condenser, calculate the 
capacity of a cylindrical condenser consisting of two coaxial cylinders of Jength 
Zand radii a and 6 (b > a). Find also the capacity of a parallel-plate condenser 
consisting of two equal plates of area S placed at a distance d apart. Neglect 
edge effects. 

Hz. 73. A point charge e external to a conducting sphere is at a distance 
R from the centre. The sphere is held at zero potential. Find the potential at 
any point in the resulting field. (As in the case of the plane, the effect of the 
sphere may be replaced by that of a virtual charge within it.) 

Ez. 74. What is the nature of the equipotential surfaces at a singular point 
in the field where E = 0? Take the origin of a co-ordinate system at this point 
and develop the potential in a power series in the co-ordinates. Consider especially 
the case of rotational symmetry. 


CHAPTER XII 
Tuer Exxcrrostatic Fretp 1n Dievectric MEDIA 


1. Formal Introduction of the Concepts “‘ Dielectric Displacement ”’ and 
‘*Free Charge ’’. Boundary Conditions at the Surface of Separa- 
tion of Two Dielectrics. 


We start with the following experimental arrangement. A parallel 
plate condenser is connected to a quadrant electrometer which indi- 
cates the potential difference between the plates. First, let the sub- 
stance between the plates be air. If we now introduce into the space 
between the conductors a slab of insulating material, such as a flat 
piece of hard rubber or a glass plate, the potential difference will be 
observed to decrease: upon removing the slab, the potential will 
return to its former value. According to our definition of capacity, 
this quantity has been increased by introducing the insulator. Since 
the introduction of the insulating material could not have altered the 
charge on the conductors, we are led to conclude that the connexion 
between field strength and charge, found in Chap. XI, § 2 (p. 265), must 
be modified if the space in which the field operates is filled with a 
medium other than air. Indeed, we find even a small effect due to 
the air if we evacuate the space between the plates, but this effect is 
relatively so small that it may generally be neglected. However, we 
shall take the results of Chap. XI to be strictly valid only fora vacuum.* 

The ratio of the field strength in vacuum to that in an insulator 
(or dielectric), for the same distribution of charge, is called the specific 
inductive capacity or dielectric constant of the medium, i.e. 


E, = KE. oe. ~ Teneo el) 
We now introduce a new vector D, the dielectric displacement vector. 


The same relationships are to hold for this vector as for the vector E, 
in a vacuum, 


viz. 
$ Dds =4ne, divD =4np, DivD =4n0,| (. 
while in a vacuum, fp E,d$ =47e, div E, =47p, Div E, = 470. 
In the M.K.S. system, the factor 1/K, appears in place of 47 on the 
right side of the equations. 

* The effects for a vacuum and for air differ by less than 0-06 of 1 per cent at 


standard conditions. 
277 
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On account of (1), the connexion between D and E is given by 
D = KE. e «ee e @ @ ° (3) 


This simple relation between D and E is valid only for isotropic substances, 
i.e. amorphous materials and regular crystals. For certain anisotropic dielectrics, 
generally of crystalline structure, the relation (1) must be modified. In such 
substances the field strength E is a linear function of the vacuum field strength, 
i.e. the dielectric constant is no longer a scalar, but a tensor. We shall, however, 
restrict our considerations at present to isotropic substances. 


On the other hand, the field within a dielectric (which actually 
may be measured, say by the force on a small test body) may be con- 
sidered to be the field of certain fictitious charges which would produce 
the same field in a vacuum. Such charges are called “free” or 
“ apparent ” charges. These charges, which we shall denote by accents, 
are given by the equations 


$ Ed§= 4ne’, divE= 4p’, DivE=4mo’. . (4) 


True charges occur either as space charges or as charges on the surface 
of conductors. On the other hand, free charges are found also on the 
surface of separation of two dielectrics, as we shall see at once. Since 
no true charges exist at the interface of two dielectrics, we have 


Div D = K, E,, are K,E, = 0. . ee @ e (5) 


But this means that DivE is different from zero, since it is only the 
products of the normal components of E by the respective K’s which 
are equal. Hence the surface of separation of two dielectrics is the seat 
of apparent field-producing charges. To secure information regarding 
the tangential components of E we 

make use of the empirical fact that ee 
the electrostatic field is everywhere Fig. 1 
irrotational, even if there are several 

contiguous dielectrics in the region. If, then, we carry a unit 
charge over a closed path drawn near the surface of separation of two 
dielectrics, and with one branch on each side of this surface (fig. 1), 
the line integral must vanish. This means, however, that the tan- 
gential components of E, which alone contribute to the integral, must 
be equal on the two sides: 


Eo = Eo. e © e e e@ @ (6) 
This equation may be written also in the form 
[7 (E,—E,)J=CurlE=0. .... (6) 


The continuity of the tangential component of the electric field strength 
at the surface of separation of two dielectric media is not limited to 
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electrostatic fields, but is a general property of the electric field, and 
will be justified later (p. 344) in a i general way. 

The two boundary conditions (5) 
and (6) furnish us with the law of 
refraction of lines of force. If we 
consider a plane (fig. 2) determined 
by the tangent to a line of force 
in the first medium and the normal 
to the interface, it follows from 
(6) that E, must also lie in this 
plane. Further, if ¢ is the angle 
between the tangent to the line 
of force and the normal to the inter- 
face, it follows from Div(KE) = 0 
that 


K, E, cos¢, = K,E, cos¢y, 
and from Curl E = 0 that 
E, sin py, = E, sin Po 
Dividing one equation by the other gives the law of refraction for 
lines of electric force: 
tang, _ Ky 


= ar (7) 


2. Polarization of Dielectrics. 
We begin with a homogeneous dielectric medium in which a 
uniform field E exists. The density 
of the field lines of the vector D 
is K times that of the field lines 
of E. We now take a small cylin- 
der whose generators are parallel to 
le E and remove the contained material 
of dielectric constant K, at the same 
time placing charges on the bases of 
| the cylinder in such a way that the 


field is unaltered. Inside the cylin- 
der we now have D= E, while out- 
side this region we still have D= KE. 
Since E is to have the same value 
at all points, lines of displacement originate or terminate on the ends of 
thecylinder. Thus the ends carry true charges whose surface density may 
be calculated by equation (2) (p. 277). On the upper surface in fig. 3 
K-1 
0+ = 7 (K |B| —|B|) =~ IEl 


Fig. 3 
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while on the lower surface, 


1 eR} 
o-= 7 (|E|—K|E|)=— ——|E|- 


Hence the volume element dr = S dl which was removed has a dipole 
moment amounting to 


The dipole moment per unit volume is called the polarization P: 


=ti'n= KE, e ° ) e oe J (9) 


and we thus have * 
D= KE= (14+ 4r7x)E=E+4nP. . . . (10) 


The newly-introduced constant of the material, «, which, by (9), 
stands in simple relation to K, is called the electrical susceptibility of 
the medium. In this manner we can replace all elements of volume of 
the dielectric by dipoles of moment «Edr. 


The atomistic interpretation of the dielectric constant indicates that the 
vector P ‘is the truly physical quantity, while D appears merely as an auxiliary 
mathematical quantity. As will be explained in detail later (p. 450), a resultant 
dipole moment arises in two ways in a volume element containing a large number 
of atoms or molecules. If the elementary particles are themselves dipoles (mole- 
cules with resultant positive and negative constituents), the random nature of 
their orientations makes the resultant moment zero, provided no external field 
acts. An applied field tends to bring the dipoles into ita own direction, while 
thermal agitation tends to destroy this orderly arrangement. The greater the 
field, at a given temperature, the greater the resultant moment in the direction 
of the field. On the other hand, it is clear that for a given external field, this 
resultant will become smaller as the temperature is raised. This type of sus- 
ceptibility, in analogy with the more familiar corresponding magnetic quantity, 
is called “‘ para-electric”’. If, on the other hand, the elementary particles have 
normally no dipole moment, the field will produce one by distorting the electron 
shells, Of course this effect, which is independent of the temperature, occurs 
also in the case of para-electric susceptibility, but is masked by it on account of 
its smallness. If the entire dipole moment of the particle is thus produced by the 
applied field, we speak of “ dia-electric ” susceptibility. 


If, in addition to the distribution of the true charges, we know 
the polarization as a function of position, then the electrostatic poten- 
tial may be found by integration over the volume and surface elements. 
Since according to equation (28) (p. 273), the potential of a dipole of 
moment P dr is given by V = (Pr/1°)dr, 


* In the M.K.S. system «= K —1 and D = K,E + P, but all tablea of x are given 
in terms of the definition (9). 
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the complete potential when dielectrics are present is given by 


y= [Oe [oO eae, oe) eed) 


r 


_ The volume integral contributed by the dipoles of the polarized 
dielectric may be transformed into a surface integral as long as we 
are dealing with homogeneous bodies of uniform dielectric constant. 
Here divP vanishes when no volume charges are present, according 
to equation (3) (p. 278) and equation (10) (p. 280). We therefore 

ave 

Pds Vas 1 Pr 
—— = [5 divPdr + [P grad, dr = f dr. oe) 
The field point is fixed during the integration, and the integration 
is extended over the several volume elements of the region. Conse- 
quently, in taking the gradient, 
5 & ro % the field point is to be held fixed, 
grads r ~~~" grady FT = while the “source points” are 
Fig. 4 moved. This is indicated in (12) 
by the subscript s. According to 
fig. 4, the gradient of r so obtained is equal and opposite to that 
obtained by moving the field point. We denote the former gradient 
by the subscript s, the latter by the subscript f. As before, the vector 
extending from the charge to the field point is denoted by ».* 
The surface integral in equation (12) can also be given another 
interpretation: If an insulator is adjacent to a vacuum (P = 0), then 


and by equation (10) (p. 280), since DivD=0, | = (13) 


DIVE 90'S. 


Pds = = 


Hence there are free charges on the surface of the dielectric as a result 
of the polarization there, and we may imagine the added field to have 
its origin in these charges, whose magnitude is given by equation 
(13) and equation (12). 


* In co-ordinate form it may be shown at once that each derivative of r with 
respect to the co-ordinates of the source point has a value equal and opposite to that 
of the derivative with respect to the co-ordinates of the field point. Thus, if the source 

oint has the co-ordinates &, n, ¢, and the field point has the co-ordinates 2, y, z, we 
ve 
ro veW Pty tem 


so that ar/axz = —ar/dt, &o. 


Bs 
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3. Simple Examples of the Electrostatic Field in Dielectrics. 


Equation (11) gives the potential, from which the field may be 
derived, if the distributions of the charges and of the polarization are 
known. But usually the polarization is no more known as a function 
of position than is the distribution of the charges (cf. p. 268). Since 
P = xE, we must know the field strength E, which has been altered 
on account of thé presence of the dielectric. The problem admits of 
exact solution in only a few cases. In the absence of volume charges, 
we are concerned with finding a solution of AV = 0 which satisfies 
the conditions that (1) V has constant values on the surfaces of the 
conductors, and (2) at the surface of separation of two dielectrics, 
Curl E= 0 (continuity of the tangential components), and Div(KE)=0 
(prescribed discontinuity of the normal components of E). As an 
example of the problems permitting of exact solution we consider the 
distortion of an initially uniform field E, caused by the introduction 
of a dielectric sphere. We make the obvious assumption that the 
polarization within the sphere is homogeneous and parallel to Eo, 
but we do not yet attempt to determine the magnitude of P. We 
can show that, by suitable choice of the value of P, the added field 
arising from the dipoles of the polarized sphere, together with the 
original field, can be made to satisfy the boundary conditions. We 
may imagine the existence of the field of the uniformly polarized 
sphere to be due to a sphere homogeneously filled with charge of 
density —p and another filled with charge +p, the centres of the two 
being separated by ds. In order that every. element of volume may 
have the dipole moment Pd7, we must have 


Pdr=pdrds, .... +. (iA) 

ie. ss 
p 

Outside the sphere (r > a) the added potential V, is, by p. 261, 


4rra 4na®> /1 , dsr 47a? Py 
(B) ST £770" 1 aSr\ _ 47a" Pr. 
es by Pp + 3 (; + 3 ) 2 re OD (15) 


Since grad (Pv) is equal to P when the vector P is constant,* the total 
field in the external space is 


3 
BY — B, — “7 grad (= 


3 
4rra 4ra® Py 
— —3aP+ m Fo « oD) 


* This may be seen intuitively from the meaning of the gradient, or formally 
from Pr = Pxx + Py + P= by calculating the components du/dx, &c., or by 
taking the x-axis parallel to P. 
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The field is therefore no longer constant in direction, for there is a 
component directed outward along the radius vector from the centre 
of the sphere (fig. 5). 

Inside the sphere, the added potential 


le is. by equation (25) (p. 272), 
EE) () —_ 2 2 
= 4Ha*P mea (« 3 
Hie 
ge 2Pr 4or 
whence E” — E, — a Ps seals) 


Provided that our solution satisfies the 
boundary conditions, the internal field 
remains homogeneous, since P is assumed 
to have the direction of E. Thus we 
have in addition to the applied field E, 
another field of strength 

Fig. 5 dor 


3 P 


3 <K-1 
P= in Kz Fo 


oppositely directed, whose source is the system of free surface charges 
connected with this field by equation (13) (p. 281): 


o’ = —DivP. ._ €©« «© e© e «@ (19) 


In the analogous magnetic case, one speaks of the demagnetizing effect 
of the boundary surfaces, and the numerical factor in (18)—47r/3 for 
the sphere—is called the demagnetization factor for this particular 
case. 

We still have the magnitude of P at our disposal in order to satisfy 
the boundary conditions. Denoting the angle between y and E, 
(fig. 5) by 8, we have for the tangential components 


3 
B,(? = By sind — *™ P sind = B,,,( = Ey sind — ee: sind. (20) 


The continuity of the tangential components is thus automatically 
fulfilled. For the normal components, the equation to be satisfied is 


4cra? 
3a? 


3 
K,E,” = K,E,cos@ — K, P cos6 + Ky ““e- P 0086 


4a 


= K,E,° = K,E, cos — 3 


K,Pcos#. . . (21) 
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For the present case, where K, = 1, K, = K, this gives the following 
relation, which may be written at once in vector form since Ey and P 
have the same direction: 

3, K—] 


a ae 
x in oR (2) 


By substituting this value in equations (16) and (18), we obtain the 
field strengths within and exterior to the sphere. The former is 


3 


ie 
E —— K+? 5) Ep: 7. e e « 


(23) 
For infinitely large dielectric constant K,, E' vanishes. In electro- 
statics this is equivalent to the case of a conducting sphere. Hence 
putting K = o in equation (22) gives the polarization of an insulated 
conducting sphere placed in a uniform field E,: 


3 
= oF Ep- 
The total dipole moment of such a sphere is then 
3 
m= 2 p= a*By . + ol en 


The polarizability, i.e. the ratio of dipole moment to field strength, is 
thus equal to the cube of the radius. 


Ex. 75. In a uniformly polarized dielectric let the material within a sphere 
of zadius a be removed without disturbing the polarization at any other place in 
the remaining medium. Determine the field produced at the centre of the sphere 
by the surrounding medium. (Observe that the supplementary field may be 
ascribed to free charges on the surface of the sphere.) 

Hz. 76. Calculate the capacity of a spherical condenser whose dielectric has 
a specific inductive capacity K, from r=a to r=b and one of magnitude K, 
from r= b tor=c(a <b <c). 

Ex. Ti. A point charge is near the infinite plane face of a dielectric medium. 
Calculate the field at points outside the dielectric and within it. (Here,.as at p. 
275, we can find a solution satisfying all the boundary conditions by placing a 
charge of suitable magnitude at the “ image point” of the given charge.) 


CHAPTER XIII 


ENERGY AND PoNDEROMOTIVE FORCES IN THE 
ELEOTROSTATIC FIELD 


1. Potential Energy of Systems of Charges in a given Field. 


In contrast with the procedure in the preceding section, we consider 
the electrostatic field E te be given here, and introduce into it charges 
which are so small that they do not influence the distribution of the 
charges which produce the field. 

The potential energy of a simple point charge at a place where 
the potential of the field is V is 


a, =eV. PeE easly) «eo 4D) 


If we have a dipole, and if the potential at the negative charge is V, 
the potential energy of the doublet is 


ug= —eV + e[V + ds grad V] = —edsE= —mE. (26) 


In a homogeneous field the potential energy can change only by 
changing the angle between 9 and E, and for pure translation the 
energy remains constant—i.e. a parallel displacement of a dipole in 
a uniform field involves no work. But since work is represented by 
the scalar product of force by displacement, this means that in a 
homogeneous field no force acts upon a dipole, tending to displace it. 
On the other hand, a rotation of amount 50 requires an amount of 
work M56, where M represents the magnitude of the torque acting 
upon the dipole. Hence 


M80 = —Su,= —E| m | sin 080, 


and the turning moment acting on the dipole is therefore 
M=—|m|Esin@f .«.. ~~ (27) 


The negative sign means that the direction of the torque is that tend- 


ing to decrease 0. 
So far we have considered the dipole moment to be constant, but 


the case where the dipole moment is proportional to the field, (i.e. 
235 
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m = aE) is equally important. A force eE acts upon the positive 
charge, tending to pull it away from the negative charge, considered 
fixed. At equilibrium, this force is balanced by an equal and opposite 
internal force. If the field increases by dE, the change in energy is 
equal to the change of energy of the dipole [equation (26)], plus the 
work done in displacing the charges by dy against the internal forces. 
That is, 


dug = —mdE — Edm + eEdr = —mdE = —aEdE. 


The total energy of the dipole induced by the field is obtained by 
integration from 0 to E: 
mE 


te — SB = — . e . ° e (28) 


Ex. 78. Find the translational force acting upon a dipole of given orientation 
in a non-homogeneous electrostatic field. 


2. Total Energy of the Electrostatic Field. 


In electrostatics there are two different but essentially equivalent 
ways of considering the total energy of the field. The older method, 
which we shall call the theory of “action at a distance”, considers 
only the charges and the forces operating between them, without 
attempting to explain how such action is brought about. On the 
other hand, the theory of direct action locates the energy in the inter- 
vening space also, and implies that wherever'an electric field is present 
there is also a certain continuous distribution of energy. (The picture 
suggested is that of an elastic body, say the ether, in a state of stress. 
In spite of its great heuristic value, we can no longer ascribe physical 
reality to such a picture.) The superiority of the theory of direct 
action becomes apparent in the case of rapidly-varying fields, for it 
leads simply and naturally to the existence of electromagnetic 
waves. 

We begin, however, with the theory of action at a distance, and 
consider the potential energy of two point charges e, and e, in a vacuum. 
This is given by the potential of the Coulomb force, and so may be 
written down at once: 

— “1% — 1% 

u= a or (M.K.S.) w= 75 (29) 
If there are other point charges, we can calculate the total energy 
by starting with the charge 1, bringing in charge 2 from infinity to 
the distance 7,,, then bringing up charge 3 from infinity until it is at 
prescribed distances 7,3 and ro, from these charges, and so on. The 
total work done in thus building up the field—i.e. the potential energy 
—is 


XIII.) ENERGY AND PONDEROMOTIVE FORCES 287 


U = i ee...) +(e...) 
12 4 a 


113 Ty To3 24 34 


Sa ores ws. (80 

a Te “Gta AnK orn (°°) 
The factor 1/2 occurs before the double sum on account of the fact 
that every combination of 1 and & occurs twice in taking the double 
sum. The accents on the summation signs indicate that the com- 
binations + = k are to be omitted. Now 


e : : é 
x’ — or, in MKS. units, &’ _—! 
t Vik t 4K rin 


signifies the electrostatic potential, at the position occupied by the 
charge &, caused by all the other charges. Thus we may write 


U =342V;,¢e, (same in M.K.S. units) . . (381) 


The idea may be extended to include continuously distributed charges. 
For a volume charge, e = pdr: for a surface charge, e = odS. Hence 
the energy when volume and surface charges are present is 


U=4f[Vpedr+4/VodS (same inM.KS. units). (31’) 


In the theory of direct action we must ascribe a given energy con- 
tent to every element of volume of the region where an electric field 
exists. The most natural assumption is that the energy density u (the 
energy per unit volume of the field) is proportional to the square of 
the electric field strength, for E? is the simplest scalar with which the 
scalar u may be connected. It is easy to verify, also, that E* has the 
dimension of energy per cubic centimetre in the electrostatic system. 
The factor of proportionality is to be determined in such a way that 
numerical agreement with the theory of action at a distance results. 
The equivalence of the expression so determined to (31’) is easily 
shown. Thus, if we apply Gauss’s theorem to the product EV, and if 
we remember that E vanishes as 1/r? and V vanishes as 1/r at infinity, 
the integral over an infinite sphere is zero, so that 


O=  (EV)ds = [EgradVdr +[VdivEBdr, . (32) 


Since E = —grad V and div E = 47, or = p/Ko, 


wehave —f Etdr =f 4nVpdr, or = = [Vedn . « (33) 
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On the other hand, if only volume charges are present, the total energy 
of the field is, by (31’), 


Cb — +f Vpdr. 


We obtain numerical agreement if we take the energy density in a 
vacuum to be 


oz = EF? (C.G.9.), or u=4K,E? (MES.). . (34) 


If surface charges—and hence surfaces of discontinuity of E—are 
present, these are to be excluded from the field by closely-fitting 
closed surfaces, when applying Gauss’s theorem. This is the origin 
of the second integral in equation (31’). 

In a medium where the dielectric constant is K, the force between 
two point charges is decreased in the ratio 1: K, and the theory of 
action at a distance gives 


ay yy See ry & Se 1 
Ue ee ae a -_ 


But e,/K is the apparent charge e,’, from which the field in the medium 
of dielectric constant K may be derived, just as the field in a vacuum 
may be derived from the true charge e. Passing to a continuous 
distribution of charge, we write 


=% fvpar+% f vo'ds. . « aay 


If we again take u proportional to E? in the direct action method, the 
same transformation as was used in equation (32) gives 


— Ul — 1 a KK, 2 

u=_ KE ig oru=— me ° - (36) 
In the second form, the equation is also valid for anisotropic sub- 
stances, where E and D have different directions. 

We shall next consider the change in the energy of a field which 
results from introducing a dielectric body. The body will be assumed 
to be so small that its introduction does not alter the distribution of 
the charges producing the field. First let there be given a vacuum 
field E) = Do. By bringing in the dielectric body, we produce a new 
field E and a new displacement D at every point. Hence the energy 
change is given by 


U—U,=< { (ED—B,D,)dr. oo OR 
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This expression may be rewritten as follows: 
ED — E,D, = E(D — D,) + (E— E,) Dy. 


It is a fundamental property of the electrostatic field that E is irro- 
tational throughout the entire region (p. 267). Therefore we may 
set E equal to —grad V. Again, div (D — D,) is everywhere zero, and 
hence D — D, is free of sources (‘‘ solenoidal ”), since the true charges 
—the sources of D—were not changed by the introduction of the 
dielectric substance. Moreover, E and D vanish at infinity as 1/r’, 
and V vanishes as 1/r. Hence Gauss’s theorem gives for integration 
over an infinite sphere: 


oe ¢v@ — D,)d8 = — [E(D — D,)dr + f V div(D— D,)dr. 
Since div (D — Dg) vanishes everywhere, it follows that 
fB@—D,)dr=0 
and U—U =p f(—%) Dd. oo 


But for the same reason, the integral f E,(D — D,)dr vanishes also. 


If we multiply this integral by —1/87 and add it to (38), we 
obtain 


U—U,= =~ f (ED, — E,D)d7 = = { (BB, — E,D)dr 
=—} f aoe EE,d7, (39) 


since D, = E, by hypothesis. From the definitions of electrical sus- 
ceptibility and polarization (p. 280), 


U — Uy= —4 f xB, dr = —} [ PE,dr. . . (40) 


If the susceptibility is small, EE, may be replaced by E* without intro- 
ducing appreciable error; ie. the alteration of the field may be 
neglected. If we make this substitution in the first integral of (40), 
we recognize at once the meaning of this expression. In a field Ey, 
“every cubic centimetre of the dielectric has a dipole moment KE, 
and by § 1 (p. 286) the energy of a dipole induced by the field is given 
by 

K 


2 
The change in the field within the dielectric, as calculated for the 


E,?. 
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sphere on p. 282, causes the scalar product EE, to appear in place 
of E,?. 

This decrease of the field energy for constant field-producing charges, 
easily verified in the case of a parallel-plate condenser with and with- 
out dielectric, must not be confused with the increase in the energy 
content of a dielectric when the field is applied. In the latter situation 
the field-producing charges increase. According to (36) the change in 
energy density is 

ua nde eee 

4a 4a 

The last form shows that the second term represents the change in 

energy of a material body, in which P + 0, while the first term repre- 
sents the change in energy of a vacuum. 

Ex. 79. Show that the energy of a charged condenser is 3}CV? and compute 
the change in energy when a dielectric is introduced—in one case with the charge 
on the plates held fixed, in the other case with the potential difference held con- 
stant. 


Ex, 80. Compute the work required to put together infinitely dispersed 
charges to form a sphere having a uniform charge density p and a radius a. 


EdE—— EdE+PdB. (36’) 
Aor 


3. Forces and Equilibrium in the Electrostatic Field; Theory of the 
Manometer Method for the Electrical Susceptibility of a Liquid. 


In mechanics, the position of equilibrium of a system may be 
determined by the condition that the potential energy must be a 
minimum. Now, according to § 1 (p. 285), the energy of the electro- 
static field is equivalent to the potential energy of the charges, and 
so equilibrium is determined by the con- 
dition that the sum of the electrical field 
energy and the mechanical potential energy 
(e.g. that of gravity) is to be a minimum. 
We illustrate this principle with the theory 
of the manometer method for determining 
the electrical susceptibility of a liquid, which 
is especially important in the analogous 
magnetic case. A U-tube of cross-section 
8 is filled with a dielectric liquid. Let 
an electric field, normal to the axis of 
the tube, be applied in the region of the 
meniscus in one arm of the tube (fig. 1). The lines of force are 
normal to the plane of the diagram, their trace in that plane being 
indicated by dots. Application of the field causes the meniscus 
in this side of the tube to rise. If the density of the liquid is p, 
and if the equilibrium height of the meniscus in the absence of the 
field is ho, the work done against gravity amounts to Sp(h — hy)*g, 
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for the mass Sp(h — hy) has been moved from the right side to the left, 
whereby the centre of gravity has been raised a distance h — hy. If 
the susceptibility is small, so that E may be set equal to Ey, the total 
energy becomes [cf. equation (40) (p. 289)]: 


ht 
U=U,—} f KE,2Sdh + Sp(h—h)¥g. . . (41) 


This means that the total energy depends only upon h; hence the 
minimum condition gives 


aU 
O= GF = — be [Be"AS + 2Sp(h—ho)g, - ~ (42) 
and the difference in level of the menisci is 
E?2 
H = 2 h =— => pac e e ° e e 43 
(hh) = (43) 


As is evident from the analysis, E, signifies the strength of the field 
applied to the meniscus on the left; the field need not be measured 
at other places. 

In many cases it is not so important to know the position of equili- 
brium as it is to find the force actually operating on the system. For 
example, we may wish to find the motion of an uncharged oil drop in 
& non-homogeneous field, and must therefore know the forces acting. 
The droplet is assumed to be so small that the field may be con- 
sidered homogeneous within the spherical volume (radius a) which 
it occupies. Then, by equation (22) (p. 284), the polarization within 
the sphere is 

3 K—1 
a 4n K +2 Eo, 


and by the exact formula (40) (p. 289), the electrostatic energy is 
a’ K—1 


Seam Hy) 


U =U,—}fPkydr =U,— 4 a PE, =U, 
Since we assume the droplet to be so small that we may reckon with 
a constant value of E, within a volume of this magnitude, the energy 
of the system will depend on the position of the centre of the sphere. 
If the field E, is given, there is a definite value of the energy corre- 
sponding to each position of the centre of the droplet. Points at which 
this value is the same may be connected by level surfaces. If the 
sphere undergoes a displacement ds, the change in the potential energy 
of the field is 


3 
dU = (grad U)ds = — © ag (BMA BY)ds. . (45) 
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On the other hand, the force acting on the sphere does work 
dW =Fds. 


Since this work must be equal to the decrease in potential energy, 
we have 


F = 2 R49 grad E,?. e eo e eo « (46) 


Since K > 1, the direction of the force is that in which E,? increases; 
hence the droplet is urged toward regions of greater field strength. 
In magnetism, where we shall find far-reaching analogies with electro- 
static phenomena (Chap. XV), the magnetic permeability is the 
counterpart of K. We encounter values of p less than 1 as well as 
greater than 1, depending upon the nature of the substance. Spheres 
of those substances for which »<1 will be urged out of the 
magnetic field, and this difference in behaviour has led to the 
classification of magnetic materials into paramagnetic and dia- 
magnetic substances. 


Ex. 81. The Absolute Electrometer.—A flat metal plate of area S is suspended 
from one of the two equal arms of a balance so that it is at a distance a from 
another horizontal plate of the same size. What weight must be added to the 
other side of the balance to maintain equilibrium if the two plates are charged 
to a difference of potential V when the medium between the plates is (a) air, 
and (b) a material of dielectric constant K? 


CHAPTER XIV 


Stationary Evrocrric Fie~tps anp Stgzapy CURRENTS 


1. Ohm’s Law. 


We know from what has gone before that it is impossible to main- 
tain an electrostatic field in a conductor. However, by continuously 
supplying energy, a field which is constant in time can be main- 
tained. This field differs from the electrostatic field in that, in the 
first place, it is accompanied by a continuous evolution of heat. 
But there is another difference: an actual transport of electric charge 
takes place in a field of this kind, as may be verified directly, for 
example, in the case of electrolytes. This continued motion of electric 
charges, which we shall refer to as an electric current, is also made 
evident by the magnetostatic field which accompanies it; this will be 
discussed in the following chapter. 

The current strength, or simply the current I, is defined as the amount 
of electricity passing through a cross-section of the conductor in unit 
time: 

de 


Tae ---.----- 


The current density ¢ is & vector in the direction of motion of the 
electricity, whose magnitude is equal to the amount of electricity 
passing per second through unit area of cross-section normal to 2. 
Then the current through any section is given by 


I = [ids = [| ¢| cos(d, )d8. « sueeme mete) 


It has been found experimentally that for metals and electrolytes 
the current is proportional to the applied difference of potential (or 
E.M.F.) V. We write 1/R for the factor of proportionality, and call 
R the resistance of the conductor. R may depend upon the temperature; 
hence Ohm’s Law, 

V 
=> ° . e e ° e e 3 
l=y% - (3) 
assumes that precautions are taken to hold the temperature constant 
2uB 
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in spite of the evolution of heat accompanying the passage of the 
current. In many instances the form 


V=IR 2. sw wo ns s 


has more direct physical meaning. This way of writing the equation 
states that if we have any conductor carrying a current, the potential 
difference between two points between which there is a resistance R 
is IR. If we have a closed, unbranched circuit consisting of various 
resistances, the first of Kirchhoff’s laws of electric circuits says that 
the algebraic sum of the potential differences across the conductors 
is equal to the sum of the electromotive forces (batteries, generators, 
&c.) applied in that circuit. The other law of Kirchhoff states that at 
any junction, the sum of all inflowing currents must be equal to the 
sum of all outflowing currents. This is merely a special case of the 
absence of sources or sinks (solenoidal property) for electric currents, 
and is almost self-evident. ee 

For the theory of direct action we require a formulation of Ohm’s 
Law which connects only the quantities localized at one particular 
point. For a cylindrical conductor the resistance A is proportional 
to the length and inversely proportional to the area of cross-section. 
The resistance offered by a centimetre cube of material to a current 
passing between opposite faces is called the specific resistance or rests- 
tivity p of the substance; its reciprocal, o, is called the conductivity. 
Hence the expression for the current in a cylindrical conductor may 
be written : 

ae 

Now V/l is equal to the field in the direction of the generators of the 
cylinder and //S is the current density. Since the current is in the 
direction of the field for isotropic bodies, these considerations hold for 
any small cylinder drawn within a conductor carrying a current. Hence 
(5) may be written in the vector form 


- (6) 
The fundamental implication of Ohm’s Law is that, for conductors 
such as metals and electrolytes to which it applies, o is independent 
of the field strength. 

The electric field strength is an irrotational vector in current- 
carrying conductors, just as it is in electrostatics. Also, there are no 
surface vortices on the surface of separation of two conductors: 


Curl E = [#(E,—E,)]} =0 or E,,@% =E,,. . (7) 


2=o8. 7. e@© © © @ e@ @ 


But the normal component of E experiences a discontinuity at the 
interface; the surface divergence of z must vanish, since any charge 
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ee enters the surface from one side must emerge from the other 
80 that 


Div zt = w(t, — zy = no, E, = Oy E,) = 0 or i) E,,) = Oy E,). (8) 


Thus the change in direction of the lines of flow at the surface of 

separation of two conductors is the same as that of the electrostatic 

lines of force at the surface separating two dielectrics (p. 279): 
tana, _ O73 
tana, 9 


fC ees (0), 


Likewise, no lines of flow can originate within the conductor, so that 
we hava 


div 2 = div(cE) = —o div gradV = —coAV=0. . (10) 


This means that inside homogeneous cenductors V satisfies the same 
differential equation as it does in the electrostatic field in free space. 
Moreover, the boundary conditions are also the same, except that the 
constants have a different meaning. This property of steady fields may 
be used to map the field experimentally. If it is desired to determine 
the static field about a body of arbitrary form, this can be done by 
immersing a metallic model in a large metal basin filled with an elec- 
trolyte. The body is connected to one pole of a source of potential, 
and the basin to the other. With the help of a Wheatstone bridge the 
equipotential surfaces may be determined with ease. Since the con- 
ductivity of the solution is small compared with that of the metal, 
the condition that the surface of the body be an equipotential surface 
is practically realized. 


Ex. 82. A condenser of capacity O is at the potential Vy at time ¢=0. If 
it is discharged through a resistance R, calculate the resulting current. 

Ex. 83. A condenser C is charged through a large resistance R by means of 
@ source of direct potential Vy. A glow lamp having a striking potential V, is 
connected in parallel with the condenser. What is the frequenoy of the resulting 
pulsating current? 


2. Generation of Heat in a steady Electric Field. 


According to p. 267, the work done when an electric charge e¢ is 
moved from a point where the potential is V, to a point at potential 
V, is 

W = e(V, am V,). Sw ey Coe ee) ee (11) 


If the carrier of the charge is free to move, this work appears as kinetic 
energy; in steady fields within conductors, the work is transformed 
into heat. The atomistic view of conduction interprets this heat as 
that arising from “ frictional” motion of the charges. Hence, in a 
section of a conductor bounded by two equipotential surfaces at 
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potentials V, and V,, the amount of heat generated per second by a 
current I is 

W=1(V,;—Vain. - » - « -y O 


measured in energy units, since I is the quantity of electricity which 
passes through a potential difference V;— V, each second. Using 
Ohm’s law to eliminate the potential difference from (12), we have the 
usual form of the equation for the so-called Joule heat loss, 


We . mw .. © ee 


From the view-point of the theory of direct action, a differential 
formulation is desirable. Let us take a volume element in the form 
of a small cylinder whose lateral surface is formed by lines of flow and 
whose ends are portions of equipotential surfaces. If the altitude of 
the cylinder is h and the cross-section is S, then the potential difference 
between the end surfaces is 


V,—V,=h|grdV|=A|E| (V,>T7,). 


The current is I = S| z|, so that the quantity of energy dissipated as 
heat in the volume element dr each second is 


aW =|4| |B|Sh—= omdr—Z ar... . (1) 


It may be shown without difficulty that this equation is true for an 
element of volume of any kind. , 


CHAPTER XV 


Tur MaGnerostatic Fretp 


1. Comparison of Electrostatic and Magnetostatic Fields. 


Besides electrical phenomena, there is a second type of non- 
mechanical effects whose close connexion with electricity was recog- 
nized at an early period, viz. magnetic phenomena. Just as an electro- 
static field can be maintained without energy supply, so there exist 
also magnetic fields which persist without the necessity of supplying 
energy. The field between the poles of a permanent magnet is of this 
type, also the magnetic field which, as we shall see, accompanies 2 
steady current. These are included in the classification magnetostatic 
field. It is true that energy is dissipated continuously in the latter 
case, but this is merely a consequence of the finite resistance of the 
conductor, and has nothing to do with the magnetic field, whose 
strength depends solely upon the current. If the resistance of a con- 
ductor could be made arbitrarily small—a condition which is almost 
realized at very low temperatures (cf. p. 449)—these magnetostatic 
fields could also be maintained without consuming energy. 

If, in analogy with the electrostatic field, we try to map the field 
by using a magnetic test body, we encounter the first difference be- 
tween electrostatic and magnetostatic fields: no test body exists 
having an independent magnetic charge. Even the smallest fragment 
of a steel magnet is a dipole which behaves in a magnetic field much 
as an electrical dipole does in an electrostatic field. Hence we can 
explore the field only by observing the torque exerted upon a small 
magnet of known magnetic moment #2. From the calculation for the 
corresponding electrical case (p. 285), this torque is 


| M | = —|2| | H| sin @, or in vector form, M = [2H]. (1) 


where H is the magnetic field strength. The position of equilibrium is 
that for which 6 =0; for small displacements, the twisting couple, or 


“moment of torsion ”, is ; 
1p | We | | H i. eo e e e e# @ (1 ) 


If the moment of inertia of the small bar magnet is known, 7 may be 

determined experimentally by observing the period of vibration in 

the field [use equation (20) (p. 148)]. This is the well-known Gauss 

method for determining the horizontal intensity of the earth’s magnetig 
297 
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field. In order to obtain the field strength H from the value of the torque 
M, we must also know the moment #72 of the test magnet. Since the 
fields of magnetic systems follow the same laws as those of electrical 
charges, we can calculate the field of a magnetic doublet by the results 
of p. 272; then, by observing the forces experienced by other dipoles 
in this field, we can obtain a second equation connecting the two 
unknown quantities #2 and H. A detailed description of such an 
experiment may be found in any standard treatise on electricity and 
magnetism* The absence of isolated magnetic charges, or poles, implies 


divH=0 .. .... (2) 


at all points in a vacuum. The magnetostatic field in a vacuum is every- 
where solenoidal (free of sources, or non-divergent). The electrostatic 
field, which may have a finite divergence even in a vacuum, is never- 
theless characterized by complete absence of curl. This is by no means 
always the case for a magnetostatic field, as may be seen from the 
simple example of the field about a straight wire carrying a current. 
As we know from elementary experiments, the lines of force in this 
case are circles whose centres are at the wire, their planes being normal 


to the wire. If we take the line integral $ Hds along one of these 


circles it cannot vanish, since we are continually adding quantities of 
the same algebraic sign. Hence the irrotational condition is no longer 
fulfilled by the magnetic field, for paths encircling lines of flow. Thus, 
while the electrostatic field in a vacuum must .be everywhere irrotational 
but may be divergent, the magnetostatic field in a vacuum 18 non-divergent 
at all points, but may have a finite curl. 

In the same way as the electrostatic field between the plates of a 
condenser is reduced by a factor K when a medium of dielectric con- 
stant K replaces the vacuum between the plates, so the field between 
the poles of a magnet is changed by the introduction of a medium 
having different magnetic properties. The quantity corresponding to 
the dielectric constant K, which is analogously defined as the ratio 
H,ac : H, is called the magnetic permeability p. The quantity wH cor- 
responding to the dielectric displacement D is called the magnetic 
induction B. As in the electrical case, the effect of the material may 
be represented by a polarization of the medium. The magnetic quantity 
corresponding to the electrical magnitude P (the polarization) is called 
the intensity of magnetization 

M = «H = [(u—1)/47]H, . . . . « (8) 
where « is the magnetic susceptibility. The intensity of magnetization 


* If the force is measured in C.G.S. units, 972 and H will thus be given in this system. 
The unit of magnetic field strength so defined was formerly called the gauss but ia 
now designated the oersted. In the M.K.S, system the field is specified in terms of the 
current producing it (cf. § 2). 
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is also equal to the magnetic moment per unit volume. The mag- 
netic susceptibility differs in an important way from the electric 
susceptibility: there are substances for which « is negative as well 
as substances for which it is positive. In contrast with electric polari- 
zation, which is always in the same direction as the field, the mag- 
netization may be either in the direction of the field or in the opposite 
direction. But even in the electrical case, we found (p. 280) two dif- 
ferent ways in which the polarization may come about. The same 
two possibilities exist in the magnetic case also, except that the 
difference is far more apparent here, inasmuch as the one kind (align- 
ment of the already existing dipoles) yields positive values of « (para- 
magnetic substances), while the other kind (creation of dipoles by 
induction) gives negative values of x (diamagnetic substances). While 
the electrical susceptibility of liquids and solids lies between 0°1 and 
10, the magnetic susceptibility, with few exceptions, amounts only to 
about 10-4 or even less. But for the so-called ferromagnetic metals, 
which are mostly metals of the iron group and certain alloys, « assumes 
enormously greater values (of the order of 10°); however, « is not 
constant, but depends upon the strength of the applied field. This 
fact may be understood from the way in which paramagnetic sus- 
ceptibility is believed to arise: if the resultant dipole moment may 
be ascribed to the alignment of existing dipoles, then this moment 
cannot remain proportional to H while H increases indefinitely, since 
an upper limit is attained when all the elementary dipoles finally have 
been brought into line with the field. 

After this digression on the subject of the atomistic interpretation 
of susceptibility we return to the description of the experimental pro- 
perties of the magnetostatic field, which is wholly analogous to that 
for the electrostatic field. On account of the absence of true magnetic 
charges, we have always 


div B = div(uH)=0 and Div B= »,H,” — p,H,?=0. (4) 


On the other hand, H is derived from apparent (free) charges residing 
in non-homogeneous parts of the media: 


divH=4ap,, DivH=47o,. . ». + ~ (5) 


If no finite (“‘ surface ”) current flows in the surface of separation of 
two media—a case which we exclude—then Curl H= 0. Hence the 
refraction of the lines of force at the interface is governed by the 
tangent law 

tana, (4 


e e . e e e s 6 
tan eo) Bg ( ) 


Just as there are no true single magnetic charges, so there exist 
no conductors of magnetism. On account of the high value of m for 
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ferromagnetic substances, the lines of force reaching these are very 
nearly normal to the surface, as may be seen from (6). This means 
that such substances behave very much like conductors, with regard 
to the static arrangement of the lines of force. 

The expression for the magnetic energy density also corresponds 
to that for the electrostatic case: 


ne. P 
Cig f ye 2 BH, or — Hoh™ in M.K.S. units;* (7) 
87 87 2 
hence the calculations of § 3, Chap. XIII (p. 290), may be applied to 
magnetism, as already mentioned there. 

Ex. 84. As a first approximation, the earth may be regarded as a sphere 
magnetized with uniform intensity. Calculate the angle of dip as a function of 
the magnetic latitude. 

Ex. 85. In a certain terrestrial magnetic survey, an area of 13-1 x 10° km.? 
was enclosed by a path from New York to England and back. The path was 
described in the counter-clockwise direction, as seen from above. The result was 


that $ Hds = —64 x 104 oersted cm. What does this mean? 


2. Calculation of the Magnetostatic Field accompanying a Given Dis- 
tribution of Electric Currents in a Vacuum. 


In elementary physics the magnetic field due to steady currents 
is calculated by means of a formula from the theory of action at a 
distance. This law, which gives the magnetic field due to an element 
of a conductor, is the familiar rule of Biot and Savart (p. 303). How- 
ever, this law is not a suitable basis for obtaining a more general re- 
lationship corresponding to the direct-action point of view; moreover, 
the Biot-Savart rule cannot be verified experimentally, since there 
are no isolated elements of conductors—at least for steady fields— 
but only closed circuits. Hence we start from a different empirical 
fact. If we map the magnetic field of a conducting wire, as outlined 


on p. 297, and calculate the line integral ¢ Hds along any arbitrary 


curve which encircles the conductor, we obtain the same value, pro- 
portional to the current in the circuit, no matter how we choose the 
path of integration, as long as the circuit threads it: 


f Hds = yl. —— 


If we measure H in Gaussian magnetic units [the connexion is given 
directly by the Gauss method of determining the field (p. 298)], and 
if J is measured in the electrostatic system, then, in order to make the 
equation numerically correct, we must take the value 


y = 4r/c, 
*The quantity po will be defined on p. 312. 
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where ¢ is numerically equal to the velocity of light in a vacuum, 
expressed in cm./sec. If, on the other hand, we take y = 47, we 
thereby determine a new unit for J—the electromagnetic C.G.S. unit, 
which, however, we wish in principle to avoid using in spite of the fact 
that the practical units such as the ampere and the volt difier from the 
electromagnetic C.G.S. units only by powers of ten. In the M.K.S. 
system there is no specific unit of magnetic field strength, but the field 
is defined by setting y = 1 in equation (8). Thus the field is specified 
by the current producing it, and has the dimension amp./metre. 

We wish to bring equation (8) into a form consonant with the theory 
of direct action. Imagine that we have given an extended conductor 
in which the current density vector z is known as a function of posi- 
tion. If we draw a small closed curve C inside this conductor, the 
current passing through it is 


i =aas; 
where d§ denotes the directed element of area bounded by C. From 
the definition of curl, 
pHds = (curl H)ds 


for this element of area. According to equation (8), this must be 
equal to 


4nI _ 4nzd§ 
Cc ce- 


Since this relationship must hold for any element of area whatsoever, 
for slowly varying fields 


a og ent) 
c c 
or in M.K.S. units, quritgesoB. . . « ». « « « (9) 


This is the differential form of the law corresponding to the theory 
of direct action. The vector equation states that the field lines of 
the current density vector are the same as those of the vector curl H. 
Since the divergence of a curl is identically zero (p. 28), the lines of 
flow can neither originate nor terminate in the finite region. They 
must either form closed curves or go to infinity. é 
The problem for the electrostatic field was to deduce an trrotational 
field from a given distribution of sources, or charges. This task was 
simplified by the introduction of the electrostatic potential, which 
could be computed readily by integration over all the charges. In 
the complementary problem now before us—the calculation of 


302 FIELD THEORY OF PHENOMENA [CHap. 


solenoidal or non-divergent field from the distribution of the vortices 
(currents)—we likewise simplify our task by introducing an auxiliary 
quantity. This quantity is no longer a scalar, but a vector, which we 
call the vector potential. We take 


H = curl V. 7. e¢ © e 8 # »® (10) 


The non-divergence of H is thus provided for. Then by equation (98) 


(p. 40), 


curl H = curl curl V = grad div V — AV = — 3 Ct) 


Without loss of generality, we can assume that divV vanishes; for if 
it did not do so, we might add to V an irrotational vector having the 
same sources as V, but with opposite signs, without changing H in 
any way. Thus we obtain the same type of equation for the vector 
potential as for the scalar potential in electrostatics: 


a — pis 2 (12) 


In component form (cf. p. 40}: 


AT = a Ay, = oe pe — ce 
c c c 


The solution of this set of equations is known from electrostatics: 
if we are dealing only with currents distributed in space (surface cur- 
rents, corresponding to surface charges in electrostatics, are tem- 
porarily excluded), the solution is 


_piedt py _ piydr py _ pigde ; 
V.=f or” i or’ V.=f e . ° (14) 


The component forms may be combined again into a vector equation: 
tdr 
V — Cr’ e e e e e eo e Bike 
By means of this equation the magnetic field of a linear conductor 
(wire) may be determined at once. Here the vector @ is in the direc- 
tion of the axis. Let the element of length ds be in this direction 
also, and let the cross-sectional area of the wire be §. Then 


ae: 
idr=3Sds, . 1... . (16) 


and thus, since I has the same value at all points of the conductor, 


I rds. 


v= ° ra * © © © @ @ « (17) 
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The integration is to be extended over all the elements of the con- 
ductor and has nothing to do with taking the curl of V, in which 


<li the co-ordinates of the field point are differentiated. 
ence 


n= Soul [S=ffonS=f! [srad?, ds | ea f 2a (18) 


The factor 47/c on the right side of (12) is absent in the M.K.S. system, 
so that in these units I 
T [ds, Yo] 


4a ye e e e s 


Here 7 is a unit vector drawn from the segment ds toward the field 
point. We can interpret this equation to mean that each element of 
length of the wire contributes an amount 

Zi [ds, 7] 

o Fr 


Bucs. = 


(18’) 


to the field. But this is precisely the Law of Biot and Savart, according 
to which the field at P due to the current in the element ds is normal 
to the plane determined by ds and the radius vector from ds to P, 
and is of amount J ds sin 0/cr?. 

Again, it may be shown without much difficulty that a closed 
linear current (circuit) gives rise to the same magnetic field as an 
arbitrary surface covered by magnetic dipoles which have the direc- 
tions of the normals to this surface, and which have a magnetic moment 
of I/e per unit area, the surface being bounded by the circuit. A sur- 
face thus uniformly covered by normally set magnetic doublets is 
called a uniform, normally magnetized shell. It is, of course, further 
understood that the poles of one kind are all on one side of the shell. 
This equivalence of a magnetic shell and a current may easily be 
proved with the help of certain transformations of vector analysis. 
We must be careful to note whether the field point or the element of 
the conductor is the element which varies. All differentiation referring 
to a displacement of the field point will be characterized by the sub- 
script f; derivatives relating to variation of the element of the con- 
ductor will be denoted by the subscript s. We again note, as on p. 281, 


Big grad, f(r) = —grad, f(r). 


First we transform the expression for the vector potential at the 
point P by a generalization of Stokes’s theorem. Let w be a scalar 
point function, and let it be required to transform the line integral 

uds into a surface integral. We multiply scalarly by an arbitrary 
constant vector @ and obtain the following result by using Stokes’s 
theorem and equation (89) (p. 38): 
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a fuds= $ uads = [ {curl (ua) ds = 
f [gradu, a]dS = a {{48, grad ul]. 
Since @ is perfectly arbitrary, we must have in general 
puds = [{as, gradu]. 
If we apply this equation to the vector potential as given by equation 


(17) (p. 302), we must remember that the field point is fixed, and 
hence all derivatives relate to change of the elements of the conductor. 


Hence 
val pS! f[as, grad] = 7 f [x grad? ]d8. (19) 


If now we compute the field strength H by taking the curl, the field 
point is to vary, so that 


B= * oul, [ [, grad, | dS = < fout,[n, grad, > ]as 
=~ foul, [v, grad,*| ds. 
The integrand may be transformed by introducing the V-operator: 
curl, [ ~, grad, ~ | = [v, [v, 1] 
= 2.V,V 4 = Ve.V; 2. . « (20) 


Since, however, V, Vis = Ay = 0, we obtain 


=~ ead, f (3 as. - ee. (21) 


Hence the magnetic field is derivable from the scalar potential 


_ rl ur i, _T poos (ur) 
Vn = f= 7 OS == fas, os @@ 
where » is the radius vector drawn to the field point from the element 
dS of any surface bounded by the conductor. Comparison with the 
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expression for the potential of a double layer [(29’), p. 273] shows 
that the dipole moment per unit area is I/c and that the direction of 
the dipoles is that of the normal 7 to the surface, the sense being 
such that the current flows in the clockwise direction when sighting 
along #. In M.K-S. units the dipole moment per cm.? is pol. 

But the potential has different values on the two sides of the sur- 


face, since the integral $ Hds must amount to 47I/c for a complete 


circuit, and the contribution of the arbitrarily small space occupied 
by the shell must vanish. This confirms the result found on p. 274, 
that the potential has a discontinuity amounting to 47|22| at a 
double layer. The result of (21) may be stated: At points outside any 
surface bounded by a closed circuit, the magnetic field is that which would be 
produced by a double layer covering this surface uniformly.* The surface 
may have any form. It represents a surface of discontinuity such that 
on passing through it the potential must be increased by 47 | #2 |. 


Ex. 86. Calculate the magnetic field at interior and exterior points of an 
infinitely long solid cylindrical conductor of radius R. 


3. Calculation of the Magnetic Field accompanying Electric Currents 
when Ferromagnetic Materials are present. 


If we fill the region about a current-carrying conductor with bodies 
of various permeabilities, experiment shows that the line integral 


§ Hds taken over any closed curve continues to have the value 4zI/c, 


where J is the total current enclosed by the path of integration. It 
follows that equation (9) (p. 301) is independent of the permeability of 
the medium. Hence, in contrast with electrostatics, where the field due 
to charged bodies is reduced by a factor K by filling the space with 
a medium of dielectric constant K, the magnetic field of currents re- 
mains unaltered if the entire space be filled with a medium of per- 
meability 4. This is true, however, only provided the entire region is 
thus filled (see below). 

Since, on the other hand, the formal application of the theory 
developed for electrostatics requires that the magnetic field of ficti- 
tious single charges or dipoles be reduced by a factor » in a medium 
of permeability », we must increase the strength of the equivalent 
magnetic shell of the circuit by this factor if H is to remain the same 
when the permeability is changed to». Thus we must give the shell 
a moment pJ/c per unit area, or in M.K.S. units, wyol. 

If, however, we place ferromagnetic materials in certain portions 

* This was stated by Ampére in his Théorie des phénoménes électro-dynamiques, Mém- 
oires de l'Institut, IV (1823), as follows: ‘‘ Every linear conductor carrying @ current 
is equivalent to a simple magnetic shell, the bounding edge of which coincides with 


the conductor, and whose moment per unit area—that is, the strength of the shell— 
is proportional to the strength of the current.” 
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of the region only, a change in the field occurs in the magnetic case 
also, and this change is considerable on account of the high value of 
the permeability. Since equation (9) (p. 301) is independent of the 
medium, the field H and the field H, in a vacuum must have the same 
vortex lines, viz. the lines of flow of the current, which are the field 
lines of the vector z. Hence the field to be added to Hy, viz. H — Hy, 
must be irrotational and hence derivable from a scalar potential. It 
naturally suggests itself that this scalar potential may be simply that 
of the dipoles of the magnetized bodies. This is really the case, and 
may be demonstrated as follows: Let us assume the usual case where 
we deal with individual ferromagnetic bodies, each of uniform per- 
meability. Then by § 1 (p. 299), there exists no volume divergence of 
H, but there is a surface divergence at the bounding surfaces. This 
divergence is connected with the apparent surface charges whose 
surface density is o,, by the relation 


Div H = Div (H — H,) = 4770,,. 
On the other hand, on account of the absence of spatial source, 
(charges), 
div H = div (H — H,) = —div grad V = —AV = 0. 


The solution of this equation is known from electrostatics. If the 
only sources are those distributed on surfaces, this solution is 


— {on 
v=/ 4s. 
Now since DivB is always zero (absence of true magnetic charges), 
we have, from (3), p. 298, 
1 ee 
DivM = — 7, DivH= —On'. 


Hence the potential, from which the supplementary field is derived 


becomes , 
Div M . 
v=_-f #8. ww es + 88) 


The integration is to be extended over the surfaces of all the ferro- 
magnetic bodies. Since these must be separate closed surfaces, we 
have the added potential in the form given for the electrostatic case 
at the end of § 2, Chap. XII (p. 281). Using Gauss’s theorem, and 
reversing the argument used there, we can represent the potential as 
an integral over the volumes occupied by ferromagnetic substances: 


v= Eg MasargpeBis (Mar (24) 
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But the last expression is exactly the potential of the dipoles of the 
magnetized bodies; this is the fact we proposed to demonstrate. 

If the field which produces the magnetization M were not itself 
altered by the presence of the ferromagnetic substances, calculation 
of the field would be a simple matter. In that case, one could first 
compute the vacuum field strength Hy from the distribution of the 
currents, then determine from this the magnetization of the bodies 
introduced, and thus calculate the supplementary field of the dipoles 
from this result. How far from the truth this result would be is shown 
by the example of the sphere in an originally homogeneous field— 
a problem which we already treated for the electrostatic case. Accord- 
ing to equation (23) on p. 284, the interior field which determines 
the magnetization is no longer Hy, but 


3 


so that for » = 2000, H" is only about 0-15 per cent of Hy. 

As we saw above in the electrostatic 
case, the exact calculation of the field is 
possible only for bodies of simple form. 
A case of practical importance, viz. the 
field between the poles of a ring-shapec 
electromagnet, will be calculated approat- 
mately in another way. We choose a special 
kind of ring-magnet consisting of a ring or 
tore of ferromagnetic material spirally wound 
uniformly over its whole length with a wire 
carrying a current (fig. 1). From the sym- 
metry of the arrangement we see that 
the magnetic lines of force must be circles 
whose centres are on the axis of symmetry of the ring, and which lie 
in planes perpendicular to that axis. If we take the integral $ Hds 
along a circle K, or K, lying entirely outside the ring, we see that this 
integral is zero, since no lines of flow are threaded by the path of 
integration. On the other hand, for such a circle within the ring, each 
of the N turns is threaded once, so that the integral over the entire 
path is 4nNJ/c. Thus the field is confined to the space within the 
windings and is of amount 


H = 4nNI/(2nac) = 2NI/(ac), or H = NI/(2ma), (26) 


aH” (25) 


where a is an average radius. The M.K.S. measure of the field is 
especially vivid, for NI/(2ma) is merely the number of ampere-turns per 
metre. If, as we shall assume, the cross-section of the ring is small 
compared with its diameter, the field within the ring will be approxi- 
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mately uniform. We now cut a section of thickness 1, out of the ring. 
How large is the field H, in the gap thus made? If we assume that the 
lines of force retain their circular form, we can compute H, very easily. 
Actually, a considerable dispersion of lines of force takes place; the 
field in the neighbourhood of the gap is no longer confined to the ring. 
If we neglect this scattering, then, H, being the field within the iron, 


we have 5 
1 i a ee 


on account of the continuity of the normal component of B at the 
iron-air surface. Again, if the portion of the circle within the iron is 
of length 1,, the line integral of the magnetic force is 


T 
LH, ale LH, — ve ae L_.H,= se5, 
4nNI Jc 
Las °° © © © © @ @ 


The actually measured field H, is smaller than this, on account of the 


spreading of the lines of force. The ratio H,: H, is called the coefii- 
cient of scattering. 


i.e. H,= (28) 


For a cross-section S, the flux in the air gap is 
4xNI/o 
L/S + U/uS" 


In electrical engineering, this formula is brought into formal correspondence 
with Ohm’s law by calling 4xNJ/c the “‘ magnetomotive force ’*and calling the 
denominator the “magnetic reluctance”. Although this analogy is purely 
formal, it furnishes a practical rule for computing “ magnetic circuits”. If, for 
example, we have several different cross-sections, we obtain the flux roughly by 
using the expression 21,/.,S, for the magnetic reluctance. 


®, = HS = 


4. Ponderomotive Forces on Conductors in a Magnetic Field. 


The calculation of the forces acting upon current-bearing con- 
ductors in a magnetic field is considerably 
simplified by making use of Ampére’s 
theorem concerning the equivalence of a 
magnetic shell and a current (p. 305). 
Using the formule derived in our treat- 
ment of electrostatics, we then can give 
immediately the potential energy of the 
shell. The work done by the force is ob- 
tained by calculating the energy change 
accompanying a slight displacement, and from this we arrive at the 
force itself. We apply this method to two important cases: 


Fig. 2 


*In M.K.S units this is merely WJ, i.e. the number of ampere-turns, 
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_ 1. The moving-coil galvanometer. A cylindrical coil of N turns 
is suspended in a uniform magnetic field by a torsion fibre which is a 
continuation of a diameter of the coil (fig. 2). If a current J flows in 
the coil, the magnetic moment of the coil in air is NIS/c, where S is 
the area enclosed by each turn. The magnetic moment vector is normal 
to the plane of the coil. If this moment makes an angle 6 with the 
field H, then by equation (27) (p. 285) the torque acting on the sus- 
pended system is 


m=—*Z8 asing, e e ry e e (29) 


This moment tends to turn the coil into the stable position where 

M is parallel to H. The torsion of the suspension opposes this turning. 

If 6 = 7/2 is the rest position when no current flows, this torque is 

a maximum. If the displacements are small, we can take sin# = 1. 

Since the restoring moment of the fibre is proportional to the dis- 
placement ¢ = 7/2 — 0, the equilibrium posi- 
tion is determined by 


rp =F 1, 2. (29) 


where 7 is the moment of torsion of the fibre. 
H 2. Force on a segment of a current-carry- 
ing conductor in a magnetic field. Imagine 
Fig. 3 a segment ds of a circuit which may be slid 
back and forth (fig. 3). We seek to deter- 
mine the force which the uniform field H exerts on this segment. 
By Ampére’s theorem and (26), p. 285, the energy of the entire circuit 
is, in air (uw = 1): 


I I I 
= — =o = : . 0 
U= ~ { Hds -H [ds ~HS (30) 


If the area is slightly changed by giving ds a displacement da, the 
energy change is 


sU = —! nas. 


The vector 58 may be represented by the vector product [Sa ds]. If 
the factors are taken in this order, the normal is obtained in the right 
direction.* This displacement is accompanied by an amount of work 
F5a done by the force. This work must be equal to the decrease in 
energy of the field: 


I 
Fia = —8U=-+ 2 H[éads}] = + ; [ds H] da, 


* The current in the segment, the magnetic field, and the ponderomotive force must 
form a right-handed orthogonal system, in this order (Fleming’s left-hand rule). 
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so that the force itself is 
F= 


Qihs 


[ds] = = [eH] dr, . Pe) 


where dr is the volume of the part of the conductor of length ds. 
This force, tending to enlarge or decrease the area of the circuit (de- 
pending upon the direction of the current), is always present, whether 
it causes the conductor to move or not. If the current in a coil is very 
large, the magnetic field of the coil itself gives rise to large mechanical 
forces acting on the various portions of the winding. 

By p. 305, the magnetic moment per unit area is increased by a 
factor » if a medium having a permeability of this amount replaces 
the air. In this case formule (30) and (31) must be multiplied by p, 
and we have for the force 


F = [7H] dr, or Fuxs =/po[tH] dr. . . (31’) 


Although in computing the force we may replace a circuit by a mag- 
netic shell, we must avoid setting the potential energy used here equal 
to the field energy. The reason is that something new appears when 
the conductor is moved through the field, viz. an induced electro- 
motive force (see next chapter) whose effect is to weaken the current. 
In order to maintain the former current, energy must be supplied. 
The net effect is that for a fixed current the total field energy is found 
to increase by exactly the amount by which the magnetostatic poten- 
tial energy would—according to the above calculation—decrease. 


Ex. 87. The Ballistic Galvanometer—A current of very short duration is 
sent through the coil of a suspended-coil galvanometer at the time t = 0, the 
total quantity of electricity which flows being e. What is the maximum displace- 
ment? (Take the time integral of the force, and compute the amplitude of the 
vibration from the initial velocity thus found.) 


CHAPTER XVI 
StowLy VaRyYING (QUASI-STATIONARY) FIELDS 


Definition of quasi-stationary fields 


All electric and magnetic fields so far considered have been inde- 
pendent of the time. We now go a step further and consider fields which 
vary with the time, but restrict ourselves for the present to fields 
varying relatively slowly. These are of great importance. We shall 
find later that electrical fields are propagated with the velocity of 
light. If, then, we restrict ourselves to not too rapid changes, and to 
systems whose dimensions are not too great, we may assume that a 
state corresponding to instantaneous propagation holds at every point 
of the field. The relationships derived on this basis hold under all 
conditions for the range of alternating current frequencies in technical 
use (10 to 1000 cycles per second). 


1. The Law of Induction. Maxwell’s Equations. 


Imagine a closed linear conductor in a magnetic field. Let the 
surrounding medium have a permeability ». We know from elementary 
experimental physics that if the field H changes, a current is “ induced ” 
in the conductor. This means that there must be an electric field E 
within the conductor. Since we assume the conductor to be linear, 
E has the direction of the linear elements ds. If we compute the 


integral $ Eds, say in the direction of E, this integral can no longer 


vanish, since all the contributions to the sum are of one sign. We 
thus encounter a rotational electric field for the first time. The value 


of $ Eds is called the induced electromotive force, for the following 
reason. If we imagine the conductor severed between two neighbour- 


ing points P, and P,, the work which must be done to move unit 
charge from P, to P, against the field is 


—W= $ Eds, 


since the contribution of the open portion P,P, is vanishingly small. 
Hence there is a difference of electrical potential * of this amount be- 
tween P, and P,. The Law of Induction states that the induced elec- 


* This may manifost itself, for example, in the form of a spark passing between 
the two points. 
$11 
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tromotive force is equal to 1/c times the decrease per second of the 
number of lines of magnetic induction’ enclosed by the circuit.* The 
usual orientation of surface normal and direction of describing the 
circuit is assumed. The mathematical formulation of the Law of 
Induction is then 


fds =—*% [ unds. a 


In the M.K.S. form there is a quantity on the left having the dimen- 
sion volts; on the right, amp./sec. Hence there appears a new dimen- 
sional constant, called the permeability of free space, whose numerical 
value is 

Po = 1:256 X 10-* volt sec./amp. 


The M.K.S. form of the law is thus 


f Bds =— 2 [puas. ee. . ee 


The line integral i Eds may be changed to a surface integral by using 
Stokes’s theorem: 


f Eds = f curl Eds =—= = [ pHds. ae 


For stationary objects, integration with respect to position and dif- 
ferentiation with respect to time are independent, so that we may write 


foutnas=—* f% (unyas. . oe 


Since this equation must be satisfied for any surface, the integrands 
of the surface integrals must be equal, and we obtain the first triple 
set of Mazwell’s Equations of the electromagnetic field: 


In the M.K.S. system, 
oH 
curl E = — LBo on eo ee e@ e@ «@ (3b) 


The Maxwellian theory assumes that this induced electric field is 
present even if not detectable in the form of a potential difference 
between the ends of a material conductor; in other words, this set 


* This statement, sometimes referred to as Neumann’s Lav, is a fact of experience. 
The part giving the direction of the induced electromotive force is an example of what 
is known as Lenz’s Law, 
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of equations is generally valid for expressing the magnitude of the 
electric field induced by a changing magnetic field. 


Ex. 88. Compute the current induced in the coil of a moving-coil galvano- 
meter as it swings, and find the damping of the motion of the coil produced by 
this current. 


2. Self and Mutual Induction. 
(a) Calculation of the coefficient of mutual induction 


Let there be given two circuits 1 and 2. If a current flows in circuit 
1, it generates a magnetic field H, whose lines of force pass through 
circuit 2. If the current I, in circuit 1 changes, an electromotive force 
is induced in circuit 2. Its magnitude is given by 
pp pow, 


0 
Va= f E,ds,=—" 57 = —§ = f H,48,. (4) 


If the whole of space is filled with a medium of uniform permeability 
p, then according to Chap. XV, § 2 (p. 302), H, is derivable from a 
vector potential: 


ma oliypi@. pds 
H, = curl V,, Gamer l a. 
Hence, by Stokes’s Theorem, 


J#,a8, = f(cuv,)d8, = § Vids,= = § f, S183, (5) 


i.e. the electromotive force induced in circuit 2 becomes 


Va= f Bxdss=— 5 of fs . . 6) 


. d ds, d. ; 
The quantity = f $ SS or ae $ f are M.K.S. units (henry) 


which depends only upon the geometric relationships of the two cir- 
cuits and upon the permeability of the intervening medium is called 
the coefficient of mutual induction, or the mutual inductance L,,. With 
this notation (6) may be written 


I , 
Va= f Bydsy= — Lng. ele lereye (6’) 


Since both circuits enter into the expression for L,, symmetrically, 
we obtain the same expression if we calculate the electromotive force 
induced in circuit 1 by a change in the current flowing in circuit 2, i.e 


Leet sa aes (7) 
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(b) Self-induction 


Even if there is but one circuit, a change in current causes a change 
in the magnetic flux through the circuit which, by the Law of Induction, 
results in an induced electromotive force. In the same way as we 
defined the coefficient of mutual induction above, we define the 
coefficient of self-induction, or the self-inductance to be a certain positive 
magnitude Z,, depending only upon the geometric form of the circuit 
and the permeability of the surrounding medium. The defining 
equation is 

$ si Sumer (8) 
— aba d i e e e e es e 


Here, too, we must use the negative sign, since the direction of the 
induced electrical field is such as to oppose the original current (Lenz’s 
Law). Were it the opposite way, the original current would be in- 
creased by the self-induction, hence a still greater electromotive force 
would be induced, and so on without limit. 

If we attempt the calculation of the self-inductance of a circuit 
in a way similar to the above computation of mutual inductance—i.e. 
by calculating the field at ds caused by all the other current elements, 
then computing the total induced electromotive force by integration 
over all conducting elements—the resulting formule are found to have 
only limited application. In calculating mutual inductance we are 
permitted to assume that the conductors are linear, since the separation 
of the two circuits is taken to be large compared with their cross- 
sections. For the case of self-inductance, however, this is no longer 
the case, and we must divide the current into individual filaments 
and take into account their mutual influence. Thus the calcula- 
tion of self-inductance is generally more troublesome than that 
of mutual inductance, so that we shall omit the detailed treatment 
here. 

In the case of coils, we are mainly concerned with the magnetic 
field at the position of a selected turn caused by the current in the 
remaining turns; hence a division of the current into filaments is not 
required. In this instance the coefficient of self-induction may be 
calculated simply and to a good approximation by another method. 
We start again with a ring-magnet of N turns, the cross-section S$ 
being small compared with the radius a of the ring. The field inside 
the windings is [equation (26) (p. 307)] 


_ 40NI  4nNI 
Spe rr 


If the strength of the current changes, the total magnetic flux 
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through the NW turns will also change, and this change, per second, is * 


d _ dD dH _ 4nN dl 
x /eHds =F =uNSS = uns S, 
so that the induced electromotive force is 


Va Gude — Oe. 


The self-inductance of the ring-shaped coil is therefore 


, or HHON'S in MKS. units. . . (9) 


This result holds approximately for a very long unclosed coil also. 
The approximation consists in neglecting the disturbance of the uni- 
form field caused by the ends of the coil. 


(c) Transformation of the expression for the magnetic field energy 


The energy of a system of current-bearing conductors is mainly 
that of the magnetic fields caused by the several currents. Since the 
electric fields present in such systems are small, the electrostatic energy 
is relatively negligible. With the help of the concepts of self and 
mutual induction, the expression for the magnetic energy may be 
brought into a form which is very useful for many purposes. Accord- 
ing to equation (7) (p. 300), 


1 
Un —! Sr fe H?dr. ee © @ e@ e@ (10) 


We assume that space is filled with a uniform medium of permeability 
p, although the final expression obtained will be valid even if the 
permeability varies from place to place. »H is non-divergent every- 
where, but H is non-divergent only in a homogeneous medium. We 
may thus write 

H = curl V. 


Now by equation (92) (p. 38), H(curl V) = V(curl H) + div [VH]. 
Substituting this expression in equation (10), we can transform the 
second integral into a surface integral over an infinite sphere. How- 
ever, by p. 302 we see that V decreases as 1/r, 80 that curl V decreases 
as 1/r?, and hence this integral vanishes. As a result, we have 


ei. oad , e e e 
Un =< [V (oul H)dr =F [vide (11) 


* Here, and in the formule following, integration implies summation over all N 
turns. 
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If we have only linear conductors, which, of course, must be closed 
if currents are to flow at all, (11) yields 


Un = £ Yl, $ Vas, ee ee 


where J, is the current in the kth conductor. If we now decompose 
the vector potential at the position of circuit & into the parts V,, Vz, .. . 
contributed by the various conductors (including circuit k), then we 
have by equation (15) (p. 300) and the definitions of the coefficients 
of induction, 


c c 
$ ¥,ds, = - Ll, and f Vids, =F i 


Hence we have 
inte = 3(Ly1,? ile 2L,,1,1, pao 
ek. Dbl Lg Ae Bead PHP beg]. LaF os = Dig 


Ex. 89. A charge —e revolves about a fixed charge +e in a circle of radiua 
a. How much energy is absorbed by this system when a magnetic field H is 
applied, the angle between the field and the normal to the orbit being 0? 
0H 


(To simplify the calculation, assume that aE | = const.) 


Ex, 90. (a) Calculate the mutual inductance of two coaxial circles of wire, 
radii a, and a@,, whose centres are at a distance z apart. 
(6) Show that for two conductors L,,L.. > L,," always. 


3. Stationary Alternating Current Circuits. 


With the help of complex numbers we can derive relationships for 
the stationary state of uniform periodicity attained by circuits to 
which periodically alternating potentials are applied. The steady 
state referred to is that arrived at some time after the initial applica- 
tion of the electromotive force. These relationships permit us to 
extend formally to alternating current circuits the laws of Ohm and 
of Kirchhoff derived above for direct currents. - 

Let us consider a circuit consisting of a source of periodically 
alternating electromotive force V—say a dynamo—connected across 
a conductor of ohmic (steady current) resistance R and self-inductance 
L. In addition to the applied E.M.F., there is also that due to the self- 
induction of the circuit, so that 


dl - 
VoL {=i .. 2. 0 


If R may be neglected, we have 
dl 


V aE L dt’ oe ¢ © #© & (14’) 
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Assuming the phenomenon to be strictly sinusoidal, 
V Veet ela CB) 


Hence = = wl, = iwi, 


and so Wi=mlaol. sae: «e+ (16) 


Comparing this expression with Ohm’s law, we see that a formal 
correspondence is obtained by setting the alternating-current resis- 
tance caused by self-induction—the so-called reactance of the circuit— 
equal to iwZ. What is the physical meaning of this imaginary resis- 
tance of self-induction? It has been found of great advantage to re- 
present alternating current phenomena by means of the vector 
diagram (cf. p. 52). If we place the “ vector” of the current along 
the positive real axis of such a diagram, (16) shows that the vector 
for the electromotive force lies in the positive imaginary axis. That 
is, in a circuit containing only an alternator and a pure inductance, 
the electromotive force leads the current by a phase angle 7/2. For 
a given applied potential, the strength (amplitude) of the current 
is given by (16) as 


ee. coke, ~ (17) 


Suppose, now, that the inductive portion of the circuit is replaced 
by a capacity (condenser) C. If the applied E.M.F. were constant, 
then after the initial charging current no current would flow, but on 
account of the periodic charging and discharging of the condenser, 
an alternating current results. Here again we obtain an imaginary 
resistance due to the presence of the condenser. Since the current I 
is the quantity of electricity flowing through a cross-section of the 
conductor in unit time, the charge on the condenser is given by the 
time integral ip ‘Tdt, if we start to count time at the instant when the 
condenser has zero charge. Hence the potential difference of the two 
sides of the condenser which, neglecting the resistance of the con- 
nexions, is equal to the electromotive force of the generator, has the 
value ‘ 

ar UA 
= = = = Fz: e ® ° ] 
4 qf Ta so that = 5% (18) 
For a purely periodic applied potential we have, since dV /dt = wwV, 


I 
V = ale . 8 e@e© © # © (19) 


Hence the alternating current resistance offered by a capacity C is 
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given by 1/iwC. In this case, since ¢ in the denominator is equivalent 
to —4# in the numerator, the applied electromotive force lags behind 
the current by a phase angle 7/2. a 

By using these virtual resistances of self- i 
induction and capacity we can treat any 
alternating current circuit like a direct cur- ~~ (wl-25)1 
rent circuit. After completing the numerical ae 
computations, it is only necessary to draw ;4 ai 
the index diagram for current and electro- -t- 
motive force; this gives the amplitude and Fig. 1 
phase relationships between these quantities. 
As an example, let us take a circuit containing ohmic resistance, 
self-induction and capacity connected to an alternator. By Kirch- 
hoff’s first law (p. 294), 


, 1 
VoV ove Ve=1(R+ial+ =a). . (20) 
If we take I along the positive real axis in the index diagram, V, is 


along the positive imaginary axis and V, along the negative imaginary 
axis. According to fig. 1, the resultant electromotive force is of mag- 


nitude 
va1, [w+ (wb— 5). Lee 
wT 


This electromotive force leads the current by an angle ¢, so that we 
have V = V,e'*, and I = I,e*'—®), where © 


a 


For an applied electromotive force of given amplitude V,, the ampli- 
tude of the current is 
Vo 


Taking only the amplitude into consideration, the system has an 
apparent resistance of magnitude 


Re+ oe ‘ 
we) ° 


This quantity is called the impedance of the circuit. It has a minimum 
value when 


(23) 


wL = 


(24) 
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In this case there is no difference of phase between V and I. This 
condition corresponds to resonance, and we shall find, in the next 
section, that the frequency of the applied potential in this case is the 
same as the natural frequency of the circuit. 

In order to calculate the power, i.e. the amount of electrical work 
done per second, it is convenient to turn to the real part of the equations 
and write 

V=Vycoswt, I= I1,cos(wt—¢). . . . (25) 


The power W, at a given instant ¢ is 
W,= VI = Vol, cost cos(wt — $). . . . (26) 


It is more important to know the time average of the power, W. We 
need only calculate the average over one period. Thus 


EEE 27 Jus 
coswt cos (wt — d)= = f (coswt coswt cos 6-+- coswt sinwt sin d) dt 
i) 


= 4 cos d. oe « (« “el os © s ¢ ws (27) 
Hence the average power is 
W=4V,I,cosd. . . . . ss (28) 


The expression cos¢ is known as the power factor of the circuit. If the 
impedance is purely inductive and capacitive (R= 0), 6 =-+7/2, and 
no power is consumed in the circuit. In this case the current is said 
to be wattless. This shows why it is better to control alternating cur- 
rents by choke coils (inductances) rather than by ohmic resistances. 

The analogy between equation (28) and the expression for mechanical 
work (force into distance into cosine of the included angle), which 
becomes especially apparent with the use of the vector diagram, has 
no deeper significance and is of mnemonic value only. 


Ex. 91. Caloulate the impedance of an inductance and a capacity connected 
in parallel. 

Ex, 92, Show that an oscillating circuit containing an iron-cored coil as 
self-inductance is a non-harmonic system to which the results of p. 101 may be 
applied. 


4. Non-stationary States (Transient Phenomena) in Alternating Current 
Circuits. 


The relationships between current and electromotive force in 
alternating current circuits which we have derived by means of the 
vector diagram refer to the steady state which sets in after some time. 
The procedure of § 3 is not applicable to the transient conditions 
immediately following the completion of the circuit, for these phe- 
nomena depend upon the initial conditions. Since the results obtained 
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above place no constants of integration at our disposal, we have no 
way of satisfying the initial conditions. Mathematically, the solutions 
corresponding to the steady state are particular integrals of the dif- 
ferential equation, and we have now to find the general solution. 
We shall treat four different systems, beginning with the simplest and 
proceeding to the more complicated. 


(a) Free oscillations of a circuit containing only inductance 
and capacity 
Assume that the two plates of a charged condenser are joined by a 
conductor of negligible resistance. We must insert the expressions 


for the potentials due to self-induction and capacity (§ 3), in equation 
(20), p. 318, in the form of derivatives and integrals: 


dI 1 
Lo tg flu=o. tae e  F 


Differentiation yields the familiar equation of simple harmonic 
vibrations 


i) a | 
L de + G = > oe e© e © © @ (30) 
whose integral is J aye 4 here we ow oy 
i 
here ey ——T _ e e ° e e e 
W. Wo VIG (32) 


Using real functions, (31) may be written 
I= Acosw t+ Bsinwget or I =I, cos(wet—¢d). (31’) 


(6) Free oscillations of a circuit containing inductance, capacity 
and resistance. Damping 


Here we have a term RI to be added to the left member of (29). 
Differentiating as above, we find 


aI aI, 1 
Latket+ qgl=0. * e« «© (33) 
This equation, too, is known from mechanics [Chap. V, § 8 (p. 95)). 
The real form of the general solution obtained there is, for 


Ji 
to ™ae 


I = Ae RL cog(w't — g). . . « « (34) 
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The amplitude of the vibration decreases exponentially as the time 
increases, and the vibration is therefore said to be damped. The fre- 
quency of the characteristic oscillation of the damped system, w,’, 
is smaller than that of the undamped circuit: 


ee ee 
w= a/70 418 > 0 "ee e 8 e (35) 


The ratio of two successive amplitudes, corresponding to one period, 
is constant, and is called the decrement. One usually deals with the 
natural logarithm of this quantity—the logarithmic decrement 8 
(cf. p. 96): 
Re 
é@ 2L R R 2x 
— Ea TERS OS * 36 
—F +7 2L 2L wy (38) 
where 7 is the period. If the damping is not too great we may here 
use the frequency of the undamped vibration in place of the actual 
frequency of the damped system, in which case the logarithmic decre- 
ment becomes = 
0 
8 = R =: - e © @ e e@ @ of 
mln (37) 
1 Fig 
LC ~ ai 
there is no imaginary part, and the solution is a purely exponential 
decreasing function 
RY RR? T 
[= Ac (iV te)! + Be (VE ie)", . (38) 


an aperiodic system. The limiting case 1/LC = R?/4L? is also aperiodio; 
it corresponds to the mechanical situation treated on p. 95. 


On the other hand, if 


(c) Damped circuit with periodic applied electromotive force 


The differential equation is 
1 


al = fos) . 
Lo + Rl +z, [ 1&a=Ne S.. 4 eS) 


Differentiating with respect to the time, 
aI ge ee be 40 
LatRat qi= wie. - « « (40) 
According to the theorem on p. 92, the general solution of this non- 


homogeneous equation is given by the sum of the general solution of 
the corresponding homogeneous equation, i.e. equation (33) above, 
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and a particular integral of the non-homogeneous equation. But we 
already know a particular integral, viz. that corresponding to the 
steady state, which was derived in § 3 (p. 318). For 


ee 
LC 4” 
the complete general solution is 
R ~— 
l=e 2' (A coswy't + B sinw,'t) + eS, (41) 
2 =e 
V2 Fs (te =) 
ee 
where tan¢d = R of 


The part of this equation containing the exponential factor represents 
an oscillation having the angular frequency w,' of the characteristic 
oscillation of the free damped circuit; the other term is an undamped 
periodic function having the angular frequency w of the applied 
electromotive force. At the beginning, the resultant vibration is a com- 
plicated oscillation which, however, soon attains the steady state 
given by the last term, the transient part being negligible after a 
short time. 


(d) Inductively coupled free circuits 


Of the many possible arrangements of coupled circuits which are 
of technical importance we select the simplest case for treatment here. 
Let us consider two circuits which are inductively coupled. Let the 
self-inductances be L,, and Ly». respectively, and let the mutual induc- 
tance be L,,. Here, again, we shall carry the calculations only far enough 
to reveal the new principles involved in this type of coupled system. 

The differential equation for the first circuit becomes after dif- 
ferentiating once with respect to the time: 

aI ai, ak 
Ly aa t+ at eee oS 


s 


That of the second circuit becomes 


d?I i) rene § 
Las 77 + La aie C, = 0. . . ee e@ (43) 
In order to eliminate J,, we differentiate equation (43) twice with 
respect to ¢, obtaining 
d*I d'] led tT 
Liga tie Gat G, de ~* e e e (44) 
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wa, ~~ 1 I, , 1 

But from (42), P= — (Zu Bite. 1), tee (48) 
and after differentiating twice, 

a, 1 (ig Pee 5 

dt i (iu Caw) ° a 
Substituting these values in equation (44), and using the abbreviations 

L L 1 
— oe) Opens & oh b= =e 38 = AT 
a 11 “22 12 C, h G. c CG, (47) 


we obtain the fourth-order differential equation 


dl, , ad 
a-s+bai+el=0. .. . . (48) 


We assume a solution of the form 
T= Ae 7. + + Cee) 


and obtain the characteristic equation 
a+ b+ c= 0. » 2 « « . (50) 


Of the four roots, two are essentially different: 
a b? . 
ee a ua. oe e (51) 


. 1b [Pc _. 
Ag a. mae Or ee 6 (52) 


The other two roots differ from these only in sign. According to 
Ex. 90 (p. 316), a is always positive, and b and c are essentially positive, 
while 6? — 4ac is a sum of squares. Hence, since L,, + 0, we always 
have 

ae 
That is, the two frequencies w, and w, are always real. By elimina- 
ting d?I,/dt? between (42) and (43) we see that there exist two simul- 
taneous frequencies w, and w, for J, as well as for I,. Neither of these 
frequencies coincides with the natural frequencies of the separate 


circuits. The solution for J, thus has the form 
1, = Ae + Beit + Cet + Det, (54) 


The co-existence of two vibrations of different frequency implies the 
occurrence of beats, i.e. the appearance of slow variations of amplitude 


324 FIELD THEORY OF PHENOMENA [Cuap. 


as may be seen at once from the following trigonometric identity: 
cosw,t + coswet = 2 cos 5") t cos (2$"9) t. 


The right member represents a vibration of angular frequency 
(w, + w,)/2 whose amplitude is “ modulated” (cf. p. 57) with an 
angular frequency (w, — w,)/2. Since the circuits are assumed to be 
undamped, the energy of circuit 1 cannot be destroyed when its 
amplitude is reduced to zero, but must be transmitted to the other 
circuit. The beats occurring in the two circuits must therefore have 
a phase difference of 7/2, so that minimum amplitude in the first 
circuit corresponds to maximum amplitude in the second, and the 
sum of the energies (squares of the amplitudes) remains constant. 
This is actually confirmed by the complete calculation, which will 
not be gone into here. 


5. Resistance and Inductance of Wires for Alternating Currents. Skin 
Effect. 


All low-frequency electromagnetic phenomena in homogeneous 
media are determined by the Law of Induction (p. 312), together 
with equation (9) (p. 301), which was derived for steady currents, and 
expresses the connexion between current and magnetic field. If several 
different media are present, the boundary conditions of the continuity 
of the tangential components of E and H must also be taken into 
account. In view of the meaning of the curl, the above two equations 
really represent a system of six first-order partial differential equa- 
tions for the six components of E and H. Of the enormous number 
of solutions of such a system, we must select that which corresponds 
to the problem under consideration. This selection, and not the cal- 
culation of the integrals, is the difficult matter. We consider the 
following very simple case. Let there be given a very long, straight 
wire of finite cross-section to whose ends an alternating difference of 
potential is applied. For direct current, the current density: would 
be the same at all points within the wire, provided the conductor is 
made of homogeneous material. For alternating current, the current 
density is greater near the surface of the wire, on account of inductive 
efiects. When the frequency is very great, the current is almost entirely 
confined to the outer layers. This phenomenon is known as the skin 
effect. 

The dependence of the current density upon the distance p from 
the axis may be calculated with little difficulty from the two differen- 
tial equations: 

curl H = ed cule = 2 curld = —& eal « « (55) 
a a c Ot 
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H may be eliminated as follows. Take the curl of the second equation 
and differentiate the first with respect to ¢. Since we are dealing with 
bodies at rest, the derivatives with respect to the co-ordinates (in 
taking the curl) and those with respect to the time are entirely inde- 
pendent. Hence 

oH 


0 
ai curl H = curl =. 


If we eliminate this term from the two equations obtained, we find 


4rrou O¢ 


curl curlz = grad dive — Az = — 2 Oe 


Since divz = 0, this equation reduces to 


== eC (us) 


On account of symmetry, the vector z in the infinitely long wire has 
the direction of the axis of the wire. We take this to be the z-axis. 
Then we may write 

a | i rr (5 0 


We thus obtain a scalar equation which has the following form in 
cylindrical co-ordinates: 
Ou, ldu_ 4aop du 
0p? p Op —-  @ ot . e s e ° 
We are looking for a solution u which is a periodic function of the 
time, and so we put 
“Se lt ee ws (5D) 


and obtain the following ordinary differential equation for /: 
d? ld 4m7opw 
df df = 2 if = 0. ry e e Co) (60) 


(58) 


dt" pdp °c 


In this equation we set 
4ropwt 
e 


and introduce a new variable x = ap. Then 


Dio OF Ges 3 ee 2 See) 
2 


See bee, oe «we (CU) 


dp 
; Cipel o 
and we obtain = 5 df 4f= OF a « stb) 


But this is the differential equation for the Bessel functions of order 
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zero.* The only one of these functions of use here—the one continuous 
at the origin—is denoted by Jy (x). Hence 


u= AJ,(ap)e = AJ, ( vs VEwois® )e - (64) 


where A is the amplitude factor. _ 

The real part and the imaginary part of the function J,(x/—*t) 
occur in various problems and are tabulated as new functions of 2. 
They are known as “ ber (x) ” and “ bei (x) ” respectively: 


(Re) [Jy2°/—1] = bera 
a tn ts le 


Using these functions, our solution may be written 
u=A [ ber (-VEmane® )-+ t bei (viva? ) |e (66) 


or u= A, | ber? (v 4rropw *) + bei? (v 4rropw ) eot+9), = (66’) 


bei (v 4ropw e) 


where tan é = —+—_______+. 
ber (v 4ropw ) 


That is, not only the amplitude, but also the phase depends upon the 
radius. For large values of u (iron 
wire) both effects can be shown 
even for currents of very low fre- 
quency (1 cycle/sec.). One can 
obtain a picture of the process 
by drawing the vector for the 
current density corresponding to Fig. a 

various values of p (fig. 2). In ’ 
order to determine the amplitude factor A we have to integrate 
# over the cross-section, which gives the total current as a function 
of A, so that A in turn may be evaluated in terms of I. 


* See p. 810 ¢8 seq. 


CHAPTER XVII 


Rapipity ALTERNATING ELECTROMAGNETIO FIELDS: 
I. Propagation In Homocenrous Isorroric Mepis 


1. The Electrical Analogue of the Law of Induction. 


The Law of Induction states that, in a vacuum, any change of the 
magnetic flux through a surface bounded by a curve results in the 
formation of an electrical ‘‘ vortex’, i.e. a finite value of the line 


integral $ Eds. The reciprocal relationships between electrical and 


magnetic phenomena already encountered many times would lead 
us to expect that a change in electrical flux similarly would cause a 
magnetic “vortex’’. Thus far we have encountered magnetic curl 
only when conduction currents were present. We write as a tentative 
form of relationship, for a vacuum, 


_105 aE 
curlH = A On or (M.K.S.) Bow. eee (1) 


This equation was derived by Maxwell from the notion that the volume 
elements of the “ ether” are polarized when a field is applied, just as 
are those of a material dielectric (p. 279). It may be seen readily that 
electric charges are displaced when a volume element is polarized, 
and hence that a current flows while the polarization is being brought 
about. 

Imagine a small cylinder of unit cross-section and altitude dh in 
which a polarization P is generated parallel to the axis. The apparent 
charges on the transverse surfaces of the cylinder amount to c,=-+ | P| 
on the upper side and o_ = —| P| on the lower, according to p. 282. 
If P changes by dP, the density of charge is altered by + | dP| and 
—| dP| respectively. If this charge is to reach the bounding surface 
it must pass through the cross-section immediately below or above. 
Hence a positive current dP/dt flows in the upper half and a negative 
current —dP/dt flows in the lower half, but in the opposite direction, 
so that a “‘ displacement current ” of 


Mg 


2p = 


S15 


1 
c 
$27 
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electromagnetic units flows during the time the polarization is chang- 
ing. But Maxwell’s concept of a polarizable ether built up of electric 
charges is no longer tenable, and we are justified in assuming the 
existence of a true displacement current only in the case of material 
dielectrics. Hence we have thus far no rigorous basis for the term 


1 OE 
c ot’ 


especially with regard to the sign. We shall therefore justify it for the 
present only by noting that all its consequences are confirmed by ex- 
perience. Later on we shall see how the field equations may be de- 
duced by method which is based on very few hypotheses. Hence in 
a conducting dielectric medium we have three contributions to the 
current producing a magnetic field, so that we may write in general 


__ 4nt 10E 4n OP 4nt 10E , 4n OE 
le tot «ah 6! 6 Oe 


The last two terms are usually combined into Ase so that we write 


KOE , 4 
ourlH =" 5 ++" oE, oa 2 Oe Oe 


or, in MES. units, omlH = KK) +oB. . . . « « (2) 


Following Maxwell’s ideas, we refer to the term 

KOE 

c Ot 
as the displacement current, to distinguish it from the actual conduc- 
tion current. The above equation (2a), together with equation (3a) 


(p. 312) [or (26) and (30)], constitute Maxwell’s equations for the electro- 
magnetic field. . 


2. The Wave Equation for the Propagation of Fields in Dielectrics. 
For isotropic dielectrics at rest the following equations hold: 


_ Kok OE 
curl H —) ms a or KK, ae ee ee e (I) 
__#0n x, OH 
curlE = a a or —KK, rt o « « HD) 


If, as we shall assume, no volume charges are present, we have in 
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addition the equations of continuity of the electrical and magnetic 
fields, viz. 
divE=0 and divH=0. .... (IIT) 


Hither E or H may be eliminated from the Maxwell equations by the 
method of p. 325. If we choose to eliminate H, we take the curl of 
the second equation, while we differentiate the first with respect to ¢. 
Using (III) we then obtain 

Kp er (3) 


mae O AE = KK oppo ae 


AE = 
This is the differential equation of a wave-like propagation of the 
components of E. By eliminating E, we obtain an exactly similar 
equation for H. Of the tremendous manifold of phenomena described 
by this differential equation we now consider the simplest case—that 
of a plane wave. We understand this to mean a wave for which all 
quantities depend only upon one co-ordinate, say x. The components 
of E have constant values in planes normal to the z-axis. Mathemati- 
cally, this means the vanishing of all derivatives 0/dy and d/dz. Hence 
from (IIT), 


__ 8, , OB, , OE, _ 
divE = aie a" ae, 0, 
it followaNehatt a ae 


Hence the electric field can have no component in the direction of the 
z-axis. Since we are dealing with a wave motion, a superimposed field 
which has the same value at all points does not interest us here; we 
may conclude that equation (4) implies that H,=0. In the same 
way we find that H,=0. Hence the vanishing of the divergence of E 
and H implies the transversality of the plane wave. 
We obtain the equations 
EF, Kp @k, a om, Ky ok, : (6) 


Oe @ oF “ Oat oF OF 
for the components Z, and E,. We assume a simple periodic depen 
dence on the time: 

E,=f(zjét and E,= g(x)", . . . (6) 
where the phase constant 5 is included to ensure generality. Then, 
~ af, wK, a 216 

WA p ag wih = ae 
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The integrals of these well-known equations of simple harmonic vibra- 
tions are f = Aetio VKeele and g = Bet | a (°) 


Using the negative sign, we then have 
E, = Adot-VRex) and E, = Beiott-VResio-®8, | (9) 


This is the equation of a plane wave propagated in the direction of 
the positive z-axis (the negative sign would signify the opposite direc- 
tion) with a wave velocity 


v=o/VKp, or v= 1/VKKyupy. « » « (10) 


In the C.G.S. system v = c for a vacuum, so that the factor c introduced 
on p. 300 has a highly significant physical meaning. It represents the 
speed of electromagnetic waves in a vacuum, as anticipated there. In the 
M.EK.S, system ¢ = 1/ Kopp, as is evident from the dimensions of Kop1o. 

E,, and E, are independent of each other, so that the phase difference 
is arbitrary. The most general form is thus the elliptically polarized 
wave in which the end point of the vector E describes an ellipse at any 
given place; if this motion is confined to a straight line we have a 
plane polarized wave. 

In order to calculate the components of H we are not permitted to 
start with the wave equation for this quantity; this would furnish us 
with an excess of constants. We must observe that E and H are con- 
nected by the field equations. For #,= 0, the second one gives 


iwAeimt —VKu zie), (11) 


Integrating, 7 
H,=0, B= [Eager Rvom  [R E,. e (12) 
ie B 


Since we are no more interested in a temporally constant field than 
in a spatially constant one, we may set the integration constants of 
(12), which are independent of time (functions of x) equal to zero. 


Thus we have EW at Bo = 
vu v z 2 > 


so that E is perpendicular to H in a plane polarized wave. Let 
us designate the direction of propagation by the unit vector 2. 
Then E, H and w form a right-handed orthogonal triad, in this order. 

Electromagnetic waves embrace an enormous range of physical 
phenomena, the essential unity of which remained unrecognized for 
many years, chiefly because the methods of production and the effects 
of the waves differ widely according to the value of the frequency » 
(or the vacuum wave-length A= c/v), as the accompanying short 
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table (fig. 1) shows. The entire range, with certain overlappings of the 


methods of generation and of investigation, 


Aicm) - 
~ 108 


-105 Woreless Waves 
-104 


-103 


Electric 
Waves ~102 
-10 
-t }Short Electric Wares 
-1' 
Infra-red Hg-vapour Emission 
10° = Residual Rays 
TEE | Near tilgacetil 
t . 0 1 Visible 
ante sea gt Be viera Viale peo 
Clevo Lyman Millikan Region 
10° ¥~ Soh, X-rays 
X-rays 4-0” 
~0* X-rays 
9 
Yrays 7") y-rage 
or 
$ cosmic Rays ? 
Fig. 1 


is now known without 
a break. 

In optics, the ratio 
of the phase velocity ¢ 
in vacuum to that in 
any other medium is 
known as the index of 
refraction n of the 
medium. Thus, by 
equation (10), 


Kp=n*. (13) 

This equation is known 
as Maxwell’s relation. 
But, aseven the familiar 
example of water (K = 
80, hwl, n=1:-33) 
shows, this relation is 
not always satisfied if 
we take n to be the 
optical index of refrac- 
tion. If (13) were satis- 
fied down to arbitrarily 
short waves there could 
be no dispersion at all, 
i.e. no variation of # 
with wave-length, if 
K and p are not depen- 
dent upon frequency. 


The discrepancy is explained by the fact that the polarization of a 
medium (which determines the value of K) becomes dependent upon 
the frequency for rapidly alternating fields. Down to wave-lengths of 
about 1 cm. the static value of the dielectric constant may be used 
for all substances. For shorter waves (higher frequencies) dependence 
on frequency comes in. This will be explained in the second part of 


the Theory of Electricity (p. 452). 
3. The Poynting Vector of Energy Flow. 


The energy density in the electromagnetic field has the value 
ue = (KE? + pH), or «= }(KK,E® + pyoH?). « (14) 
TT 


K KK, 
i 2), H|= /—|5| or Re 0|E| 
Since by (12), | H| vo ae 
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for a plane wave, KE? = pH?, or KK,E?=pyoH. . .- « (15) 


Thus the energy is half electrical and half magnetic in this case. Now 
we know that energy is transported by every electromagnetic wave. 
In order to verify this experimentally we need only convert the energy 
into heat at a given point and determine calorimetrically the rate at 
which energy is being delivered. If the wave advances with a velocity 
v, the amount of energy streaming through unit area of a surface 
normal to the direction of propagation in the time dé is that residing 
in the space within a rectangular parallelepiped of 1 cm.* base and 
altitude vdf, i.e. 
a DOE pera a ee 
dU = (KE +p) = 7 
We may therefore represent the energy flow by a vector in the direc- 
tion of propagation 7 whose magnitude is equal to the energy flow 
per unit time. This is the Poynting Vector 


|E|.[H]. (16) 


B= | [EH]. or Suze ={[EH],/: - . ~ (17) 


so named after its discoverer. Since E and H are periodic functions 
of the time, the vector S at a given place will also experience 
periodic fluctuations between zero and a maximum value. A 
change of sign never occurs, however, since E and H are always 
in phase [cf. (12)]. The Poynting vector is always in the direction 
of propagation. 


The Poynting vector § has a much more general significance than might be 
expected from the way it was introduced. We never come into conflict with 
experience by assuming that this vector may be applied in all cases. It holds 
for all simultaneous electric and magnetic fields—even for steady fields. For 
example, consider a cylindrical wire bent into the form of a circle, the ends being 
joined to a source of direct electromotive force. Within the wire, the electric 
field is along the axis, while the magnetic lines of force are circles whose planes 
are normal to the wire. Hence the energy flux vector at the surface of the con- 
ductor is normal to the surface and, moreover, is directed inwards no matter 
which way the current flows. Thus there is a continuous flow of energy from the 
surrounding dielectric into the wire, and it is readily shown that the amount of 
energy entering unit length of wire each second is exactly equal to the Joule 
heat developed in that portion of the wire per unit time. The ultimate source 
of energy is the battery. From the atomic standpoint, however, this interpretation 
sounds artificial. 


' Ez. 93. The amount of solar energy received by the earth is about 2 cal./ 
_ ale What are the amplitudes of the electric and magnetic fields of the 
radiation 
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4. Propagation of Electromagnetic Waves in Conducting Media. 


For media in which there exists a non-vanishing conductivity the 
field equations are 


_ KOE , 420 
curl H — a at +E ae E. e e e e e (J) 
c ot e e e e e ° e e 


divE=0, dvH=0. ..... (UD 


If H is again eliminated by the method of § 2 (p. 329), we have the 
following equation for E: 


ce Ot? ce dt’ 
eE OE 
or AE = KKoppy ae + MH 5, To «eo veelte) 


We again consider plane waves propagated in the direction of the 
positive z-axis, and set 
0 
oy) Oz 
from which it follows that E,—= H,—0. Assume again that HZ, and 
E, are simple periodic functions of the time: 


E,=f(zje* and E,=og(zje™. «.« « « (19) 


0, 0, 


For simplicity of notation, we restrict our discussion to plane polarized 
waves whose electric vector is in the zy-plane; hence we put H, = 0. 
By substitution in the wave equation we obtain the following dif- 
ferential equation for the point function f: 


et (ope ~* oe im. » + « (20) 


dx? c 


the solution of which is 


file) uh eee, sive lace. oomlean) 


If o = 0, we again have the case of an undamped wave. In this in- 
stance we must choose the negative sign for a wave propagated in the 
positive x-direction; hence the negative sign is to be used here also, 
We now introduce the following notation for convenience: 


V K pw? _ rt es 4rropw = wn(1 —= 1K). eee (22) 
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Squaring and equating reals and imaginaries separately, we obtain 
equations for » and x: : 
n? — nx? = Ky 
’ ° e e ° 23 
el el (28) 
@ 


where 7’ is the period of vibration. Solving simultaneously we obtain 


n= wl 5 (VK? + 40°T? + K) 
os « (4) 


nx = [4 WEF iS — £) 


Using the notation of (22) in (21), equation (19) then gives 


E, = Aeivt en twn xe e-en CI) Ae-ansle eiwlt—nx/c) A (25) 


The imaginary term —inx is thus seen to furnish a real negative 
exponential function, i.e. a damping factor, while the velocity of 
propagation of the phase is determined by n. Thus the use of this 
same n for the index of refraction in insulating media is justified. 
The meaning of « is as follows. Since 

nw nvr 


c v A’ 


the damping factor becomes = 2*#/A, 


For 2 = A, the factor becomes 
e7 2nk 


That is, in travelling a distance equal to the wave-length in a vacuum, 
the amplitude diminishes by a factor 


err, 


We now calculate the vector H, using equation (II) (p. 333). As 
in the case of insulating media, only a z-component of H remains. 
Using (25), this is given by 


a __ ¢cdk, =< (nc + in) Ae-ernele givlt-neid, (96) 


i.e. ue = nl ue ix) Ae~exnele eiolt—nx/c) 5; n(1 — iK) E,. (27) 


Now from the relationships in the complex plane, 


l—i=V1+e-¥, and tany=K. . . (28) 
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Hence 


H,= : Vit kK. Eye” = V1 4 2 Aen orale ginlt—n x/e)- iy, (29) 
Ue 


Thus we find that there is a difference in phase between the electric 
and magnetic vectors in conducting media: H lags behind E by the 
angle y. According to the discussion in this section, every conductor 
should absorb electromagnetic waves, while all insulators should 
transmit them. However, we can give at once examples which con- 
tradict this: A solution of NaCl, in spite of high electrical conductivity, 
is perfectly transparent, while vulcanite, which is a good insulator, 
is opaque. The explanation is again, as in the case of the index of 
refraction, variation with frequency—here, variation of the con- 
ductivity. In calculations we may use the static value of the conduc- 
tivity down to a wave-length of about 1 cm. for all substances. A 
possible solution of the difficulty will be discussed in the second part 
of the Theory of Electricity (§ 2, p. 451). 


5. Hertz’s Solution of the Field Equations. The Hertzian Oscillator. 


Up to now we have considered plane waves without inquiring into 
their origin. The waves actually come from spatially limited sources, 
whether they are wireless waves emitted from an antenna which is 
small compared with the distances spanned by the signals, or light 
waves emitted by the radiating atoms or molecules of a gaseous source 
of light. For this reason, the waves are approximately plane only at 
great distances from the source. H. Hertz found a solution of the 
field equations which provides a unified representation of source and 
radiation field in the whole of space. If we confine our attentior to 
a vacuum (free space), the appropriate field equations are 


10E 
culH =~ 7 . 2 ° ° e e . (I) 
10H 
culk=—7 a: La. MAS. Sy 


divE=0, dvH=0. .... (Ill) 


In determining the magnetic fields accompanying steady currents, 
it proved expedient to express H as the curl of an auxiliary vector V, 
the vector potential, which bore a simple relation to the distribution 
of currents. We proceed here in a similar manner. The formule be- 
come appreciably simpler if we choose as vector potential the time 
derivative of an auxiliary vector Z and supply also the factor 1 [c. 
We thus put 


1 oz 
— ~~, e ° . e e ry e 30 
H 5 cul s (30) 
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Since the order of the differentiations can be reversed, we may also 
write : 


H == 5, (curl 2). . « «0 see 


Substituting in (I), and integrating with respect to ¢, 
E = curl curl Z= grad divZ— AZ .. . (31) 


In order that (II) may be satisfied we must have 


2 
cul B= — 5 oul 2, oe « # © (82) 
1@Z 


Integration yields E=— 2B + grad ¢. «~ » « » a) 


The arbitrary vector grad¢ appears in place of a constant of integra- 
tion, since the equality of the curls of two vectors implies only that 
these vectors differ by an irrotational vector gradd. The two ex- 
pressions (31) and (33) for E will be identical if we take 
d = div Z - ce e ee e© #@ «@ (34) 
1 @#Z 


and AZ= 3 5B" © © © © «© © « (35) 


Hence, as may easily be verified independently, the values of E and 
H defined in terms of Z by (30), (33) and (34) satisfy (I), (II) and (III), 
provided % is a solution of the wave equation (35). 

We no longer seek the solution corresponding to a plane wave, for 
this could give no singularity at the origin; rather, we attempt to 
find the solution corresponding to a spherical wave, in which the sur- 
faces of equal phase are spheres. For this purpose we write AZ in 
spherical polar co-ordinates, and assume that Z is a function of r only: 

@Z ,20Z 102 
Ti sor aoe «+ + + +. 88) 
Assuming a simple periodic variation with time, we write 
Z = F (ret ° e ° ° = e@ ’ (37) 
and obtain the equation 


2 = 
Ge 6 dea ae” Geeta 
for the point function F. The integral is 


B= 20 gia, o 0 e «© © « (39) 
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as may be seen by substitution, or by writing the equation in the form 
@ 2 
qa ("F) + SF) =0. 


The negative sign corresponds to a wave spreading outward from the 
centre r= 0. We then have 
fu(t—r/e) 
Z= py ——— = PO eine, (40) 
r r 

where Pit) replaces p,e“. This spherical wave differs from a plane 
wave in that the amplitude decreases as 1/r, corresponding to the 
spreading of the energy over a sphere of increasing size. The field 
vectors E and H are obtained from Z by simple differentiations. Start- 
ing with H, the simpler of the two, we have 


curl Z = curl {Pf(e)} = eras), ACO] 
d i 
=F irnpl=Zeirnpi, (1) 


where #, is a unit vector along . From (40), 


df ae tw er a —iwr le 
dr \ or a) a a 
Hence i= ee curl Z = ol a. eo etl) | Bo ro] (43) 
cot ec \r or asia 


The vector H is thus seen to be composed of two parts, similarly directed 
but decreasing according to different powers of 1/r. We can locate 
the regions where one or the other term predominates by writing 


1, iw 1/1, .2m\_ 1/1, 2m 2 
seEal ete) a2C) «0 


r\r c r\r 
The scale of comparison is thus given by the wave-length. In the 
near zone (r< A), the first term predominates; in the distant zone 
(r >> A)—the actual radiation field—the second term controls the 
situation. Between the two is a region where both terms are of the 
same order of magnitude. We investigate the near zone first. Here 
we have 


Ot 


If we compare this expression with the Biot-Savart formula for the 
magnetic field due to an element of a current-carrying conductor 
(p. 303), we see that, apart from the factor 


a, 


lw. 1 1 fo az 
H, ss = eielt—ric) . 2 [Do Yo] = oe | p r.| (4 tur |e, (45) 
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the field in the local region is that due to a current element 
lds =P a iwpyeo, 1... (46) 


The factor e—terle 


corresponds to the finite velocity of propagation of the magnetic field, 
which causes a phase displacement, increasing with distance from the 
centre, with respect to the instantaneous value of the current element 
(“retarded field”). In order to gain a conception of such an alter- 
nating current element, we consider an electrical dipole whose length 
and direction are given by 2, and whose ends carry periodically 
oscillating charges 
Q = Fg a a A 


The moment of the dipole will also be a periodic function of the time: 


P=U=qewtb «. . . « © « (47) 

and we have 
ot Ot 

But 0q/0t is the current flowing as the charge changes. Our solution 
thus gives the magnetic field of a dipole whose axis is fixed and whose 
moment # is periodic. Such a dipole is called an electrical oscillator or 
Hertzian vibrator. Later we shall find that the electrical field in the 
near zone also corresponds with the electrostatic field of a dipole of 
periodically oscillating moment. 

A dipole of this kind may be represented by a short linear antenna 
in which high-frequency oscillatory currents are induced, say by 
inductively coupling the antenna to an oscillating circuit. In con- 
trast with steady currents, where the impossibility of isolating indi- 
vidual conductor elements made us reject the Biot-Savart law as a 
fundamental basis, current elements are experimentally attainable 
when we deal with oscillations. However, the magnetic field of such 
a segment is given by the Biot-Savart rule only in the immediate 
neighbourhood of the conductor, and then only to a first approxi- 
mation. According to the theory of action at a distance, we should 
use this rule at arbitrarily great distances from the conductor; this 
would yield results which are entirely contrary to experience, for at 
great distances (i.e. in the “‘ radiation field”), the second term of (44) 
controls the situation. By (48) this gives 

2 2 
os r ‘ ; etl) [Doro] = + = ae r.| evterie, (49) 


This magnetic field which decreases as 1/r is no longer proportional to 


inl a (48) 
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the first derivative of B—which by equation (48) is proportional to 
the antenna current—but to its second derivative, i.e. to the rate of 
change of the current. 


In order to calculate E it is best to start with equation (31) (p. 336): 
E=graddivZ—AZ ..... (81) 
We also use the fact that Z satisfies the wave equation, i.e. 
1 &Z 


E= grad divZ— & 32° °. e e« @ 


Now by equation (40) (p. 337), 


(31’) 


divnieetdiv (4. <—) = et div{ paf(r)} = eo py grad f(r) 
=e Fayr, . .  . + (60) 

whence 
grad div Z == (boro . zn)" 4. : ipl, (51) 


where oy” in the first term has been replaced by Ap%or in order to 
make clear which powers of r occur. We also have the expression for 
df/dr given by equation (42) (p. 337): 


f_(—2—j)em, we ee (82) 


dr cr 
a? if —_ ae w? 2tw 2 —tur fe 
and, further, ir? — a + aye ad 5) é@ ° ee e (53) 


2 2 
We also have a em or. mpettrin, . ws. (68) 


The field in the near zone is governed by the highest power of 1/r 
only. Since 7, is a unit vector, this is the third. But this power does 
not occur in the term 

1 eZ 

ao Oi” 
so that the electric field in the near region is derivable from a scalar 

otential 

q Vy=—divZ .... +. (65) 
Neglecting the lower powers of 1/r, this quantity becomes 


V,— Pat deinrid PF erie, (66) 


But according to equation (28) (p. 273), this is precisely the potential 
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of a dipole of moment #, taking into consideration the variation of 
phase with increasing distance caused by the finite velocity of pro- 
pagation. This is then the so-called “ retarded potential ”. 

To determine E in the radiation field we must collect the terms in 
l/r. Since »,? = 1, this gives 


- 2 
E, = ate (Ly . re— re Y Po) = all [ Yo [Do o)1- (57) 


Taking the axis of the dipole to be the 
polar axis, H has the direction of the 
latitude circles [cf. equation (49)], and E 
is along the meridians [equation (57)] in 
the far region. E, H and the unit vector 
vy, in the direction of propagation again 
form a right-handed system (fig. 2). In 
contrast with the phase, the amplitudes 
of E and # are not constant over the 
surface of the sphere, but decrease toward 
the pole (9= 0) as sin9, on account of 
the factor [#7]. This means that a 
Uinear oscillator emits no radiation in the 


direction of tts axis. This further implies that on account of the vanish- 
ing of the radiation term near = 0, the contribution of the term for the 
near zone may not be neglected entirely, in spite of its decrease with 1/r3, 
since it does not vanish for = 0. We are therefore not free to draw 
the meridional direction of E quite to the pole. The contribution of the 
first term causes the lines of force to become rounded at the poles, giving 
Hertz’s celebrated instantaneous picture of the lines of force (fig. 3).* 


r : Popes H. Hertz, Ann, Phys. Chem., 36, p. 1 (1889), or his Gesammelie Werke, 
r p- le 
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If we now consider the energy flux vector 8, which is in the direc- 
tion of 7p, its instantaneous value is given by c/4m times the product 
of the magnitudes of the mutually perpendicular vectors E, and Hy. 
Passing to the real functions, these are 


w? . r 
|B, |= 5 Posind cos {«» (1—*) , 


2 
| BH, = Fro sinB cos |ao(¢—Z) |. ere) 


cr { 
Hence we have 


eee 2 aN) 
[8] =~ -aPo sin A costes |( ‘I. » «+ (59) 


Since cos? ¢ = 1/2, the time average is, 


= c wt ; 
Bile = ca ze Po" Sin? 8. <a See(60) 
In wireless telegraphy the energy radiated in various directions is 
conveniently represented by a polar diagram in which the length 
of the radius vector p is taken equal to the radiated energy, on some 
suitable scale. The equation of such a curve for the linear oscillator 
is, from the above 
pie. ws + os = AGE) 


The average energy which passes through a sphere of radius r each 
second is obtained by taking the surface integral 


a 4 7 K _ c 4 
f §da= = Siro Pot 2m? f sin?@ sin 0d0= 2. 2n.$p,2. (62) 


This gives the energy lost by the source of radiation each second: 


=. 1674c 
S = 3 me e e @ eo e ° 


(63) 
This expression can be given another form by inserting the current 
amplitude Z, in place of the amplitude of the dipole moment. Accord- 
ing to equations (46) and (48) (p. 338), the magnitude of I, is wp)/ds. 
If we put the length ds of the element (the antenna) equal to I, 


- 2 
s= F1(;)- oe) ees 


This loss of energy by radiation is proportional to the square of the 
current, like the ordinary Joule loss. With an ohmic resistance R, 
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the same alternating current would have an average energy loss in 
the form of heat amounting to : 


a _ RI? 
Wisin e e e s e 


The ohmic resistance which would cause the same loss of energy as 
the radiation is called the “radiation resistance” R, of the system. 
According to the above 


- « (65) 


872 f 1 \2 -_— . 
(fp ae (x) electrostatic units, 


or 80777 ( :) ohms. oo © © # @ @ (66) 


It is seen that even for antenna lengths of but 1/10 the wave-length, 
the radiation resistance is of the order of 10 ohms, i.e. large compared 
with the ohmic resistance. 


Ez, 94. Show that the phase velocity of H is greater than ¢ in the transi- 
tional region between the near and distant zones. 


CHAPTER XVIII 


ELECTROMAGNETIC Waves: II. PHENOMENA IN Two 
ApsJornina MEDIA 


1. Unified Rigorous Derivation of the Field Equations and of the Boun- 
dary Conditions. 


In setting up the electromagnetic field equations we started with 
common facts of experience. In proceeding thus, we were unable to 
give a rigorous proof of the electrical analogue of the law of magnetic 
induction, equation (1) (p. 327); moreover, the boundary conditions 
were derived only for static or stationary fields. Hence before pro- 
ceeding further, we shall explain a more satisfactory way of arriving 
at these results. The proposed method is based upon five hypotheses 
which, it must be admitted, are not as immediately obtainable from 
experiment as are those which formed the basis of our previous method. 
However, the following procedure has the advantage of generality and 
compactness. The five assumptions are the following: 

1. The expression for the density of electrical energy is 

K 


Ue = Sar E?. eo e # @© e# ee @ (1) 


2. The expression for the magnetic energy density is 


Umag — = H’, e ° e e ° e e (2) 


8. The energy flux is given by 
c 

— ° e e ° e . e 4 

8 7 [EH]. (3) 


4, The expression for the electrical energy converted into Joule 
heat per second per cubic centimetre is 


du.) a. 


dt == —oE”’. eo 2©« © © © 8 @ (4) 


5. The experimental fact of the linear superposition of electro- 
magnetic fields, which requires that the field equations be linear and 
homogeneous in E and H.* 


* We omit from consideration here the special case of ferro-magnetio media, where 
non-linearity of the equations results from the fact that yz itself depends upon the 
value of the field. 


848 
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These five postulates emerge in a plausible way from general con- 
siderations if we seek the simplest and most direct dimensionally cor- 
rect relations between the quantities involved. This is essentially what 
was done on p. 288 in obtaining an expression for the energy density. 

The field equations for a uniform medium follow at once from the 
. following energy considerations: the decrease per second of the elec- 
tromagnetic energy within any volume is equal to the sum of the 
energy converted into heat and the energy which flows out through the 
bounding surface, i.e. 


4 (KE ew) ff (_ K p®@E_ » 9B 
ae et eens ( ale yi ae 
= f oB?dr + $ ra [EH]ds. . (5) 


If the surface integral is converted into a volume integral by means 
of Gauss’s theorem, we have, since div[EH] = H curlE — E curlH. 


if (xeqteHG, + 4ncE?-+ cH curl E—cE cul) dr=0. (6) 


Since the integral is zero for any arbitrary volume, the integrand must 
vanish. This is assured, and at the same time Assumption B is satis- 
fied, by setting equal to zero the factors by which E and H are scalarly 
multiplied. From this it follows that 


K OE , 4n 10D, 4 
l1H=— —+—cE=- — 2 
curl H af tec aes mee oe (I) 
= = ee 1 0B 
curl E = on ae Aenea (II) 


The boundary conditions are obtained from the obvious condition 
that at the surface of separation of two media the energy leaving the 
first medium must enter the adjoining one, since for finite gonduc- 
tivity no electrical energy can be dissipated as heat in the mathe- 
matical surface of separation. If we take the normal to the interface 
aS Z-axis, 


¢€ c 
8,0 = rT [EV HO], = 8,0 = re eerie ~« ©) 
or BOO — HOE, = EOH® — HOE® . (8) 


This condition is secured by taking for the equations to be satisfied 
at the bounding surface * 


* The surface conditions (IV) are usually deduced directly from the fundamental 
equations (I) and (II) above. We take a small rectangular area having eo 
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EO = B® HO = H,® 
EB,Y = B® HO= ae oe 
or Bran = Eo and Hen” = Han; . . (IV) 


or using the concept of surface curl, 
Curl E = [#(E,— E,)]=0, CulH=0. . (IV’ 


The relationships governing the normal components are already fixed 
by this condition of continuity of the tangential components, since 
E and H must, in addition, satisfy the field equations in each of the 
two media. The general validity of the continuity of the normal com- 
ponents of D= KE and of B= wH is readily demonstrated by a 
simple computation using (IV) and the field equations. This also 
implies, of course, that the normal components of E and H them- 
selves suffer discontinuities at the interface. 


2.* Waves in the Boundary Layer. The Ground Wave. 


The Hertzian solution, which includes the antenna as well as the 
radiation field, fails to represent actual conditions in this respect, that 
the transmitter is not suspended in space, but is located at the boun- 
dary of two media having quite different electrical properties. We 
must therefore find two solutions which satisfy the boundary con- 
ditions as well as the field equations—one for the upper medium (the 
air), the other for the earth. The problem, replete with difficulties, 
was solved in a series of papers by Sommerfeld. We restrict our atten- 
tion to the simplest case—the demonstration of the possibility of a 
kind of plane wave having its greatest amplitude at the bounding 
surface, and hence referred to as a surface wave or boundary layer 
wave. The consideration of this wave apart from the total phenomenon, 
it is true, is somewhat arbitrary. 

We take the surface of separation to be the xy-plane of a rect- 
angular system of co-ordinates, the direction of propagation being 
along the positive z-axis. For a plane wave in a uniform medium, EB 
as well as H would be normal to the direction of propagation. But 
the boundary conditions cannot be fulfilled if we make such an assump- 
tion for two media. We therefore generalize the hypothesis in two 
ways: first we assume the waves to be non-uniform, i.e. the amplitude 
is to be a function of z, the distance from the interface. Secondly, we 


of its sides normal to the surface, and the other two (which are made much longer) on 
opposite sides of the surface and parallel to it. On the assumption that there are no 
surface currents, electric or magnetic, it follows at once from I and II respectively 
that the tangential component of the magnetic vector and that of the electric vector 
are continuous across the surface. There is one important case in which surface 
electric currents are present, viz. the case of a perfect conductor (that is, speaking 
optically, a perfect reflector); in this case the sole condition is that the tangential 
component of the electric vector vanishes, 
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assume that H, which we take in the y-direction, is representable by 
a purely transverse wave. It will be seén later that EB, on the contrary, 
has an x-component in addition. Thus for H our hypothesis is 


H=4,j, Hy=f(eet-*, 2 2. « (10) 


We leave the phase velocity of the wave still undetermined; it is to 
be expected that this will be determined by the electrical constants 
of the two media. With the above assumptions (10) concerning H, 
the field equations give for the components of E: 


K dE, , 4 
0=— A oo oD 

ee K 0E, , 4 
— S feiettmaled = — an a —— oe Pa: (13) 


We see from (12) that ZH, may be set equal to zero; on the other hand, 
the z-component of E does not vanish. 

The Maxwell equations (II, p. 344) also indicate that E is indeper- 
dent of the y-co-ordinate. The second of them yields the equation 


oho Has 
AR eee a 8 ee 


We now assume non-uniform waves, propagated in the z-direction, 
for H, and E, also: 
E, = 9 (zet—#!9), re rere | 


E, = h(zet-*), i 23hes> sa ee 
Substituting this value of Z, in equation (11), we have 


~oif ’ 
aa PETE . ai 
a 
From (13) and (16), hens ce 


And finally from (11), (13) and (14), 
d? 1 K Arropw . 
Of _ (#(5-F + i. + 09) 


dz v C 
The solution is fmmAe, 2. 2 1 wo ow ot CD) 
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res 


Yr & 4 : 
where p= + afor(5- St) + ae i, - « Oy 


C2 


This solution has the same form for both media. But since solutions 
increasing exponentially with z have no meaning, we must choose the 
sign before the radical in such way that for z> 0 (i.e. in air) the 
real part is negative, while for z < 0 (i.e. in the earth) the sign must 
be so chosen that the real part is positive. Denoting all quantities 
pertaining to the upper medium (air) by the subscript 0, the solution 
for this space becomes 


AL = Ae Pot efelt— a/v.) ines 42h) 
and in the ground: LpewAewee tr) gg e422) 
Also, by (20), 


2 Koto et — AToltot 
2 


9 C2 


or o_ Ky os _ 4rropnt 


e ea a 


The boundary conditions expressing continuity of the tangential 
components of E and of H, which must hold at every instant, can be 
fulfilled only if the phase velocity is the same on both sides of the 
interface, i.e. 

DE="%). a Sc. | 
Further, for z= 0, H,® = H, yields the relationship 


frites Es 5 4 a) (25) 


The tangential component of E is obtained from equation (15), using 
(17) and (20) and attending to the remark made above as to the sign 


of p: 


“ag tw(t— fa t— se/v) 
(0) cp Ae PoX gilt slo) La cpAetr*e (t—#/v - 
He + 4no,+ Kywi * * 47a + Kon (26) 
The boundary condition thus yields the equation 
a coal a oe ee e 27 
4rron + Kywt 4a + Kot (27) 


This equation, taken along with (23) and (24), suffices to determine 
the remaining three unknowns pp, p and v. If we simplify the right side 
of equation (23) by introducing the notation 


Sia AB a ay 4 Rh = by . (28) 
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. 4no + Kan 
fli Mail sles. ee 
and if we call pape q, : (29) 
2 
= — po = by 


we have - ae. «2. ee ee 
=i A" 


From this, p= tafe ar 
and then from equation (27) 


pP = — Pod: e e e ° ° ° e (32) 
Finally, from (30) and (31), 


1 1 /b— qb 
a ae mew. 


It is to be remembered that all three quantities pp, p and v are com- 
plex. By separating the real and imaginary parts of the exponential 
function it may be shown that the solution has the form 


eo Ae7" ex giv (t—x/ut s_2/w) P ae. (34) 


From this result we see that 

1. The amplitude of the waves decreases with the distance z from 
the surface of separation. 

2. The waves suffer a spatial damping in the z-direction also. 

3. The planes of equal phase are not those for which «= const., 
but are the oblique planes z/u + syz/w = const. 

By substituting the solution in equations (15) and (16) we find 
further that the z- and z-components of E show a difference in phase, 
so that the end point of the vector E moves on an ellipse, not along 
a straight line. The plane of this ellipse, however, is not normal to the 
direction of propagation, as in the case of elliptically polarized free 
waves, but contains that direction. The above analysis does not 
correspond entirely to the general physical problem, inasmuch as we 
have dealt with plane waves only, without taking the source into 
consideration. The natural extension of the theory consists in seeking 
a solution corresponding to the Hertz solution for both media, taking 
the boundary conditions into account. Sommerfeld’s papers deal with 
this problem, but the details cannot be given here.* 


* An abridged treatment is given in Frank-Mises, Die Differential und Integral- 
gleichungen der Mechanik und Physik, II. Teil, p. 641, Braunschweig, Vieweg & Sohn 
(1927). Consult also W. H. Eccles, Wireless Telegraphy and Telephony, p. 159, Van 
Nostrand Co., New York (1915). 
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3. Consequences of the Boundary Conditions for Insulating Media. The 
Optical Laws of Refiection and Refraction. 


The considerations of § 2 with regard to boundary-layer waves 
are not applicable to the short electromagnetic waves of the optical 
range, for the reason that each radiating atom is so far from boundary 
surfaces (compared with the wave-length) that it may be considered a 
free radiator in a uniform medium. However, if a wave sent out from a 
radiating atom encounters the surface of separation of two different 
media, part will be reflected and part will be transmitted. We assume 
the source to be so distant that the wave may be considered plane. 
We also deal, at first, with wave surfaces of unlimited extent. 

It is assumed that the two media show no absorption, so that they 
are insulators, and the interface is taken to be the zy-plane of a rect- 
angular system of co-ordinates. Let 2, the direction of the incident 
ray, be in the zz-plane. For the present we do not wish to make any 
special assumptions regarding the directions 7’ of the reflected ray 
or #” of the refracted ray. Assume that the planes determined by 
each of these directions and the z-axis make angles ¢’ and ¢” respec- 
tively with the az-plane. Denoting the angles of incidence, reflection 
and refraction by 0, 0’ and 6” respectively (see also fig. 1, p. 351), 
we have 


wm =tsin0+ &cos8 
wm’ = tsin@’ cos¢’ +7 sin® sing’ — Rk cos6’ 
me" = 2 sin 6” cos¢” + 7 sin @” sing” + R cosd” 
The electric vectors of the three waves are then 
E = Aeio(t—am,/c) — Aeivtt—(% sin 6+ cos 6)n,/c} 


(35) 


be A’ ele’ (e— a’ ry |) +18 

= A’e" t—(xsin 0’ cos ¢’+y sin 6’ sin 6’ —z cos 6’)n,/c$+88" (36) 
E’ — Ale" (t—a°’rnlc) + 18” 

— Ae" t—(x sin 6” cos¢” + y sin 0” sin 6”-+2z cos 6”)ny/c | +86" 


while the magnetic vectors are given by 
Ky K, aa eT 
p= [Sine w= [Sey w= [Se (7 
ia fia Fe 


At the interface we must have, for any values of @ and y, at any 
instant 

E,+ E,’ = Ey” 

E,+ E, = E,” 


H,+ 4H, = Hi,” 
H, +H, = 4," 


. (38) 


and Di. » 2 SOO) 
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This is possible only if the exponents of e agree in all three terms, 
This implies 
w =o’ =a, a ee 


i.e. there is no change of frequency for reflection and refraction at a 
stationary surface of separation of two media. A second consequence 1s 


8 =8"=0 or 7 «..... (42) 


which means that if any phase change occurs at the interface, it must 
be w. Further, comparison of the exponents yields 


#= 4" =0, 


i.e. both the reflected and the refracted rays lie in the plane of inci- 
dence—the plane determined by the incident ray and the normal to 
the surface; this is the xz-plane in our case. Finally, we obtain 


ee ee 


the law of reflection: The angle of incidence is equal to the angle of re- 

flection; also 

n, sind = ngs”, 2. . . . 5 5 1) 
sinO M1, __ ; 
ane” = my =n, * e« © © @ «@ (43 ) 

the law of refraction (Snell’s Law): The sine of the angle of incidence 

is equal to the product of the index of refraction and the sine of the angle 

of refraction. (See also p. 371.) 


or 


4, Polarization and Intensity Relationships for Reflection and Refraction. 
Fresnel’s Formule. 


The laws derived in the last section are also obtainable from almost 
any wave theory of light—in fact, from very elementary considerations. 
A more severe test of the electromagnetic theory is furnished by the 
question of the intensities of the various waves. While elementary 
wave considerations are of no help here, the electromagnetic theory 
gives the required answer directly from the boundary conditions. The 
equality of the exponents, which follows from the continuity of the 
tangential components and which is expressed by the laws of re- 
flection and refraction, yields the relationships (when we assume that 
Ha = Hs) 

A,+ A, =A,". . . . . « © (44) 


ADE AMA. 6 nn « ee 
[72A]e + [72'A’]o= n[ve"A"],. . . . - (46) 
[eA], + [22’A']y = n[e"A"],. 2 2. . (47) 


XVIII] TWO ADJOINING MEDIA 351 


In component form, 
[72A],—— A, cos 6; [72'A’],—=A,’ cos 6; [72""A’"],—— A,” cos6”. (48) 


[~A], = — A,sin#+ A, cos; [7'A’], = — A,’ sind — A,’ cos; 
[x2A"]y= — A,’ sin” +A,” cos6”. . . (49) 


This resolution, however, is not the one appropriate to the physical 
problem. The natural resolution is 
that into one component in the 
plane of incidence and another nor- 
mal to this plane. In what follows 
we assume the light to be linearly 
polarized, ie. the electric vector 
remains in a given plane, called 
the plane of vibration of the light. 
On the other hand, we shall avoid 
the use of the phrase “plane of 
polarization”, for this term is 
usually employed for the plane of 
the magnetic vector, and this is less 
important for the effects produced 
(e.g. the photo-electric effect) than 
is the plane of E. The component 
of the vibration normal to the 
plane of incidence is denoted by the 
subscript s and is given the direc- 
tion of the positive y-axis for all three rays: 


a a Ar A, . . (50) 


The positive direction of the components in the plane of incidence, 
which are characterized by the subscript p, is so chosen that it is ob- 
tained by rotating the direction of the ray through +90° in the plane 
of incidence. We then have (cf. fig. 1) 


Fig. 1 


A, = A, cos8 

A, =-— A,’ mal . (51) 
A. =A, cose 

A, =—A,sin8 

A, =— A, sin8 |. fo. se WOR) 
A,’ =—A,’ sin” 


Substitution in equations (44) to (49) gives 
(A, — A,’)cos9 = A,” cos”. . . « ~ (53) 


Ay A”, oe em, ae Ge 
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(A, — A,')cos0= nA,” cos0”. . . . « (55) 
A,+ A,’ nr ar ren |) 


These are four equations for the four unknowns 4,’, A,’, A,” and A,”. 
Their solution is very simple. We have at once from (53) and (56) 


, ., neos8—cos6” , sin20— sin26” 
4, =A, ncosé + cos@” A, sin 26 + sin20’”’ en) 
or 2 aes .. OP) 


? tan(0 + 0”) 
Likewise, from equations (54) and (55), 

sin(@ — 0’) 
*sin(@+ @”) 
Further, by substituting these values in (53) and (55) we have 
a 2 sin 8” cos8 

? sin (6 + 6’) cos(6 — @”’) 


2 sin 8” cos@ 


sin (6 + 6”)° ® . e e e 


oh eee (58) 


A,’ = . . (89) 


and A’ => Ay (60) 
The equations (57) to (60) giving the relationships between the ampli- 
tudes of the rays are known as Fresnel’s formule, after their discoverer. 
The negative sign in equation (58) has the following meaning: 
If 06> 6”, ie. if the ray encounters an “ optically denser ” medium 
(n > 1), A, changes its direction upon being reflected. On the other 
hand, for (0 + 0”) < 7/2, A,’ has the same sign as A,, but the positive 
direction is now reversed (p. 35] ), so that both components change sign on 
reflection from a denser medium, which means that the electric vector has 
a phase change of 7. This jump in phase is of importance in several in- 
terference effects that depend on difference of optical path, and must be 
taken into account by the addition (or subtraction) of half a wave-length. 
The ratio of the amplitude of the normal component to that of the 
component parallel to the incident plane gives the tangent of the 
azimuth u of the plane of vibration. Division of equation (58) by 
equation (57’) gives 
cos (0 — @’’) 
cos(9+ 6” * * * 


| tanw’ | = tanu (61) 


and similarly, from (60) and (59), 
| tan u” | = tanucos(@— 6”). . . . . (62) 


From these results certain others follow. 
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: In the first place, (61) shows that for 6+ 0” = m/2 we always 
ave 


[tanu’j=o0, woe ..... (61) 


Thus, if the reflected and refracted rays are perpendicular to each 
other, the plane of vibration of the former will be normal to the inci- 
dent plane; as we may say (see 57’), the component in the plane of 
incidence will not be reflected at all. If, then, we have ordinary light 
—1.e. light whose planes of vibration have any random orientations— 
reflected under these conditions, we obtain plane polarized light whose 
plane of vibration is normal to the plane of incidence. In the older 
literature the incident plane in these circumstances is called the plane 
of polarization, and is the plane of the magnetic vector. 

If we combine Snell’s Law (p. 350) with the condition 0,-+ 0,” = 7/2, 
we obtain the following relationship for the polarizing angle 6,, i.e. the 
angle of incidence for which natural light is converted into plane 
polarized light: 

ss sw wt we (G0) 


This is Brewster’s Law. For the reflection of ordinary light at any 
other angle we obtain partially polarized light, for then the com- 
- ponent in the incident plane is also reflected, although to a different 
degree from the normal component. Since 6 and 6” cannot be greater 
than 7/2, we have for the reflected light 


|tanu’|]>tanu, .... .. (64) 


i.e. the plane of vibration of plane polarized light is turned farther from 
the plane of incidence upon reflection. 

According to (62), we see that the plane of vibration of the re- 
fracted ray is turned toward the incident plane, but never comes quite 
into coincidence with it. Nevertheless, since the direction of this 
turning does not change when the ray emerges from a denser medium 
—cos(6 — 6’) having the same sign, whichever angle is the greater— 
we can polarize ordinary light to a high degree by sending it through 
a number of plane parallel plates separated by air films. This is the 
so-called “‘ pile of plates ” for polarizing light by refraction. 

For normal incidence Fresnel’s formule give indeterminate values, 
but the solution of the system of equations (53) to (56) (p. 351) is 
particularly simple in this case. The results are 

; n—1 4 2A 
A, =A, n+1 A,” = z 


ay (eects 
A, = Ao A, 


~ + - (65) 
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For perpendicular incidence there can be no difference between | A, | 
and | A,|, since the plane of incidence ‘is entirely undetermined in this 
instance. The reflecting power R is defined as the ratio of reflected to 
incident intensity for normal incidence: 

I’ A" (w= 1? 


R= I A (n+1) e ® e e (66) 


Hz. 95. The degree of polarization is defined as the ratio 


I,—I 
(Doe 2, 
I,+ 1, 
What is the value of P for reflection from glass (n = 1-5) at an angle of inci- 
dence of 45°? 


Ex. 96, Show that a balance of energy flow is maintained for reflection and 
refraction by an insulator. 


5. Total Reflection. 
The law of refraction (Snell’s Law), | 


ange 
n 


leads, when 6 exceeds a certain value, to values of sin 6’’ which are 
greater than unity—i.e. to imaginary values of 6’’—for light passing 
from an optically denser medium to one which is less dense (n < 1). 
The elementary theory contents itself with this observation and con- 
cludes from it that no light whatsoever passes over into the less dense 
medium—in other words, the reflection is total. But since we have 
already used complex functions in our analysis, we need not be dis- 
turbed by complex values of 4’; as a matter of fact, we obtain very 
important results by extending the Fresnel formule to include this 
case. In these formule (p. 352) we thus put, if sin? > n, 


sin 6’ = <a) cos6” = V/snt?O@— nt (67) 

and obtain id es 

— 

£e2 sin 6 cos 6— sin 6” cos 6” _ oe (68) 

4 ?sin@ cos@-+sin@” cos6” — ” = ane 

cos 8+ — 4/sin? 6 — n? 
n 


The complex quantity by which A, is multiplied is of the form 


Pe Se 
pert? ae : 2 ° e e e e e e (69) 


Vv sin?@ — n3 


where tan d = sages 0 


Ds. G0) 
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As appears from (36) (p. 349), 
ie — Agere... (71) 

the component of E in the incident plane undergoes a change of phase 
of —2¢ for total reflection. Similarly we find 
»_ 4 Cos8 — ¢+/sin?6 — n2 
*cos@ + iv/sin?@ — ni? 
__ Vsin? 6 — n? 
cos 


= A,e-*#, » , (72) 


where tan x ere er if) 


Thus the phase changes are not the same for both components; the 
components are displaced relative to one another. But this means that 
the originally linearly polarized light, in which the electric vector 
remains in a given line in a plane normal to the ray, becomes ellipti- 


cally polarized, i.e. the end point of E describes an ellipse. The phase 
difference 5 of the components is given, according to the above, by 


S=2Ad—p) . . 2... (7) 


In order to determine 5 we consider the equation 


Ua Le | 1 
tan ¢— tan ys iM ae eo 1) 


5 — 
nai { a n* cos? 6 } 
After a simple reduction this becomes 
8  cos@V sin?6 — n? 
tans = a) © ies Sets (76) 


Since the complex numbers by which A, and A, are multiplied have 
the modulus 1, the amplitude is not diminished, and the term “ total 
reflection ” is justified. 

The results obtained by applying the Fresnel formule to the second 
medium where—according to the elementary theory—nothing should 
occur, seem quite remarkable at first sight. Since the angle 6” be- 
comes complex for values beyond 7/2, we set this angle equal to 
7/2 + 4B and use the formule 

cost B = cosh B; sintB = i sinh B; cosh*8 — sinh?B=1, (77) 
i.e. sin 0” = cosh B = — 


cos” = — ésinh B= — ~ Vain? @— mil . « (78) 
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We then obtain 
x cosh B a #2 sinh8 


BE” = arte (t c/my c/ns ) 


_wz sinh 8 io(-* coshp 
=A”’e cm @€ a eS 


This represents a non-homogeneous wave whose amplitude decreases 
with extreme rapidity as it penetrates into the second medium. A 
numerical example for glass and air (n = 2/3) shows that for 0 = 60° 
the amplitude decreases to 1/180 in travelling a distance equal to the 
wave-length. These waves are propagated along the a-axis with the 
phase velocity c/(n, cosh B). It becomes easier to understand that there 
is a wave running along the interface in the second medium if we re- 
member that a similar condition arises in the first medium when we 
have an unlimited beam. The following transformation (cf. p. 67) shows 
that the superposition of incident and reflected waves results in a con- 
dition which may be looked upon as a harmonically modulated wave 
front travelling along the boundary: 


_* sin @+2 cos 6 x sin@—z cos9\ 4 5s 
Pp 


B+ Egg ee) eee Cae 
= 2A, cos (= oat + - oe aed . . (80) 


c/n, 


The state of affairs in both media may be represented by a diagram of 
the type shown in fig. 2, in which the 
phenomenon in the second medium is 
represented as a continuation of the wave 
in the first medium. With regard to 
experimental attempts to verify the exis- 
tence of the “layer of light” in the 
second medium, the objection might be 
raised that the wave would be disturbed 
by any such experiment, and hence the 
reflection in the first medium would no Rarer Medium 
longer be total, Nevertheless, it would Fig.2 
be justifiable to extrapolate from a very 

small disturbance in the second medium to no disturbance whatsoever. 
As long as no disturbance is present there will, on the average, be no 
transfer of energy into the second medium; for if the Poynting vector 
S is calculated it is found that at any instant there are places where 
energy enters alternating with places where energy leaves, and that 
these locations themselves change periodically. 


Modulated Wave Front 


Denser Medium 
"Amplitude 


Ex. 97. What index of refraction with respect to air must a substance have in 
order that circularly polarized light be obtained by one total reflection? At what 
angle must light be incident on the surface of separation of glass and air (n = 2/3) 
in order to obtain circularly polarized light by two total reflections? 
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6. Absorbing Media. The Optics of Metals. 


In considering the propagation of plane waves in conducting 
media (Chap. XVII, § 4, p. 333) it proved necessary to introduce a 
complex index of refraction, the quantities » and « being functions 
of K and oc. For optical frequencies, however, we are not permitted 
to use the statical values, since these quantities vary considerably 
with frequency for short waves. For this reason we characterize a 
conductor by m and « instead of by K and c in the optical region. 
If desired, these quantities might be calculated from n and kK, using 
formula (23) (p. 334), but this would yield nothing essentially new 
for the optical region. The connexion with the electrical values does 
become effective, however, at the long infra-red frequencies. 

We must thus substitute 


ee 
sin 9” = nl — tx)" to SD 5 cee (81) 
1 : 
i = el 2 care 2 — gin? ° e e@ 
cos 8 ara Vn(1 — ix)? — sin? 6, (82) 


in the Fresnel formule. The ratio A,'/A,’ is again complex, i.e. there 
is again a phase difference between the components in and perpen- 
dicular to the plane of incidence, as in the case of total reflection. The 
reflected light is elliptically polarized. 

We thus write 


A, __ A, cos(@— 6”) A, 


_—_ = es 48 
a Gao 2-7) 


If we remove the difference in phase by inserting a compensator (a 
suitably cut crystal plate) which produces the opposite phase dif- 
ference, then the azimuth of the restored plane of vibration becomes, 
according to (83), 


’ pele _ A, 
jtanu’| = |55|= pS. ~ - © os) 


By writing the complex number 
cos (6 — 0”) 
cos (0 + 8”) 


in the form pe we can find the phase difference 5 as well as the real 
quantity p of (83) for any angle of incidence; this determines the 
ellipse of vibration. In general, this ellipse will be placed in some 
arbitrary position in the plane normal to #’. There is, however, a 
particular angle—called the principal angle of incidence @* for which 
the ellipse is so placed that one axis falls in the plane of incidence. In 
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this case the phase difference between A,’ and A,’ is exactly 7/2. The 
azimuth of the plane of vibration restored by inserting a compensator 
which nullifies the phase difference 7/2 (a so-called quarter-wave 
plate, usually made of mica) is called the principal azimuth u’*, the 
azimuth of the incident light being assumed to be that of the plane 
at 45°. Hence 
Al wee 1 + tan 6* tan 6*” 

A, ‘P= + T—tan6* tand®” - ae 


It follows from this that 
tan 6* tan 6*” = eos ah a ee We (86) 


where tan y = ; = cotu’* 
(cf. equation (84), p. 357), and hence 


x=5-u*. es aes, © 


The auxiliary angle x introduced here as an aid to calculation is 
thus identical with the complement of the principal azimuth u’*. 
If we substitute the values of sin@*”’ and cos 0*” from equations (81) 
and (82) in the expression tan 6* tan 6*’’, we have 


Me ain AX 
tan 6* sin @ — gai 


a/nX(1 —ixf?—sin?O* =~ ~~ * 


Separation of real and imaginary parts gives two equations for the 
unknowns ” and x in terms of the observable quantities 0* and u’*. 
The actual values of » and « are such that | (m — tx)? | > sin?6*. 
Hence, if we neglect sin?6* under the radical, we obtain very simple 
approximate formule which are sufficiently accurate for most pur- 
poses. Thus : 


(88) 


tan @* sin 6* 


ENE ed 
n(1 = 1K) é x, e e ° ® ° e (89) 


Comparing moduli and amplitudes of the complex numbers, we obtain 


tan 6* sind* = nv + x2 | 


z s s 90 
« = tan 2x (90) 


It follows that 
n = tan 0* sin @* cos2x 


k = tan2y } ee @¢ ¢ (91) 
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From equation (65) (p. 353) the reflecting power of metals is seen 
to be determined by 
AD ee ae 
A n+l—in be 


=Fete-A,  , , (92) 


The intensity depends only upon the ratio of the squares of the ampli- 
tudes. The reflecting power is thus given by 

r-(2 ea te + 1 — 20 

b (n +1)? + n2%e2 0? + ne? +1 + Qn 


(93) 


The greater the value of «, the nearer the value of this fraction ap- 
proaches to unity. Hence all wave-lengths which are strongly absorbed 
are strongly reflected. Hence the colours of such substances by trans- 
mitted and by reflected light are complementary, and a thin film of | 
gold, for example, appears blue by transmitted light. 


If a plane wave is incident obliquely on the surface separating a metal from 
a vacuum, the refracted wave is inhomogeneous, i.e. the planes of equal amplitude 
are no longer identical with the planes of equal phase. This is the case because 
the various parts of the wave front (which is a plane of constant phase) have 
traversed different thicknesses of the absorbing material. Reviewing the derivation 
of the law of refraction (p. 349), one sees that this law must hold even when the 
index is complex; indeed, the Fresnel formule, which involve the refractive index, 
were applied to metals. On the other hand, if we examine the sine relation with- 
out troubling about absorption, a lengthy calculation shows that the ratio of 
sines depends on the angle between the planes of equal phase and the planes of 
equal amplitude, and so must depend on the angle of incidence. Hence for the 
refraction itself the familiar law no longer holds. Because of the strong absorp- 
tion, however, the refracted waves are only slightly inhomogeneous, so that this 
remarkable phenomenon is very inconsequential in practice. 


CHAPTER XIX 


ELectromaGnetio Waves. III: PRopaGation IN ANISOTROPIC 
Mepis. THE Optics or CRYSTALS 


1. The Field Equations for Anisotropic Bodies. 


For anisotropic media—we have in view chiefly crystals which do 
not belong to the regular system—the relationships are more complex 
in that the polarizability of the atoms cannot be expressed by a simple 
scalar, as in the case of a free atom, for which this quantity averaged 
over all orientations is the same in all directions. Since it is part of 
a crystal lattice, the atom is no longer perfectly free to turn and hence 
it is no longer possible to average over all orientations. Also, in addi- 
tion to that due to the character of the atom itself, a further element 
of anisotropy may be introduced by the presence of neighbouring atoms. 
If the polarization is different for the various components of E, the 
vector P no longer has the direction of E. One thing, however, 
must be preserved: the linear connexion between P and E. P thus 
becomes a linear vector function of E, and hence the susceptibility 
is a tensor: 

Real Ex aun. ee. see 5 (E 


But the vector of the dielectric displacement D also becomes a linear 
function of E, and the dielectric constant is now a tensor: 


D=E+4nP=E+4nVE=0E. ... (2) 
In component form, 


Dz = KyBa+ KyB,y + KysE, ) 
D, = Kyk, sa Ky, =e K,3E, f ~ « = 3) 
D,= Kk, + KyH,+ K53k, 


Since we deal principally with transparent crystals, ferromagnetic 

bodies, which at the same time possess metallic conductivity, do not 

come into consideration, and we can set the permeability equal to 

unity. With this stipulation, the second field equation remains un- 

changed. How must the first field equation be written for the present 

case? Since every change of polarization means a motion of electric 
860 
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charges, or a current, of density OP/ot, we have in general for all media 


_10E , 47 0P 10D 
curl H = - Ot eo oe oe co he (4) 
If we consider the derivation of the field equations in Chap. XVIII, 
§ 1 (p. 343), which was based upon perfectly general principles, we see 
that in order to obtain the form (4) we must make the following as- 
sumption for the energy density in the general case, i.e. for anisotropic 
media: 


Ue ==> ED. . ° e ° . e e (5) 


The energy flux vector, which contains only E and H, continues to 
be given by 


c 
= (EH). 
The conservation of energy is thus expressed by 


¢ = ee 2 
f = [BH] ds = * gz [ (ED + B)dr, feani6) 
or 
c | 
j, fH curl E — Bourl Hyde = — 5 - [ED + B)dr 


1 aD _0E oH 
=f Get Dy + Se de, emis) 


We again obtain the field equations as on p. 344 by equating separately 
the factors by which E and H are multiplied. For the second equation 
this offers no difficulty, but the first equation in the form (4) results 
only if 

oD dE 


Ea ae cee 


But this means that ® is a symmetric tensor, for if the component 
form of the condition, viz. 
OL, 


aE 
Eyb, =! + yb. 5 + KysE 


E, OB 
4 Kyl, 2 + Kyalt, =? + Kual, 


OF, 
Ot 
oH, 
“Ot 

OE, OE Oz, 
+ KyFk, Ot =f Kel, e+ K,3k, Ot 
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oR, OE, OE, 
arr + ay t Masks Gy 


* ot 
CB OE. oF , 
ogg t Mabe ap + Kale sip ©) 
aE, OE, 


OE, 
et Ot Ot 


men Fhe 


a= | iH Poe 


+ Kk + KH + K53H 


is to be valid for all values of F,, H, and E,, we must have 
K ik K ki: « 6©« e¢ e ee ee @ (9) 


In this case the connexion between D and E may be visualized by 
means of the tensor ellipsoid. If we put E= 7* and draw the surface, 


Dy = Kya? + 2K, ty + Kooy? + 2K oy2+ Ksy*+ 2Ky2e=1, (10) 


then, according to p. 37, the direction of D is given by the normals to 
the surface, while its magnitude is the reciprocal of the projection of 
y on the normal. In what follows we shall employ only the co-ordinate 
system of the principal axes, in which system the equation of the 
ellipsoid is 

Kz? + Kyy? + Kyz? = 1, » . + (12) 


K,, aan ae are called the principal dielectric constants of the crystal. 
The axes of the ellipsoid are proportional to the quantities 
1 1 1 
VK, VEy VEm 
Now, in an isotropic body, the velocity of light is c//K. Similarly, 
we call the quantities 


ace.. ay ee 

VE, a/ Ky V Kon 
the principal velocities of light in the crystal. The axes of this so- 
called Fresnel ellipsoid are thus proportional to the principal veloci- 


ties of light. In the system of the principal axes we have the simple 
relationships: 


Dy = Ky y, Dy — Kyky, Dy=KyEy, . (12) 
However, since K,, K, and Ky, are unequal, the resulting vector D will 
no longer be parallel to E. 


* Of course, this relationship must contain some dimensional factor, since we 
cannot set an electrical field strength equal to a length. Such a factor, of magnitude 
unity, is assumed to be contained in this equation. 
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In this same co-ordinate system we also have, by equa- 
tion (12): 


Ey = : 


D,, f,= = D,, E,= s 


EK, Des cit0G) 


23 J 
K, K qi 


i.e. the principal axes of the Fresnel ellipsoid are also the principal 


axes of that tensor ellipsoid which, reciprocally, gives E as a function 
of D. Its equation is 


ees. (14) 


Thus the axes are proportional to the square roots of the principal 
dielectric constants—that is, the principal indices of refraction. The 
figure is thus called the indez ellipsoid. The corresponding tensor is 
denoted by ®~}, and so 


E = @- D. e e ° e e ° e (15) 


2. Plane Electromagnetic Waves in Anisotropic Media. 


We assume the electric vector to be representable by a plane wave 
whose planes of equal phase are taken normal to the unit vector 7. 
Let the phase be propagated in the direction of #2 with the velocity v. 
Thus we have 


n=ne(-o). 2... . 08) 


We then have, from the second field equation, 


- = —ecurlk,e”('-F) = o[ B, grade (-F)], (17) 


Since grad rz = m, we obtain after integration with respect to ¢,* 


H=< (=F) ge mF), s,s) 
and Hy = = [70E)}. oe 


Thus the magnetic vector is normal to the plane of E and #2. 


* For lf we put rn = wu, grad u becomes equal to m and 


grad elu (t—u/v) = — i gl (t —u/v) grad ty 


ne (E,, grad eo (¢—Fale)) = *e iw (¢ - raiv) (nE,). 
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However, we do not yet have any information regarding the angle 
between E and 7. From the first field equation, 


° n , ° fa 
oD e curl H = c curl Hye” 7 — f(t =) [eH (20) 


Integrating, and inserting (19), we obtain 


Dp== S&(-9) [x2[7E,]] = p (3). (21) 


This signifies that D is normal to #. With respect to D and H we thus 
have pure transverse waves. From (21) we obtain an equation which 
is of fundamental importance in what follows: * 


c 
D= 3(E— 2° mE), 
” ; re, 
or ga D—E+u-nE=0 


This equation states that D, E and # 
lie in the same plane—H being normal 
to this plane, as we saw above. But 
the vector 


c 
B= — [EH] 


also lies in this plane; moreover, 8S 
forms the same angle @ with # as does 
E with D (cf. fig. 1). 8 gives the direc- 
tion of energy flow; this means that a 
bounded portion of the wave front 
travels in this direction while its normal 
continues to have the direction of #2. 
The phenomenon is to be compared 
with a company of soldiers executing a 
“right oblique”. As may be seen directly from the figure, the velocity 
of the energy flow is 


Fig. 1 


0 
V —— cos 0° e e e . s e ° (23) 
V is also called the ray velocity. 
If we decompose (22) into components referred to the prin- 
cipal system of axes, with which we suppose # to make angles 


* The subscript 0 is now omitted, since the equation is true for the instantaneous 
values E, H and D as well as for the amplitudes E,, Hy and Dy. 
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a B, y; and if we express E in terms of D in the second term, 
en 


1 2 
(7 — ) De = HB cose or Bi, ME cee 
ae: 


: 

kK, ¢ 

Similarly, _ “Ecos 
— Del 

K, ¢ 

nE cos 

D= il = 

En ¢& 


The scalar product Dzz vanishes, since D is perpendicular to 7. If we 
express this product in terms of the components given by (24), and 
if we divide by the non-vanishing product Ezz, we obtain the relation- 
ship 


cos? a cos? B cos? y 

im ee ee 

K ¢ & © Kk ¢ 

This is a quadratic equation for v? in terms of the components of 2; 

hence to every wave normal there correspond, in general, two phase 

velocities. For the direction of the 2-axis, for example, we have 
cosa = 1, cosB = cosy =0. Hence 

2 2 

v2=— and Wa 


Ka Ke 


e 


We may therefore replace c//K;, . . . by the principal velocities 
Uy» tz and U,,, and thus obtain the more elegant form 


cos?a cos? B cos? y ’ 
—— —" | ae 25 
ae ee ae oP ? e ( ) 


If we know the values of » corresponding to a given direction—call 
them v’ and v’’—we obtain the directions of the corresponding vectors 
D’ or D” by substituting v’ or v” in the following equations which 
come from (24): 


cosa _ cosB | cosy (26) 
Ve — v2 oy? — v2 Op? — v* 


D,: Dy: D, = 


These two directions are mutually perpendicular, for we have 
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cos? a cos? B 
nh , W\ 74 : 
eT ee =a (v2 —v'?) ‘ (0p? — 0?) (vg? — 0”) 
cos? y 
1 (Qn? — 0”) (Og)? — 7 aa 22 
Now we also have the identity 
cos* a cos?a _ (v2 — v'") cos?a (28) 
OOP ere A oe e 
ve —v? we—v? (v2— v2) (2 — 0)’ 
whence 
D'D" = (#2E’) (#2E’’) A cos? a = cos? a cos? B = cos? B 
yt — y!2 vwe—v? v2—v'2 ' yF—v2 oy? — 08 
cos? y cos? y - 
+ o3— rr) ar 


But since v’ and v” are the roots of equation (25’), the sums of the 
positive and negative terms vanish separately which proves our state- 
ment. 


The direction of D may be determined geometrically, using the index ellipsoid: 
Cut the ellipsoid by a plane normal to #. The principal axes of the resulting ellip- 
tical section give the directions of D’ and D”. Proof: The principal axes are 
characterized by the fact that v? is an extremum for these directions, with the 
auxiliary condition that the terminus of y is in the plane xz = 0 as well as on 
the ellipsoid yD» = 1, The extremal condition gives 


ror = 0, o «© © © © @ @ @ @ (29) 


and the variations of the auxiliary conditions are 
ndyr=0 and 8rd'y=0*, . . . « « © (30) 


Introducing the Lagrangian multipliers 4 and p, we obtain the equation 
r + An 4. uO lr = 0. ° e * @ e ° (31) 


Scalar multiplication by y and also by » yields the following equations, since 
vn = Oand rO yr =): as 


B= —7, 
A= ruOy, 


whence + n.nO r—Otr=0. 2. 2 we (82) 
r 


aH A = D/p in the index ellipsoid—p being a factor of proportionality—we 
obtain 


p? » z ] 
piD— O71D+ #.nO ‘D= 4 D—-E+%.nE=0. » (33) 


* For according to the way the index ellipsoid was introduced, E = ®-1(r) has the 
direction of the normal, and the condition that the variation $y remains on the ellip- 
soid means that 5» must be perpendicular to E. 

¢ The introduction of the factor p is necessary when comparing equation (33) with 
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Identifyi #/D* with v*/c®, we s ig i i i 

aie ying P a Pies a te that this is precisely equation (22) (p. 364). 
Having thus found the two vectors D’ and D” corresponding to 

a@ normal z, the directions of the associated vectors E’ and E” are 

given as those of the normals to the ellipsoid through the termini of 

D’ and D”. These are, in general, not mutually perpendicular. The 

vectors H’ and H” are normal to the planes of D’ and # and D” and 


respectively. There are two rays corresponding to each wave-normal, 
VizZ.: 


Ly osehlee ‘yy’ mw _ © Viyyit 
S’= [EH] and 8” = 7 [E’H’]. 


We designate the corresponding unit vectors by s’ and s”. 

While the direction of #2 leaves an ambiguity, that of D determines 

mw as well as E and §, and the magnitude of v uniquely; for #, on 

one hand, must be in the plane normal to D, and, in addition, the 

vector E is uniquely determined for a given D by the index ellipsoid. 

Since # must lie also in the plane of D and E, the intersection of the 

two planes gives the direction of #. The magnitude of v is obtained 

most simply from equation (22) (p. 364): If we multiply this equation 
scalarly by D, we have 

y CVED _ ,VDO"D 
we a 


On the other hand, if we start with the direction s of the ray, we 
obtain completely analogous relationships in which D and E have 
interchanged their réles. The fact that D, E and s lie in one plane 
may be expressed by the equation (cf. Hx. 2, p. 10): 


Del cMiigiaieO. . . s+ 5 + (3) 


(34) 


The coefficients a and f are obtained by scalar multiplication of this 
equation by s and by # in turn: Since s is normal to E, multiplication 
by s gives 
p=-—Ds, 
and since # is normal to D, multiplication by # yields, after inserting 
the value of £, 
(Ds) (s7) 
a = So 
Ex 


But from equation (22) (p. 364) we have 
on 
Ds = — a (xs) (Ez), 


equation (22), for otherwise if we put » = D, comparison of these equations yields the 
meaningless result D? = c*/v* 
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so that 
_ .@ eo ee ae 
a= = es) = — cos i yr 

Then we have 
a 


y2 


Comparison of this equation with (22) shows that D and E are inter- 
changed, and that c?/V? appears in place of v?/c®. 

If we denote the components of s—i.e. the direction cosines of the 
ray—by cos A, cos B, cosI’, and express the first D in (36) in terms of 
E, we obtain the component equations 


E—D+s.sD=0. .... . (36) 


BE, —DS ae /=Ds my Re —- (37) 
pw  Fa-p i 


Using these components to express the vanishing of the scalar pro- 
duct Es and replacing K,, ... by c/v?, ... , we obtain the 
equation 

v; cos? A , v,? cos? B | vp? cos? 

v2 — V + v2 — V2 — a2 — V2 0. . . (38) 
This is a quadratic equation for V? as u function of the direction of 
the ray. The directions of the corresponding E’ and EH” are obtained 
as for D’ and D” above, either analytically from equation (37) or geo- 
metrically as the axes of the ellipse cut from the Fresnel ellipsoid by 
a plane through the centre and normal to s. The corresponding vectors 
D’ and D”, which are not mutually perpendicular, are then found 
from the ellipsoid in the usual way. As demonstrated for D above, it 
also may be shown that E uniquely determines the wave. 


3. Normal Surface and Wave Surface. The Optical Axes. 


We now consider an optical disturbance spreading outwards from 
a point. This point need not be an actual source of light, but, as we 
shall see in the next chapter, may be any point of a wave front. We 
shall find that under certain conditions the so-called Principle of 
Huygens permits us to consider any such point as a new source of 
light. We may represent the light emanating from O in such way that 
a surface element—a portion of a plane wave front—travels in each 
direction. After one second, these wave fronts have travelled a dis- 
tance v in the direction of their normals. If we measure off the corre- 
sponding segments OP =r=v on these normals, the end points 
form a surface called the normal surface. However, each of the actual 
elementary wave fronts does not lie on this surface, but somewhere 
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to the side of the corresponding point P (see fig. 2). Moreover, all 
elementary wave fronts emanating from O lie on a new surface called 
the ray surface or wave surface. First let us consider the normal sur- 
face. We obtain its equation by putting r in place of v and a/r,... 
in place of cosa, . . . in equation (25’) (p. 363): 
(va = 19) (Un — 79)2% + (034 — #2) (0,2 — 1°) y2 
+ (v2 — r*) (v2 —7?)2=0. . . (39) 


This is a surface of the sixth degree Normal Surface 
and consists of two sheets, corre- 
sponding to the fact that there are 
two phase velocities for every direc- 
tion. We wish to consider the curves 
of intersection of this surface with 
the co-ordinate planes, which—as 
planes of symmetry of the tensor 
ellipsoid—are of particular impor- 
tance. The intersection with the 
plane y = 0, for example, yields 
(Un? — 7) (Ux — 1°) 2? 

+ (1% — 2°) (Og? — 77)2? = 0. (39’) 
This curve consists of the circle 7? = 
v,2 and the oval of fourth degree ; 
(Um? — 12) a2 + (v2 — 7?)2=0. If alee 
we now assume that v, < v, < v,, we see that the circle and the oval 
have real points of intersection in the plane y = 0, and only in this 
plane; for if we put r = v, in the equation of the oval, the coefficients 
of 22 and 2? have different signs, and so the equation can be satisfied 
by real values of x and z. The directions of the lines drawn from the 
centre to these points of intersection are given by 


2. 4 2 
ee ee ne C1) 


These directions are called the optical axes, since in these directions 
there is but one phase velocity v. The wave normals coincide with one 
of the axes, and we take the one that goes with the positive sign of the 
root. The direction cosines of the normals are 


u Zs gly cosB = 0 
Ch — A a TD? ey 
V{1 + tan?a) On — 0; . (41) 


Setting these values into (25’) we get the single value of the phase 
velocity v' =v” = vq. But then the Y-component of D is indeter- 
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minate, since cos 8 as well as (1/A,,) — (v,7/c”) vanish in (24). For 
D,/D, we get, as we must, —cota, since D is always normal to z. 
Whatever value we assign to the Y-component, D remains perpen- 
dicular to #, and so D may assume any direction in the plane normal 
to 7. 

On the other hand, the geometric construction must always furnish 
two axes of the ellipse of intersection. The contradiction is only an 
apparent one, the explanation being that the elliptical sections are 
circles in this case. Hence the optical axes are normal to those sections 
of the index ellipsoid which are circles. 

Since the axial direction lies in the wz-plane, the y-axis is one of 
the diameters of these circular sections. This is important in what 
follows. But since a circle has no uniquely determined axes, the direc- 
tion of D is undetermined. Thus the associated ray is also undeter- 
mined. It is not correct to conclude, however, that the various possible 
directions for the rays are obtained by rotating the entire vector 
system of fig. 1 (p. 364) about z, for the angle between D and E— 
- which is the same as that between # and s—depends entirely upon 
the position of D. Moreover, 7 is not the axis of the cone containing 
the several rays, but is itself one of the generators; since the y-axis 
is a diameter of a circular section, it is also a permissible direction for 
D, but D and E have the same direction in this instance, so that s 
and 7 coincide. 

If the magnitude of vy; approaches that of vg, the angle between 
the two axes becomes smaller and smaller; in the limit vg, = v,, both 
axes coincide with the x-axis, and the circle touches the oval at the end 
points of the axes which coincide. This is the case for a so-called 
optically uniaxial crystal. Here the Fresnel ellipsoid and the index 
ellipsoid are figures of rotation and, as seen from equation (39) above, 
the normal surface degenerates into the sphere r? = v,,? and the fourth- 
order surface of rotation 


(0" — 7?) 2? ++ (v? — 9°) (y+ 2)=0. . . (39°) 


Of greater importance than the normal surface is the ray surface o1 
wave surface, obtained by laying off the ray velocity along the direc- 
tion of the ray. The elements of the actual wave front are at these 
points, and are given by the tangent planes to this surface. The feet 
of perpendiculars drawn to these planes from the origin lie in the 
normal surface, which is therefore a so-called pedal-surface of the wave 
surface. The equation of the wave surface is obtained by putting 
rfor V andz/r...for cos A... in equation (38) (p. 368): 


0? — 12) (Dy,® — 19) 2 + Og (Oya? — #2) (0,2 — 72) y8 
prt?" — Pye 0. |. Ct fh) 
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The term of lowest degree is 0,20,70,,°(z? + y* + 27). Since all other 
terms contain r?, we may divide throughout by r?, and the degree of 
the ray surface is not six but four. Correspondingly, the curves of 
intersection with the co-ordinate planes are circles ana ellipses (ef. fig. 3, 
Plate I, facing p. 240). There is again a plane in which the circle and 
ellipse have real points of intersection. The lines joining the opposite 
pairs of these points are called the optical ray axes. If the ray has 
the direction of one of the optical ray axes, there are infinitely many 
normal directions corresponding to one ray, and these normals form 
the surface of a cone (see below). For uniaxial crystals the wave 
surface degenerates into the sphere r? = v,” and the prolate ellipsoid 
of rotation 

2 yteZ 

cat a lee 0: ae. . (8) 
4. Refraction of Plane Waves at the Plane Surface of an Aniso- 

tropic Medium. 


Since the continuity of the tangential components of E and of H 
(p. 345) must hold for anisotropic media also, we can make use of 
the considerations of § 3, Chap. 
XVIII (p. 349), from which we 
obtain the laws of reflection and 
refraction. It must be remem- 
bered, however, that # denotes 
the direction of the wave nor- 
mal, as may be seen from equa- 
tion (16) (p. 363). Hence, at the 
boundary of an anisotropic body 
the wave normal remains in the 
plane of incidence and obeys 
the Law of Refraction. But the 
recognition of this fact is not of 
much aid in constructing the 
refracted wave normal, for, in Fig. 3 
contrast with isotropic media, 
the value of the index of refraction now depends upon the direc- 
tion of this normal. This means that the direction of the refracted 
normal must be known in advance, in order to find the correct value 
of the refractive index. Fortunately, there is available a method which 
leads to the desired result. This method is often used to furnish a simple 
derivation of Snell’s law for isotropic media, and is based upon 
Huygens’ Principle. According to this principle, which will be dis- 
cussed in detail in the next chapter, each point on a wave front may 
be taken to be the source of secondary wavelets: the actual wave 
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front at any future time may be considered to be the envelope of the 
secondary waves. Let us apply this idea to a plane wave incident upon 
a plane surface of a crystal (fig. 3). We must then consider the secon- 
dary waves emanating from points in the surface, at the same time 
remembering that the arrival of the primary disturbance takes place 
at different times, since points in the same phase are on the line AB. 
By the time the incident wave has arrived at C, the disturbance 
coming from A has already spread out over a wave surface. Assuming 
the upper medium to be a vacuum, this corresponds to a time BC/c. 
The wave surfaces belonging to points lying between A and C should 
be drawn in corresponding ratio, but since the envelope of these wave 
surfaces is a plane passing through C, it is sufficient to take the plane 
through C tangent to the wave surface of A as the new wave front. 
Since the wave front is of indefinite extent in a direction normal to 
the plane of the figure, we really mean the plane containing the line 
through C normal to the diagram and tangent to the family of wave 
surfaces originating in points on a line through A normal to the figure. 


Fig. ¢ 


Imagine a ray determined by a small surface element in the neigh- 
bourhood of A. After refraction, this element of the wave front must 
contain the point of tangency of the wave front with the wave sur- 
face corresponding to the point A. What happens for one wave sur- 
face in a plane normal to that of fig. 3 is shown in fig. 4. The top line 
in the latter diagram projects as the point A in the former figure. 
The two points of contact—one corresponding to each sheet—do not, 
in general, lie in the plane of fig. 4. Hence a refracted ray does uot, in 
general, follow the law of refraction. 

According to what we have just seen, it is important to differentiate 
between refraction of the normal and refraction of a ray, i.e. a limited 
portion of a wave front. This difference becomes evident if we con- 
sider the simplest instance of the passage of light through a plane 
parallel plate of anisotropic material. If a plane wave is incident 
normally upon such a plate, the normal will not be deviated; never- 
theless, there are two wave planes within the crystal perpendicular 
to the normal direction. These correspond to the two velocities of 
propagation belonging to each direction. If a plane parallel crystal 
plate is inserted in the parallel bundle of rays between the collimator 
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and telescope of a spectroscope, no double refraction is observed. 
The effect is quite different, however, if a narrow bundle of rays is 
used in place of a wide beam; in this instance double refraction takes 
place, for to each normal direction there correspond, in general, two 
rays. The results are particularly remarkable when the wave normal 
is in the direction of one of the optic axes of a biaxial crystal. In this 
case there are infinitely many rays corresponding to the normal, for 
it is possible to draw a tangent plane to the two sheets of the ray 
surface such that the plane touches the surface on a circle (a portion 
of this circle is seen in fig. 3, Plate I). Hence any ray from the 
centre which passes through this circle corresponds to this plane 
wave front, and the transmitted rays form the surface of a cone, 
which in turn is refracted into the form of a hollow cylinder of light 
upon emerging. This phenomenon is known as internal conical refraction. 

The effect reciprocal to double refraction of a ray is obtained by 
allowing light to enter a biaxial crystal in all directions through a 
given point on the surface of the plate. This may be done by diffuse 
illumination of a pinhole in a piece of cardboard placed on the plate. 
A given ray may be isolated by placing a similar diaphragm on the 
opposite side of the plate. This ray, however, will experience double 
refraction on emerging, since there are two different corresponding 
normal directions, each having its own value of the refractive index. 
If the transmitted ray is allowed to have the direction of one of the 
optical ray axes, there will be an infinity of normals corresponding to 
this co-called single-ray direction. This ray is directed from the centre 
to the “dimple ” in the wave surface (fig. 3, Plate I), at which point 
it is possible to draw an infinite number of planes tangent to the 
surface. The emerging rays fill a cone, and this phenomenon is known 
as external conical refraction. These conical refraction effects were 
predicted by Hamilton and were verified by Lloyd, using a crystal of 
aragonite. 

In the previous discussion we tacitly assumed the incident light 
to be unpolarized, ie. there was no uniquely characterized plane of 
vibration of E. Let us return to a consideration of the normal 
incidence of a plane wave upon a plane parallel plate. There are 
two mutually perpendicular directions of D; since these are both 
normal to # they lie in the surface of the plate. As before, we 
denote these two vectors by D’ and D’. D and also determine 
the plane of vibration of H (cf. fig. 1, p. 364). If, now, the incident 
light is linearly polarized, with its magnetic vector forming an angle « 
with one of the vectors D, then we can resolve the magnetic vector 
into two components, one along D’ and one along D’. But each 
of the components has its own phase velocity, corresponding to 
the two different velocities belonging to #. As a result, there is 
a difference in phase when the light emerges—the original linearly 
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polarized light has become elliptically polarized. On the other 
hand, by introducing a phase difference in this manner, we can 
convert elliptically polarized light into plane polarized light. This 
is the principle of so-called compensators for polarized light. 

Finally, we wish to consider briefly the beautiful patterns shown 
by plates of anisotropic materials when placed between crossed Nicol 
prisms. If we allow polarized light to fall upon a crystal plate at angle 
of incidence ¢, then within the crystal there are two distinct normal 
directions, each with one plane of vibration of D, and hence of 
E.* In general, the plane of vibration of the incident light will not 
coincide with either of these directions, and so there will be a component 


along each. Both wave normals again have the same direction upon 
emerging, since we can apply the same construction here as we did 
at the point of entry into the crystal (reversibility of the rays). But 
since the two waves have travelled over different paths within the 
erystal they will differ in phase; this means that the emergent light is, 
in general, elliptically polarized (cf. the special case of normal incidence 
treated above). From fig. 5 we see that the phase difference is 
given by 

oa = “- = = =) 


v 
Denoting the angles between the normal to the surface and the re- 


* It would be wrong to assume that there are two planes of vibration corresponding 
to each of the refracted normals. As a matter of fact, the construction of the refracted 
wave front shows that corresponding to each of the two normals there is a definite 
normal velocity v, and hence by equation (26) (p. 365), a definite direction of D, 
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fracted wave normals by x’ and &” respectively, and calling the thick- 
ness of the plate d, we have 
AC ile BD= BCsin¢d=d (tany” — tan y’) sing, 


a cos yb 


d 
AB= cosy” 


i.e. 


5= ua | (BEE -. 1 _ /sinf’sing 1\ 1 
c vw /cos yp” c v' } cosy'}’ 


Since the law of refraction holds for the wave normal, 


—-S = ——_——_ 
= — 


¢c v v 
or $8 = wd {ocew — coe \, oe e @ (44) 


and for the common case of approximately normal incidence, 


) RS wd G = =) eo e©« © e @ (44°) 
v 2) 


If the phase difference is 2n7 the emergent wave is again linearly 
polarized in the original plane, and can be extinguished by a second 
Nicol prism turned at an angle of 7/2 with respect to the polarizer. 
If we allow convergent polarized light to fall upon the crystal, there 
will be darkness for all directions ¢ for which the angles of refraction 
yp’ and yh” yield § = 2nm according to (44). These directions then give 
dark curves in the focal plane of a lens. But these are not the only 
dark curves. There is a second possibility: for a given angle of inci- 
dence the plane of vibration of the incident wave can coincide with 
one of the possible planes of vibration in the crystal. In this case 
there is no second wave to bring about elliptic polarization. The 
resulting dark curve is called an «sogyre. 


Ex. 98. A plate of a uniaxial crystal is cut perpendicular to the axis. Show 
that with crossed Nicols a system of circular rings can be obtained, with a rect- 
angular cross through their centre. 


CHAPTER XX 


ELECTROMAGNETIC WAVES. IV: Tue Tarory or DirrracrTion 


1. The General Diffraction Problem and Attempts to solve it. Kirch- 
hoff’s Formula. 


In previous sections we have dealt almost always with wave fronts 
of unlimited extent. In those cases where it proved necessary to 
consider limited beams, in the study of crystal optics, for example, 
we assumed that the limited beam was propagated in the same way 
as an extended one, and that the cross-section of the beam remained 
as determined by the aperture through which the light passed. Actually, 
this is not strictly true. Simple experiments show that light enters 
that portion of space which, according to our previous assumptions, 
could not be reached by the light wave—the region of the so-called 
geometric shadow. This phenomenon is called diffraction. 

Mathematically, the problem of the diffraction of a wave by an 
obstacle is to be formulated in this way: we seek a solution of the 
wave equation for E and H which satisfies the differential equation 
both for the region within the diffracting body, or obstacle, and for 
the rest of space; and which, moreover, satisfies the condition of con- 
tinuity of the tangential components of E and H at the bounding 
surface. At the same time it must be remembered that the electrical 
constants (K, p, a) are different for the two regions. If it were possible 
to find such a solution, it would be expected to furnish information 
on all questions of intensity, polarization, &c., behind the obstacle. 
However, the mathematical difficulties connected with such a solution 
are so great that it has been possible, so far, to develop solutions only 
in especially simple cases, such as the diffraction of a plane wave 
meeting a sphere or a cylinder or a screen. 

For the greater number of practically important diffraction prob- 
lems we have to fall back upon an approximate method, which proves 
adequate if the conditions are not too unfavourable. Essentially, 
this method is merely the mathematical formulation of the principle 
that every point of a wave may be considered to be the source of 
secondary spherical waves. This concept we have already utilized in 
the preceding chapter. According to the original Huygens formu- 
lation, the wave front existing after a certain time is given by the 
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surface which envelops the elementary wavelets. We made use of 
the principle in this simple form in our discussion of the refraction of 
light by crystals (p. 371). Fresnel, however, improved the method in 
this way: in order to find the resultant disturbance at a point of obser- 
vation P, he imagined the secondary waves arriving there at a certain 
instant to be superimposed, at the same time making allowance for 
their difference in phase. The mathematical statement of this idea is 
contained in a formula due to Kirchhoff, which we shall now prove. 

We represent the light disturbance by a scalar quantity U; this 
may be interpreted as one of the two components of E, which are 
perpendicular to the wave normal. The only essential fact is that the 
intensity of the light is proportional to U?. U must satisfy the wave 
equation 


n2 0?U 
AU= 3 aR ee eae 


For the dependence upon time we make the usual assumption for a 
monochromatic vibration 


U =lerypeye a tw «| (2) 


and obtain the following differential equation for the spatial part, 
which alone interests us: 


Au- We 0, . 6 os ss « » (8) 
Here aes sw A) 


Assume now that we have two functions, w and v, which satisfy the 
wave equation. We then apply Gauss’s theorem to the vector quantity 
u gradv — v gradu, integrating over an arbitrary volume in which the 
integrand is continuous. The result is Green’s theorem (p. 270): 


f (u gradu — v gradu) dS == f (uAv — vAu) dr 
= [i(vu—w)dr=0. (5) 
We take the function v to be the spherical wave originating at a point 


P in the region of integration. Apart from the time factor, this is 


— e—tkr 


v= - « (6) 


rate 


But this function becomes infinite at P; hence if we wish to apply 
equation (5) we must surround this point by a small sphere. The sur- 
face of the sphere is then part of the bounding surface of the region 
of integration, and the point P is thus excluded from this space, The 
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normal is always directed outward from the region of integration; 
hence in this case the normal is directed toward the centre of the small 
sphere (fig. 1). We now have the equation 


e—tkr e—tkr 
¢ (» grad — — grad u) d§ 
8 r r 


Sphere T 


\ eatkr e~tkr 
a (» grad — — grad u) ds = 0. as) 


The integral over the surface of the small sphere may be calculated 
readily. First we note that 


since uw and gradu are con- @ 
tinuous, the contribution of % - 
the term "0 
—tkr 
< grad u T dS 
r ee a0 
ds 


vanishes when we allow the 
sphere to become infinitely 
small, since dS decreases as 
r*, while we have only the Fig. 1 

first power of r in the de- 

nominator. Again, since « is continuous, we may replace it by the 
value w, at the centre when integrating over the small sphere. Finally, 
we have 

e—tkr 


— (+ et a SU 
where 7, is a unit vector directed outwards from the centre of the 
sphere. Hence we have 

dS = —r,dS= —ry* sind dod¢, .. . (9) 
and the value of the integral 


grad 


e—tkr “e 
Up £ grad - ds 
in the limit (r = 0) becomes 47u,. Hence 


Aor J r 


1 e-tkr e-tkr 
tp= — ( grad u — u grad = a8. - (10) 


This is the celebrated formula of Kirchhoff.* It expresses the disturbance 
at a point P as the integral of the light disturbance over the boundary 
of a region containing P. If, for example, we are dealing with the 


ie cad was first proved by Helmholtz, but is » special case of a formula 
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diffraction of light by a small aperture in a screen, the screen would 
be taken as the boundary of the region. But in order to apply the 
formula, the diffraction problem must, in a way, be solved already, for 
one must know the disturbance in the opening and on the surface of 
the screen in advance. Kirchhoff made the natural assumption— 
which is amply justified by experience—that the disturbance in the 
free aperture is that which would exist if the screea were not present, 
and that u and gradu are zero on the screen itself. It is evident that 
with an assumption of this kind, which contains nothing concerning 
the material properties of the screen, we cannot attack the more 
delicate questions, such as that of polarization. Nevertheless, if we 
do not require the distribution of light in the immediate neighbourhood 
of the edge, the Kirchhoff assumptions prove adequate. 


2. Reciprocal Theorems of the Theory of Diffraction. Classification of 
Diffraction Phenomena. 
We shall now apply the Kirchhoff formula to the special case where 
the primary excitation is from a point source Q and is represented by 
eth, 


ae tee: = + ee) 


Then we have 7 
grad v= — € e~ thr, +} vets) Yon 
; :  oamel?) 


ue 


—tk: , 
grad é r ee. (3 e7tkr + van) ¥5 


Pa 


where #, is the radius vector drawn from Q to a point of the aperture 
and » is the radius vector drawn from the point of observation P. 
The corresponding unit vectors are designated by the subscript 0 
(fig. 1). Since 7.) dS = cos(zv,)dS, we have 


ae “ai e-tk(r+7,) 
a 4a Aperture TT? 


C +t it) cos (#7) — a + it) cos (nr,)} dS. (13) 


We now assume that the distances from the source to the aperture 
and from the point of observation to the aperture are large compared 
with the wave-length. This condition is fulfilled in all cases occurring 
in practice. We may therefore neglect 1/r and 1/r, when compared 
with k= 27/4, and so obtain 


4 eth (7 +14) 
Ura if er {cos (22r) — cos (77,)}d8. (14) 
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Assume further that both » and », are large compared with the dimen- 
sions of the aperture—a condition which is also realized in all practical 
cases. This permits us to look upon » and », as constants where they 
occur in the denominator and in the trigonometric functions of the 
integrand; however, this is not allowable where these quantities occur 
in the exponent, since they are multiplied by the large factor & = 20/d. 
Bringing the constant values outside the sign of integration, we obtain 
the simpler formula 


= i {cos (727) — cos (wr,)} —tk(r+r,) 
Up = eS @ ds, e (15) 


Formule (13) to (15) are entirely symmetrical in the co-ordinates 
of light source and point of observation—interchanging these quanti- 
ties merely alters the algebraic sign. This means that if a source Q 
causes a certain intensity at a point P, the identical source placed 
at P would cause this same intensity at the point Q. However, this 
must not be interpreted as a reversibility of the light path for dif- 
fraction in the sense that the use, as a source, of a distribution of 
light corresponding to the diffraction pattern of a point source would, 
in turn, have a single point of light as a diffraction pattern, i.e. the 
aperture would act as a lens. The theorem says nothing regarding the 
intensity in the neighbourhood of Q. 

A second very remarkable theorem was discovered by Babinet. 
Imagine a number of apertures of arbitrary shape cut from an opaque 
screen. Let these pieces which were cut out be placed in a large open- 
ing, this system then being considered a second screen. Two such 
screens, for which the openings in one are the same as the opaque 
portions of the other, are said to be complementary. Babinet’s theorem 
states that the diffraction patterns produced by complementary 
screens are identical, except for the central spot corresponding to the 
direct light from the source. To demonstrate this we may imagine 
an image of the source formed by a lens of large aperture. In the 
limiting case of full aperture there would be no light outside the geo- 
metric image. Hence at a point P in the neighbourhood of this image 
the disturbance u would be zero. We now insert one of the screens 
between source and image. Let this cause the disturbance u, at P. 
Let the disturbance produced by the complementary screen alone be 
t,. For no screen at all, the disturbance at P—which is zero—would 
be given by the sum of the integrals over both complementary screens. 
Hence by Kirchhofi’s formula, 


0O=u,+ ww, 
and u,” 7 Ug’, e* © © @ © @ «6 (16) 
which proves the theorem. 


—— 
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Consider now a plane screen containing one aperture (fig. 2). Draw 
@ rectangular system of co-ordinates in the plane of the screen and 
place the origin within the aperture. Let the positive z-axis be normal 
to the screen and directed toward the observer. The co-ordinates of 


Fig.2 


the source of light Q are x,, yq, Z,, and those of the point of observation 
P are x, y, z Denote the co-ordinates of an element of area of the 
aperture by € and 7. The distances r and 7, are then given by 


= (o— 2+ y— oP +a, an 
tft, =£) (ye — 4) + 2, 

We further denote the distance from the source to the origin of co- 

ordinates by R,, that of the observer from the origin by R, and the 

direction cosines of the lines QO and OP by ay = —2,/R,, By = —Yy./R, 

and a= 2/R, B= y/R respectively. Expansion in powers of £ and 


7 DOW gives ; , 
rte RR, + Elay—a)+0(By— p)+4 E+ gt 


Lie Se eee -_ 
Soe. ee. ws 


This representation by a power series furnishes us with a natural 
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classification of diffraction phenomena: If source and observer are 
so far from the screen that we may neglect the terms of $(£, 7) which 
are of the second degree in ¢, 7, we speak of Fraunhofer diffraction 
phenomena; in other cases we refer to Fresnel diffraction phenomena. 

If we insert the development (18) in the Kirchhoff integral (15) 
we obtain 


up = LLcos (ver) — cos (20r)} _scr+Re) formers. . (19) 
a 
3. Fraunhofer Diffraction by a Slit and by One-, Two- and Three- 
dimensional Gratings. 


Following our classification of diffraction phenomena we imagine 
the source as well as the observer to be very far from the diffracting 
aperture, so that the waves which strike this aperture are essentially 
plane. This condition may be realized in practice by placing the source 
of light at the focus of a lens and by studying the diffraction pattern 
in the focal plane of another lens (see Chap. XXI). 

As a first example, we study diffraction by a slit of width a which 
is of unlimited length in the y-direction. This means that the quan- 
tities occurring are independent of the y-co-ordinate, so that the 
problem is a two-dimensional one in the zz-plane. We also write 1 and 0 
for the angles which an incident and a diffracted ray make with the 
normal Oz to the slit; hence ay = sint, and a = sin@. 

The diffraction integral reduces to 


a/2 a ¥ 
Up = const. e tla ade JE 
—a/2 


a /2 
= const. i e~ th(sini—sin 0)§ J one “oo mee, 
—al2 


The value of the definite integral may be written down at once, but 
an instructive way to evaluate it is to use the vector diagram, and 
proceed graphically. We divide the slit into small strips of width dé 
and add the contributions of the separate strips. While € increases 
from —a/2 to a/2 in steps of amount dé, the phase difference increases 
in steps of &(sint — sin@)dé. This means that the vectors representing 
two successive strips differ in direction by this amount. Since the 
contributions of all strips of equal width dé are of the same absolute 
magnitude, the series of index points form the vertices of a portion of 
a regular polygon. In the limit, where dé is infinitely small, the figure 
becomes a circular arc (cf. p. 52). The figure forms a closed loop when 
the phase difference between the first and the last strip is 27. A closed 
polygon means that the resultant disturbance is zero, i.e. there is 
complete darkness. In general, there is a minimum whenever 


k(sint — sin 6)a = 2mn, (n= 1, 2, 3,...) 
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or (sint — sin#@)a = nd. me eee) 


This is the condition for a minimum for diffraction by a single slit. 
Maxima occur between these minima at points where the resultant in 
the vector diagram is a diameter of the circle, ie. where 


k(sint — sin 8)a = (2n + 1)z, (m1, 263;.....) 
or where 


(sint — sin @)a = (22) 


2n+ 1 
= a r. 
This, then, is the condition for directions of maximum illumination 
in the diffraction pattern of a single slit. 

For a given direction of 
incidence — which we may 
choose, for example, along 
Oz normal to the plane of 
the slit—the amplitude of 
the diffracted light will be a 
function of the difference in 
path for the two edges of the 
slit. The distribution of in- 
tensity may be found from 
(20), or from the vector dia- 
gram by the method of p. 53. 
The result is shown in fig. 3, where the dotted curve gives the ampli- 
tude of the resultant disturbance, while the intensity is represented 
by the curve in full line. 

If half the slit were covered there would be light in the directions 


matey 
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Fig. 4 


of the previous minima when n is odd, since the second half of the 
index circle would now be missing. If we place a large number of such 
half-slits side by side we obtain a one-dimensional plane grating. Let 
the distance between corresponding points in two neighbouring open- 
ings be called a. The total effect is obtained by addition of the dis- 
turbances from the individual slits. In those directions for which 


(sins — sin@)a=mdrA, . . « « « (23) 
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the individual disturbances plainly have the same phase, and hence 
there is a maximum of illumination (cf. fig. 4). This is then the con- 
dition for a maximum for the diffraction grating. 

Since, for a given direction of the incident light, the angles giving 
maximum illumination depend upon the wave-length, a grating of 
this kind is eminently suitable for the spectral analysis of light. The 
number m is called the order of the spectrum. In what directions are 
the dark places to be found? From the vector diagram it is seen that 
the first dark spot occurs when the index points of the individual 
rulings (or slits) form a closed polygon. This is the case when the 
phase difference between the first and the last ruling is 27. Thus the 
rays coming from two adjacent lines of the grating must differ in phase 
by (27m + 27/N) to give the dark spot in the neighbourhood of the 
maximum of order m, where N is the total number of lines in the 
grating. Hence the direction of the minimum adjacent to the mth- 
order maximum is given by 


(sini — sin6)a = m+ 2. «a. Oe 


This is, then, the condition for points of minimum illumination in the 
diffraction pattern of a grating. We have here a means of computing 
the resolving power of a grating, i.e. the smallest relative difference in 
wave-length which can be separated. Following Rayleigh, two wave- 
lengths are considered separate if the maximum of the diffraction 
pattern of one coincides with the first minimum of the other. Let the 
wave-length A-+- dA have a maximum in the direction 9, Le. 


(sins — sin#)a = m(A-+ dd). 


At the same time, suppose the first minimum of the wave-length A 
occurs at the same point: 


(sint — sin #)a = mA + 4 


From these two relationships we obtain 
dA l 


A mN’ 
The resolving power R is usually taken to be the reciprocal of this 
value, i.e. 
A 


R= = mN. « ee e #e¢ oe e (25) 


The directions of the maxima and minima obviously do not de- 
pend upon how the resultant of the disturbances from the individual 
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elements of the grating is formed. The only essential thing is that 
we have transparent or reflecting or scattering elements arranged at 
equal distances from one another. It is only the distribution of light 
among the various orders which is affected by the nature of the grating 
elements. 

_ We pass now to the consideration of what we may call a two- 
dimensional grating. This consists of a large number of apertures 
whose distance apart is uniformly a in the &-direction and 6 in the 
y-direction. The conditions for maxima are obtained by the same 
construction as above, and are 


(a9 — a)a = mA 
See! oo. le) 


For a given direction of the incident light, the direction of the maxi- 
mum corresponding to the order numbers m, and mz, is uniquely de- 
termined, for the direction cosines a, B each determine a cone about 
the corresponding axis. The generators common to these two cones 
give the directions of the maxima corresponding to the orders m, 
and m,. Addition of a third condition—as in the case of the space 
lattice (see below)—would define a third cone about the z-axis. This 
cone, however, would not necessarily contain the common generators 
of the two other cones. 

While the two-dimensional grating has no practical application, 
the three-dimensional grating, or space lattice, is of the greatest impor- 
tance—viz. in the analysis of electromagnetic waves of very short 
wave-length (X-rays). For such short waves it is not possible to pro- 
duce appreciable diffraction angles with ordinary ruled gratings except 
by the use of special artifices. But nature has provided us with other 
gratings whose divisions are very much smaller, viz. crystals. The 
atoms in crystals are arranged at regular intervals, but form a three- 
dimensional lattice. In 1912 M. von Laue suggested the use of crystals 
as diffraction gratings and the experiment was performed successfully 
by Friedrich and Knipping.* 

We limit our considerations to rhombic lattices, in which the lattice 
points lie in three mutually perpendicular directions at distances a, 
b and c. This, of course, includes the simpler gratings in which two or 
all three of the separations might be equal. The atoms act as sources 
of secondary waves, since they are set into vibration by the incoming 
light. Thus the secondary waves in this case have a certain reality, 
as contrasted with the Huygens wavelets in free space. Since the 
atoms are set into vibration by the incident light, they vibrate in 
phase, and the secondary waves which they produce (or scatter) are 


* M. von Laue, Phys. Zeits. 14, p.421 (1913). W. Friedrich, P. Knipping and M. 
von Laue, Le Radium, 10, p. 47 (1913). 
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in phase, just as are ordinary Huygens wavelets. Hence the same 
treatment is applicable here. We now have three conditions for the 
directions of maximum illumination: 


(ag — a)a= mA 
(By 0P) bi meh cenesntich ece HN) 
(yo— ye = mzA 
or __ ma 

a 


(By — 8) = AI, . . Re. ee 


=i) ecellind 
(Yo— y) PA 
or mA 
2— 2, = _ 
a 
r ve 
B= B—-“Eh. pe eee. OT) 
Mor 
7 0laee - 


As we saw from the cone construction for the two-dimensional grating 
(p. 385), the addition of the third condition overdetermines the prob- 
lem. This becomes evident mathematically by noticing that if we 
select a, By and yp arbitrarily, the values of a, 8, y obtained from 
(27’’) will not, in general, satisfy the condition o%+ f?+ 7*=1. 
Hence, if we are to have a diffraction maximum at all, there must be 
a Telationship between the direction and wave-length of the incident 
wave. If we square equations (27”) and add them, we obtain the 
required relationship: 


s 


m. m 
“tay + 2Bo + “yo 
1-2 ee o 2 = « Meo) 
at et @ 


A maximum is obtained only when this condition is fulfilled. We 
obtain a formula which lends itself more readily to direct interpre- 
tation if we square and add equations (27’). Denoting the angle 
between the directions of incidence and diffraction by @ and 
remembering that 


cos 6 = aay + BBy+ yy 
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we obtain 
= a m* _ m2 , m,? 
2(1 con) = (+ HE ME, 
F 6 m,3 Mo M2 
or 2sins= A oa ae tee «> soe. (20) 


If the three order integers contain a common factor M, we place it 
outside the radical and have 


ib. fm: oF HS 
2eing= AMA +e te +e + (30) 


where H,, H,, H, are relatively prime. 

Planes may be passed through the crystal in various directions 
such that they contain a large number 
of lattice points (cf. fig. 5). A plane of 
this kind is known as a reflecting plane. 
A family of parallel reflecting planes is 
characterized by the set of relatively prime 
integers proportional to the reciprocals of 
the intercepts on the axes, each being 
divided by the corresponding grating 
; constant. For example, (010) denotes the 

= set of planes y= 6, y= 2b, y= 3b, &e. 

These indices, which are the H,, H,, Hs, 

represent the reciprocals of the actual intercepts of that plane 

which is nearest the origin. This may be seen as follows: If the 

intercepts of one of the planes are 1, m,, m,, measured in centi- 
metres, then 


bic 
H,:H,:H,;=27:—:— 
1 2 3 L, m, 
or after introducing a factor of proportionality t¢, 
ta ob tc 


The usual form of the equation of a plane whose axial intercepts are 
hy, my, % 18 

oe ge oa __ 7H, , yHy , ty _ 

L, mm 1 ae the le 
If this is to be a reflecting plane, the equation must be satisfied by 
integral values of the co-ordinates, ie. by = pa,y= gb, 2 = re. 
Inserting these values in the preceding equation, we have 


pH, + gH, + rH, = +. 
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Since we have the sum of integers on the left, ¢ must also be a whole 
number. Thus the smallest value of ¢ is 1. According to the results of 
analytic geometry, the distance from the origin of a plane whose axial 
intercepts are a/H,, b/H,, c/H, is 


d ! 


a 


o te © (oR 


b? c 


This is also the distance between two adjacent planes of the set. Thus 
we arrive at an entirely new interpretation of equation (30). There, 
after removing a common factor, the H, represent the order numbers 
of the direction of diffraction. However, if we interpret the H, as the 
indices of a family of planes, we can express the radicand in terms of 
the distance between the planes and thus obtain 


Sdsing= MA... se (82) 


This is the condition for a maximum in the diffraction pattern of a 
space lattice, and is known as Bragg’s 
Law. The nature of these planes may 
be seen at once. It is easy to see 
that the plane half-way between the 
incident and diffracted rays (fig. 6) 
belongs to the set characterized by 
H,, H,, H;.* Hence, on account of 
the equality of the two angles, we Fig 6 
may look upon the diffraction process 
as reflection of the rays by the reflecting planes. The difference in 
path of the parts of a wave reflected from the first plane and the 
succeeding plane is given by (see fig. 6) 

AB + BD— 40 = *©, _ 2d cot? coss = 2dsin&, *.(98) 
sin 5 2 


Thus (32) signifies that for reflection from the individual planes the 
angle of incidence 7/2 — 6/2, the distance d between planes and the 
wave-length A must fulfil the condition that the difference in phase 
between the partial rays must be 2Mz. Angles which satisfy equation 


* The equation of this plane is (s, — »)* = (s — r)? or (s, — s)~ = 0. If we insert 
for the components of (Ss) — $s) the values given by equation (27’) (p. 386) and remove 
the common factors, we obtain 


= 0, 


Hie alee 
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(32) are called glancing angles. In order to obtain such a “ reflection 
at a depth ” with monochromatic radiation, it is necessary to rotate 
the crystal in such way that the entire range of angle between the 
reflecting planes and the incident wave normal is covered. This is the 
principle of the so-called Bragg Method.* 


Because the preceding derivation made use of a definite angle of incidence, 
it might be thought necessary to work with a parallel beam. For X-rays, such a 
beam could not be obtained by means of lenses, but solely by using two narrow 
slits. Meanwhile, Bragg and M. de Broglie discovered a focusing condition whose 
fulfilment guarantees that even a diverging bundle of rays from a single slit shall 
give a sharp line for each wave-length. The condition is (fig. 7) that the point of 
observation P and the slit S shall be equidistant from the axis of rotation O, 


Fig. 7 


i.e. the spectrum falls on a circle of radius SO drawn about O. In the symmetrical 
position KK of the crystal, a given wave-length reflected at O will arrive at P; 
and for any other position K’K’, this same wave-length, and only this one, will 
go to the point P. If we draw a circle passing through S, O and P, its intersection 
with K’K’ will determine the point of reflection R. It is easy to see that SR and 
RP again make an angle of 0/2 with the surface of the crystal: angles SOP and 
SRP are equal, since they cut off the same arc. Also, angles SOK and SRO are 
equal since they are respectively the intercepting angle and the angle between 
tangent and chord corresponding to a given arc. Moreover, the latter angle is 
6/2. Then, also, angle POK is equal to angle PREC : _ 

Tt should be noticed that the advantage of this arrangement is not in increased 
intensity but in the circumstance that various parts of the crystal co-operate, 
and so chance local defects in structure become harmless. : 

Instead of turning a single crystal so that it assumes, successively, various 


*W. H. Bragg and W. L. Bragg, X-Rays and Crystal Structure, 5th Edition. 
London, G. Bell & Sons (1925). 
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positions with respect to the rays, we can assure incidence at all glancing angles 
by using a mass of small, randomly oriented crystals. This is the powder method 
devised by Debye and Scherrer and independently by A. W. Hull.* 


Ex. 99. Give the relative intensities of the diffraction patterns of various orders 
for a grating consisting of alternate transparent and opaque strips of equal width. 

Ex. 100. The Michelson Stellar Interferometer.—Two parallel slits whose dis- 
tance apart is b ara cut from a screen. What is the appearance of the diffraction 
pattern if parallel rays are incident upon the screen (a) normally, and (5) at a 
small angle e with the normal? If both sets of rays are incident at the same time, 
how does the visibility of the pattern depend upon « and b? 

Ex. 101. A cubical crystal of KC] bounded by the planes (100), (010) and (001} 
is turned about an axis parallel to the line of intersection of the planes (100) and 
(010). The K,-radiation of copper (A = 1541 X.U. = 1541 x 10-4 cm.) is inci- 
dent normal to this axis. Which reflecting planes with indices <2 cause 
reflection, and what are the corresponding glancing angles 0/2? The constant 
of the cubic lattice is 3-13 A.U. = 3-13 x 10~* cm. 


Fig. 8 


4, Fresnel Diffraction Phenomena at a Slit and at a Circular Aperture. 
Zone Plates. ; 


Consider first a two-dimensional case. Imagine the source to be 
a line of light of indefinite extent in the direction normal to the plane 
of fig. 8, so that the y-co-ordinate does not enter. Further, let the per- 
pendicular from the point of observation to the line source be normal 
to the plane of the screen, and let it pass through one edge of the slit. 
Since sin 4 = sin 9 = 0, i.e. ag = a = 0, in this case, the development of 
$(€, 9) begins with 


B/l yw ; 
2 € A z) 
(cf. p. 881). Replacing & by its value 27/A (equation (4) (p. 377), and 


supposing the slit to extend from £=0to =a, we obtain for the 
disturbance at P the expression 


4 fs ; 
up= e—t2m/d. (R+Rg) eit A. PU/R+1R ) a 3 
*” ARR, 0 one i 


* See G. I. Clark, Applied X-Rays, 8rd Edition, p. 26 : . 
Hil! (1020), ,» App y ion, p. 267 et seg., New York, McGraw 
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If we evaluate the integral as before, by summing the “ vectors” of 
individual elements of the slit, we see that in contrast with the case 
treated in § 3 (p. 382), the vectors of the several elements dé no longer 
make equal angles with one another; on account of the quadratic 


09 07 06 05 0% 08 02 oF 
=a ~C« 


term the angle between two consecutive vectors increases as £d€, 
i.e. the curvature of the vector curve increases with the length of arc. 
A curve of this nature has a spiral form. In order to obtain an integral 
independent of the special values of A, R, R, we make the substitution 


ae i, nt 
o= ea) atE)} A=als(5+ 7) a C9) 
and obtain 


a 1 A 
inj €4U/R+1/Rg) J ¢ — —eee 
[ern cameunoag Piss) ire 

AAR R, 


w= feeds 
0 


—ini2.s*de, (36) 


The curve 


whose parametric equations in rectangular co-ordinates are 


a= f° cos( Fs) as, y= ff sin(Fs*) as o 2-837) 


is called the Cornu Spiral (fig. 9). The numbers marked on the curve 
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are the values of A. Each number also gives the length of the corre- 
sponding arc of the curve measured from O; this is seen at once, 
because we have da/dA = cos7A?/2, and dy/dA = sin7A?/2, 80 
that (dx/dA)? + (dy/dA)* = 1 or ds/dA = 1, where s is the length of 
the arc. 

Once we have drawn this spiral we can employ it to answer a number 
of questions. 

First we notice that the radius vector from O to the point A of 
the spiral, whose relation to the slit width a is given by (35), gives 
the disturbance at P as a function of the slit width (with the sign of 
the imaginary part changed). As the figure shows, this radius vector 
passes through infinitely many turning values, whose difference be- 
comes smaller and smaller, the value approaching that of the asymp- 
totic point I when the slit width becomes infinite, i.e. the slit becomes 
a single diffracting edge. If, now, the half of the slit symmetric to the 
above is opened also, an equally great light disturbance must be added. 
For convenience we draw the spiral corresponding to the other half 
so that it is centrally symmetric about O with respect to the original 
spiral. It must be remembered, however, that for the second spiral 
the radius vectors are to be drawn from points on the curve to the 
origin. We are now in a position to give the value of the disturbance 
at P when the slit has any position whatsoever on the £-axis—for 
example, when its edges are at =a and = b. We need only sub- 
tract the vector corresponding to € = b from that of £ =a, i.e. draw 
the line connecting the points on the curve which correspond to a 
and b. 

Further, we can calculate with good approximation the distri- 
bution of light on a horizontal line through P parallel to the screen. 
If we limit our inquiry to points not too far from P we may neglect 
the small inclination of the lines QP’ and we may expect the same 
disturbance at P’ as would exist at P if the screen ended at 

= —2R,/(R+ R,) instead of at € = 0 (cf. fig. 8). With = PP’ 
increasing in negative values we traverse the points of the upper spiral, 
and the distances from the asymptotic point to these points steadily 
decrease. Hence the illumination in the region of shadow declines 
uniformly. Displacing P by a positive x corresponds to withdrawing 
the edge of the screen in the negative direction. In this case the lower 
spiral also contributes radius vectors, giving a series of maxima and 
minima in the region of illumination. The limit for large distance from 
the geometric shadow corresponds to the line joining the two asymp- 
totic points, i.e. double the amplitude (or four times the intensity) at 
the point P. This distribution of light corresponds well with obser- 
vation. 

Finally, we wish to investigate the distribution of light along 
a normal to the screen when the source of light is a posnt. 
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If we again have ay=a=0, the disturbance at P is given by 


$ eee 
“p= TRE, e—i(R+ Ra) f f e~iR2.E+a)Q/R+1RD dE dn, . (38) 


For a circular opening (radius a) the integral can be evaluated, and we 
obtain 
1 


RR, 


Up = e—?k(R+R,) {1 — e-tr/d.aX1/R+1/Rq) }. 4 (39) 


The intensity is given by the square of the modulus of the complex 
number, and this is given by multiplication by the conjugate complex 
number. Also 


(1 — e-**) (1 — e+##) = 2(1 — cosz) = 4 sin? z 


z 
The result is 
4 il 


‘ 1 
L= aap ne (at ze): - . (40) 


Thus we see that for increasing size of aperture the illumination varies 
periodically. It must be borne in mind, however, that the formula is 
not to be applied to arbitrarily large apertures, since the inclination 
of the directions of 7) and » is of importance in such cases. A maxi- 
mum of intensity occurs when 


lea A 
gt ga Cmte ees Ame) 


If we compare this formula with the elementary lens formula, we see 
that the circular aperture corresponds to a convex lens of focal length 
f= a*/(2m + 1)A. However, we find no appreciable increase in in- 
tensity at the maxima here; this is first realized by diaphragming 
out those zones whose phase is such as to cause a decrease of the 
resultant amplitude. This corresponds to rendering alternate strips 
of a slit opaque, i.e. to the passage to a line grating. The division into 
zones in the present case must be such that the edges of adjacent 
zones, of which one half is covered, furnish a phase difference of 2mz. 
Thus we must have 


™(Pnts) (1, L\_ men? (1, 1 
aaa GtE)= x a+E)+ fae 


or 
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It is seen that this also satisfies the condition that each zone has the 
same area, since this quantity is given by 7(pn+17— pn’). The 
innermost circle, half of whose area is to be covered, has a radius 


ee vl 2ma 

Lik) el 
iain 

With a plate so divided into alternate transparent and opaque rings 


we can actually obtain a considerable intensification of light at points 
which satisfy the equation 


1 Ee 1 2mnrA 


R°R, pi 


For this reason the so-called zone plate is sometimes referred to as a 
zone lens. 


CHAPTER XXI 


Tue ELEMENTS oF GEOMETRICAL OPTICS AND OF 
INTERFERENCE OPTICS 


1. The Fundamentals of Geometrical Optics. Laws of Fermat and of 
Malus. 


Geometrical optics has developed as a special field serving the 
needs of practical optics. Its purpose is to compute the details of the 
passage of light through optical instruments and to determine the 
principles of the construction of such instruments. The fundamental 
hypotheses of this branch of optics represent a great simplification of 
the actual facts. They are essentially the following: 


1. Reotilinear propagation of light rays in a homogeneous medium. 
2. Independence of the several rays. 

8. Reversibility of the rays. 

4. The Law of Reflection. 

5. The Law of Refraction (Snell’s Law). 


Assumptions 1, 2 and 3 show that geometrical optics not only 
takes no account of diffraction, but that it does not even contain 
any reference to the wave nature of light. Indeed, in the realm of 
diffraction phenomena the concept of a light ray loses all meaning; 
while it is possible to assign a ray in the direction of the normal to a 
plane wave incident on an aperture, the normals corresponding to the 
parts of the diffracted wave have very diverse directions. In the cal- 
culation of optical instruments with the aid of geometrical optics, the 
phenomena due to diffraction at the various apertures or diaphragms 
are not taken into consideration. When needed—e.g. for the deter- 
mination of resolving power—these diffraction effects must be treated 
separately by the methods of the Theory of Diffraction. 

Two important general theorems follow from Hypotheses 1, 4 and 
5. The first of these was discovered by Fermat and is stated thus: 
The propagation of light always takes place in such way that the actual 
optical path (length of geometric path multiplied by index of refraction 
of the medium) is an extremum (i.e. has a stationary value) compared 
with all other paths which do not follow the laws of optics, i.e. 


In,s, = Extremum. ..... . (I) 
896 
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For media in which the index varies continuously, this becomes 


f-'nds = Bxtremum. rere 


To prove this we shall show that the first variation of the optical path 
vanishes. For propagation in a homogeneous medium the law is self- 
evident, since the straight line is the shortest distance between two 
points. Again, for the case of re- 
flection, the proof may be reduced 
to this first case, since if the laws 
of geometrical optics are valid, the 
light reaching P, may be considered 
to come from the image P,’; the 
path P,’'P, is equal to the actual 
path and, being a straight line, is 
again an extremum. We give a 
proof also for the case of refraction. 
Let the refracting surface be the 
axy-plane of a co-ordinate system and 
let the plane of incidence be the 
yz-plane. Besides the actual path 
we consider a varied path (fig. 1) 
whose intersection with the zy-plane has the co-ordinates da and dy, 
while the “optical” ray passes through O. Then, if L is the optical 
path, we have : 


SL = m4(r, + 87) + Mo(tg + Sr_) — (147, + Nore) 
=m V22 + (y, — By)® + 8a? + m2 V2? + (Yo — Sy)? + 8a? 
aa | VS 2,7 + yy? — Ne V 2g? + ye? -. « - - © (2) 


Neglecting terms of second order, this becomes simply 


a= —( oti + aie) 
Veitye | Vaetye) ” 


Fig. 1 


But 
NY NoYo 
Vine + y? Vay + ys" 


However, by Snell’s Law, the right member is zero, which proves the 
theorem for refraction. Since any optical path in geometrical optics 
may be considered to be a combination of reflected and refracted rays, 
the theorem is thus demonstrated in the general case. 

If an image of a point P is formed at another point P’ many rays 
unite at the image, all of them having travelled according to the laws 
of geometrical optics. Each ray must represent a stationary optical 


= —n, sina, + Nn, sin ay. 
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path, as compared with a neighbouring path which does not obey 
these laws. This is only possible if the optical path is constant for all 
optical rays. From the standpoint of wave optics, the constancy of 
optical path is a basic necessity, since the waves which converge in 
the image must all arrive in the same phase. 

In order to understand the second important general theorem, 
the Law of Malus, it must be recalled that we distinguish between two 
kinds of ray systems in geometry—those which represent the normals 
to a surface (orthotomic systems of rays) and those having no ortho- 
gonal surfaces (non-orthotomic systems). The rays emanating from a 
point are certainly orthotomic, for the spheres with centre at this 
point are the required orthogonal surfaces. The Law of Malus states 
that the property of orthotomy is not destroyed by reflection or re- 
fraction, although the originally spherical orthogonal surfaces may be 
altered in shape. This law is self-evident from the standpoint of wave 
optics, for there must always be wave fronts corresponding to the rays. 
We therefore refrain from giving a proof from the point of view of 
geometrical optics. One further consequence of the Law of Malus is 
important. If we consider the parts of two rays included between two 
surfaces, their optical paths must be equal in length. This must also 
be true for rays that intersect later on, in which case the second wave 
surface passes through the point of intersection, where it has a singular 
point. 


2. The Properties of Collinear Projection. 


The ideal case of optical image formation is that in which all rays 
coming from a point unite again at another point, while the images 
of straight lines are straight lines, and the images of planes are again 
planes. A priori, one cannot say whether or not this type of image 
formation is possible with optical means. We shall assume that it is 
possible, and without going deeper into the question we investigate 
the properties of this type of correspondence between the points of 
the object space and those of the image space. Such a correspondence 
between the co-ordinates €, 7, ¢, of P and £’, y’, ¢’ of P’ is represented 
mathematically by linear fractional transformations 


AE Si bon + 96 + dy 

1 ME + don + O96 + dy 
? Agé =P bon + ¢ of + dy 
ne a,€+ ban + 36 + ds 
AoE = id by ta Cob + dy 
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As may be verified immediately, the equation of a plane 
le’ + ma + nl’ — p=0 


in the image space corresponds to a plane in the object space also. 
The intersection of two planes—i.e. a line—in the object space corre- 
sponds to a line in‘the image space, and the intersection of three planes 
—i.e. a point—again corresponds to a point. We shall restrict our dis- 
cussion to axially symmetric (centred) systems. 

If the €-axis is the axis of symmetry, we need investigate the image 
formation only in a meridional section, using the co-ordinates € and 
yn. The symmetry of the image formation requires only that the €’ 
co-ordinate be unchanged when 7 is replaced by —7 but that the 
sign of 7’ change when that of 7» is reversed. Hence for a centred 
system bo, 6,, a, and d, vanish, so that we now have the simpler 
expressions 


Pe ie I Se 


AoE + dy’ © Af + dy 
Solved for € and 7, these equations are 
f= dog! — dy — (tb = Ay) 9! . . (3% 


—ayé' + a,’ a by (—ay§’ + ay) 


The infinitely distant plane of the image space corresponds to the 
plane a)é + dy = 0; that of the object space corresponds to the plane 
af’ —a,=0. These are called the focal planes of the respective 
regions. Their two points of intersection with the axis are called the 
principal foct F and F’ of the system. The transformation formule 
become still simpler if we move the zero points of the ¢- and ¢’-axes 
to the respective foci. We shall also take the positive direction of the 
axes in object and image space to be that in which the light is propa- 
gated. Denote the co-ordinates of this system by 2 and y and 2’ and y’ 
respectively. We then have the transformation 


i 
a= E+, y=7% 
0 


; (4) 
i 4 (Je , 
2 = é Qy’ y ——s7) 
Introducing the notation 
b ad, — a,d, : 
2 Sf, o*1 Se ae . -) (5) 
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Vo fF ae - go 


we then obtain 


) =e 
y x i 

The lengths f and f’ introduced here are called the focal lengths of object 

space and image space respectively. We shall see at once that they 

are identical with the focal lengths introduced in the elementary lens 

theory. 

The ratio y’/y is termed the transverse magnification. For the points 
of the plane = —f, which corresponds to the plane 2’ = —/”, this ratio 
is unity. These two planes are called the principal planes or unit planes. 
Their points of intersection with the axis are the principal points 
H and H’. Any optical system may be schematically represented by 


Fig. 2 


an axis, the foci and the principal points. The distance e from a point 
of the object to the principal plane in the object space is called the 
object distance; similarly, e’, the image distance, is that of the corre- 
sponding image point from its principal plane. Then (see fig. 2), 


—e=f—x2 ¢é=f'+2 
and the first equation of (6) gives 
cone—fa=fie 40-1 ...% 


For a symmetric system, f= —f’ and we obtain the elementary lens 
formula * 


l lee ' 
Sateen 


In elementary optics we measure the image and object distances 
for a thin lens from the middle of the lens. For a more complicated 
optical system, e.g. a photographic objective, this is no longer allow- 


*This formula is usually written for the absolute values, i.e. without the minus 
sign attached to 1/e. The same is true for equation (8), following. 
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able. In this instance the unit planes (from which these distances are 
measured) may be far apart and even outside the lenses themselves. 
For the construction of the image we make use of a ray parallel 
to the axis and another passing through the focus (fig. 2). The former 
meets the unit plane of the object space at A; this point corresponds 
to the point A’ at the same height on the unit plane of the image 
space. The ray from P through A and JA’, parallel to the axis, must 
then pass through the principal focus F” of the image space. The ray 


Fig. 3 


from P through F, on the other hand, meets the first unit plane at B. 
This ray must then cut the other unit plane at the point B’, which is the 
same distance from the axis, and must then travel parallel to the 
axis. The intersection of the two rays in the image space locates P’, 
the image of P. A case of particular importance is that where the 
object point is at infinity and in a direction which makes an angle u 
with the axis. This point corresponds to a point in the focal plane of 
the image space; its co-ordinate is found as follows: the ray in the 
direction « which passes through F (fig. 3) meets the first unit plane 
at A. This corresponds to the point A’ at the same distance from the 
axis on the other unit plane. The ray then runs parallel to the axis, 
cutting the focal plane at P’. Then we have the relationship 


y=—ftae. ... ee... « 8 


This equation makes it possible to convert angular distances ‘in (e.g. 
astronomical measurements) into linear distances in the focal plane of 
the observing instrument. 

In analogy with our definition of transverse magnification (p. 399) 
we may define the magnification in depth as the ratio of the difference 
of the abscisse of the two image points to the difference of the 
abscissee of the object points. This ratio, however, depends upon 
the abscissa itself, and thus is not definite except for infinitesimal 
differences. It is therefore preferable to define the depth magnification 
as equal to dz'/dx. Then, by (6) (p. 399) 


oa. </e  ) 
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Since this quantity depends upon «, we see that collinear projection 
does not preserve similarity. 


. If f and ais have different Signs, as assumed, then a movement of the object 
will cause the image to move in the same direction. This is the case for reflection. 
The angular magnification or convergence ratio is defined as the 
tatio of the tangents of the angles between the axis and a ray in image 
space and in object space, the ray being such as to cut the axis in each 


region. This ratio is constant for a given point on the axis, for it 
follows from fig. 4 that 


tanu fte i f+e  (f+a)r_2 


Si SO ee ia SC 


tamu PFE PPE PF a 


The product of the transverse magnification and angular magnification 
for a given plane is constant for the entire system, for we have from 
equation (10) and equation (6) (p. 399): 

y’ tanw’ 


- | ae 
aa" 7 a) 


Combination of two imaging processes 


The result of two successive collinear transformations is again 
collinear, and so there must be a single projection equivalent to the 
two. We set ourselves the task of determining the four cardinal points 
for the result, i.e. the focal points and the principal points or their 
corresponding planes. Fig. 5 shows these planes for each of the two 
processes, denoted respectively by subscripts 1 and 2. The same letters 
will be used to indicate the intersection of each plane with the axis. 
A ray parallel to the axis and distant y from it is drawn in the object 
space. After meeting H, and H,' it goes through the focus F,'. Its 
inclination to the axis in the first image space is 


tanth! = — fr JP oe ew ee 
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The final focal point will be the image of the object F,', as formed 
by the second system. Denoting the separation F,'F, by D, which is 
reckoned positive when Fy is to the right of F,’, we have by equation 
(6), p. 399: 

7) = —D, 220) = FF = tale » + (13) 

The principal plane H’ may be located graphically as follows: 
If H' is the principal plane of the combined system, a horizontal inci- 
dent ray distant y from the axis will finally pass through F’. Then H’ 
must contain the intersection of the horizontal line and the ray pass- 


F H, Hy KR BR EF H’ 


Fig. 5 


ing through F’ that corresponds to the ray F,’H,’. Algebraically, the 
focal length f’—the distance between F’ and H’—is obtained by ap- 
plying equation (10) to the angular magnification produced in the 
second system, remembering that u, = u,’. Then 
ae! 
fi ff 
Also, according to fig. 5, since F’ is to the left of H’, 


ape = an , 
tanu, = — tan, 


tanu’ = tanu,’ = — 4 i 
, ti 
il D 
whence i= wipe eo e e e e © «@ 14 
Pe ie te 


Similarly, one finds 


Sify’ 
, 
FF 7 and Via eR or (14’) 


Tf, as is usual, the same medium (air) is present on both sides of 
the lenses, then the two focal lengths will be equal in magnitude and 
opposite in sign. This will be shown in the next section. If the system 
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consists of two thin lenses, for each of which the principal planes may 
be ane a the distance d between lenses 
may be written d= D+/f,’—f,, or d=D-+f,' +fy’ (see figure). 
Putting this value of D in (14) and in (14’) we gat, with the paca 
air, 

1g ae | d dL le ye eee 

ae a ed ee es 

ae ee 
If, in addition, the lenses are close together, the result is simply 

aaa ime 


im ne ee 


Hence for thin lenses in contact, the reciprocals of the separate focal 
lengths simply add up to give the reciprocal of the combined focal 
length. For this reason the reciprocal of the focal length of a lens is 
called the power ¢ and is measured in diopters, one diopter being the 
power of a lens whose focal length is one meter. It must be remembered 
that the additivity of the powers—which holds, incidentally, for any 
number of lenses—is valid only when the same medium is present on 
both sides of the system. 

Ex. 102. The solar disc has an angular diameter, as seen from the earth, of 
1/2°. How large is the image formed by a lens of focal length 2 m.? 


Ex. 103. The plane of an object is inclined to the axis of a lens system. Locate 
the image plane. 


3. The Practical Problem of Image Formation. Abbe’s Sine Law. 
General Path of an Elementary Pencil from a Point Source. 


(a) Imaging of points near the axis by means of narrow pencils 


Suppose that the angle between the rays diverging from a point 
on the axis is so small that the sine and tangent may be taken equal 
to the angle itself. Assume further that only points near the axis are 
considered, so that their distances from the axis may be taken equal 
to the lengths of circular arcs whose centres are on the axis. Under 
these conditions, calculation of the refraction at a centred spherical 
surface leads to the collinear formulw. Since the net effect of suc- 
cessive collinear transformations is again collinear and since, to the 
above approximation, any surface of rotation may be replaced by its 
sphere of curvature, it may be said in general that within the limits 
of accuracy described, any system consisting of coaxial refracting sur- 
faces of rotation is collinear. This statement is true even if some of the 
surfaces are reflectors, since this case is merely one where » = —l. 

The truth of the above statement will be shown for a refracting 
spherical surface separating & medium of index n, on the left, from one 
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of index n’ on the right. The convention regarding algebraic signs will 
be that all axial segments to the left are negative, those to the right 
are positive; the curvature of a surface is positive in the convex side 
is facing the light. In fig. 6, let P be an axial point whose distance 
from the vertex of surface R is —s; and let a ray leaving P at an 
angle e with the axis arrive, after refraction, at another axial point P’ 
whose distance from F is s’. We must show that s’ is independent of 
the angle ¢, i.e. that all rays coming from P again unite at P’, Draw 


Fig. 6 


the radius to the point K and denote the angle RMK by y. Then, 
using the sine law of trigonometry and replacing the sines by the 
angles themselves, we have (see figure) 

r—s_a 


me: ef 8 
5 4 y and 8 ae y e e e e (17) 


Dividing one equation by the other and using the law of refraction in 
the form na = n’'B, we have 


=, «ss. CS) 


ey ee 
or n(- = | =n ¢ => a oS oO Oo oO a0) 


The angles a and B are not present in the result. The value of the 
expression 
pitas 
Ne oF 


remains constant, and it is said to be a surface invariant. Equation (19) 
may be written in the form 
—n Ww nn 


7 eer) 
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Comparing with equation (7), p. 399, and putting e=<s and e’ = 8’ 
yields * 


wee a _ n't 
fas, Fest se 
and hence f el = e e ° e e e ° (22) 


If (22) is substituted into (11) and if w is substituted for tan u, the 
result is the important Helmholtz-Lagrange equation 


Meme. 5 ew 5 tw ew 4e8) 


Thus the expression ,y,v; is also an invariant. Equation (23) repre- 
sents the relation between angles and lateral distances in the object 
and image spaces even when there are many refracting surfaces, 
whereby it should be noticed that a large image corresponds to a 
narrow pencil and vice versa. 

With the help of (22) we can now determine the combined effect of 
two successive imaging processes in the general case where the indices 
in object and image spaces are not the same. Combining equation (14), 
p. 402, with d= D+,’ —f, and neglecting d, we have 


1 i 1 _ hs Py iD Ny 24 
oe fife fe Sify fi a Cs ca 

or, introducing the power ¢, 
te! f' == Mahy’ + My' Gy. 2 6 6 2 © (25) 


Thus for a lens of index n, having a medium of index n, to the left and 
one of index n, to the right, the last equation becomes 


Np’ = dy + Mo he's 


where ¢,’ and ¢,’ are, respectively, the powers of the front and rear 
surfaces. 

Up to now it has been shown that refraction by a spherical surface 
can be described by a relation of the form of equation (7) by identi- 
fying —nr/(n’ — n) with f and n’r|(n’ — n) with f’, and by measuring 
object and image distances from the plane normal to the axis at the 
vertex of the sphere. In this case the focal planes are really distant ij 
and f’, respectively, from this plane, which thus represents the coinci- 
dent pair of principal planes. Thus, putting s= —o In (20) and 
combining with (21), we get s’=/’; ina similar way, for s’ = 0 we 
get s=—f. If # and 2’ are now measured from the focal planes 
(3 =a2+f and —s=—2x —f), then the first collinear equation of (6) 


* The factors 1/n and 1/n’ imply only a difference of scale in the two spaces, 
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results. It remains to show that the second one is also satisfied. In 
order to find the object-image relation for a point @ near the axis 
(fig. 7), imagine the line PP’ together with the other rays to be rotated 
through a small angle about the centre M of the sphere. Then P goes 
to @ and P’ goes to Q’. The ares PQ and P’Q’ may, to the approxi- 


Fig. 9 


mation adopted, take the place of the axial distances y and y’, Then, 
from the figure and from equation (19), 


If » and «’ are measured from the focal planes, so that we take 
—s = —2x—fand s’ =a’ + f’, then the use of zz’ = ff’ gives us 


ff hin PEL) fe oe 


so that also the second collinear equation is fulfilled. 


(6) Imaging of points near the axis by means of wide pencils. 

As soon as wider pencils of rays are used, the sine and the angle 
may no longer be taken equal and it is found that the image distance s’ 
depends on the angle «. Rays emanating from P no longer re-unite 
in axial point P’ but enclose a curve (or, in space, a surface of rotation) 
called a caustic. It is possible, however, to find mathematically a 
refracting surface such that all rays coming from P will converge again 
at P’. To obtain the analytical equation it is only necessary to apply 
the condition of constancy of optical path. For the case of reflection 
this surface is obviously an ellipsoid of rotation having the given 
points as foci, and it passes over into a paraboloid of rotation as P is 
moved to infinity. 

The imaging of an axis point is of little practical importance, for 
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even the neighbouring parts of an object lying in a plane normal to 
the axis are not sharply focused. If the problem is to form an image 
not only of an axial point but of an entire element of area lying normal 
to the axis—something that can be done by using several refracting 
surfaces—then a condition first discovered by Abbe must be satisfied. 
This condition will now be deduced, using Fermat’s principle (p. 395). 
Let the optical system, say a thick lens, be represented by the curved 
lines in fig. 8. The point P has its image at P’; and P,, which is ina 
plane through P normal to the axis, has its image at P,’, which lies 
in a plane through P’ and normal to the axis. Rays drawn through P 
and P, parallel to the axis cross at F’, while parallel rays drawn through 
this pair of points at an angle wu to the axis will meet at some point Fy’. 
It will not be concluded that F’ and Ff,’ lie in a plane normal to the 
axis; for this amounts to assuming that an infinitely distant plane 
is imaged, point for point, in a focal plane. This is more than we wish 


5S 


Fig. 8 


to prove, since our deduction is limited to an element of area. Let the 
parallels to the axis enter the optical system at A and A, and leave 
it at A’ and A,’. Similarly, let the oblique parallels enter at S and S, 
and leave at S’ and S,'. According to the Fermat principle, the follow- 
ing relations will hold for the optical paths, which are denoted by 
parentheses: 


(PAF’P’) = (PSF/P’) and (P,A,F’P;’) = (PS,Fy' Py). (a) 


he paths (P,A,A,’F’) and (PAA’F’) are equal, since F” is the inter- 
asi of Ri el are as to an orthogonal surface (cf. p. 402). 
Further, (F’P,’') and (F’P’) are equal as far as smal] quantities of 
second order, because of the smallness of (P’P,’). Neglecting these 
term, we have 


(PAF’P!) =(P,AF’Py). 2 ee es ® 
Combining with (a), (PSF;'P’)= PSF Py). - + + + + ©) 


Drop a perpendicular from P on to P,S, and call the foot of it N. 
Then, because both rays are normal to the same orthogonal surface, 


(BOE) =KNSM, ee so  « s (0) 
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Subtraction of (d) from (ce) yields 
(Fy P’) = — (NP) + (Fy'Py). 6 eee 


Now erect a perpendicular P’N to the line F,'P’. As far as second 
order quantities, 


(Fy Py’) — (FP) = (N’ Py), <.) oceans (f) 
that is, (NE) = NE). “se. Se 


If the index of refraction is nm in the object space and n’ in the image 
space (the two indices would be different, for instance, for an immer- 
sion microscope objective), then 


(NP,) = ny sinu, (N'P,') = n'y’ sinw’; « a) 
whence, according to (q), 
mysinu=n'y'sinw’. - . . . « » (28) 


In place of the Helmholtz-Lagrange equation we have the relation (28), 
while according to (11) and (22) collinear projection amounts to the 
same relation with the tangents in place of the sines of the angles. 
This shows that collinear projection of the entire space, using arbi- 
trarily wide pencils of rays, is fundamentally impossible. Similarly, 
we could proceed to show, as in the deduction of the sine law, that if 
the sine condition holds for a given pair of axial points it is impossible 
for it to be valid for any other pair. The special case of plane reflec- 
tion is an exception. Here the whole of space may be imaged collinearly 
using wide pencils, for since n = n’, y = y’ and u = —vw’, the sine and 
tangent conditions are compatible in this instance. 


(c) Imaging of pounts distant from the axis by means of narrow pencils 
Even an elementary pencil from a point off the axis will fail to focus 
at a point after refraction at a spherical surface. Moreover, it is readily 
seen that rays in the meridian plane—the plane containing the axis 
and the point—have a different point of intersection from those in 
the plane normal to this one. Nevertheless, according to the theorem 
of Malus, every elementary pencil has an orthogonal surface. 
Imagine the pencil so limited that the orthogonal surface in the 
image space is bounded by two pairs of neighbouring lines of curva- 
ture (fig. 9). As we know, neighbouring normals to the surface inter- 
sect along the lines of curvature. The normals at A and B intersect 
at H, those at C and D have their point of intersection at F. The 
straight line HF is normal to the principal ray drawn through the 
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centre of the element of surface. In the same way, the second pair of 
lines of curvature furnishes a line of intersection GH which is in a 
direction at right angles to HF. The distances AH and AG represent 
principal radii of curvature of the surface element. The rays reunite 
at a single point only when these two radii are equal, otherwise there 
are two focal lines whose distance apart is called the astigmatic dif- 


Fig. 9 


ference A. An astigmatism of this kind occurs when the principal rays 
meet a spherical refracting surface obliquely. 

Ex. 104. Show that the laws of reflection and refraction hold also for the angles 
which the incident and reflected (or refracted) rays make with any plane contain- 
ing the normal to the surface of separation. 

Ex. 105. In a prism spectrograph, why are the lines curved? 

Ex. 106. Compute the focal lengths and locate the principal planes of a thick 
lens of index n. 


Ex, 107. Find the form taken by the sine law for an infinitely distant axial 
point object. (Introduce the height 4 at which a ray coming from an axial point 
cuts the first surface of the system.) 


4. The Resolving Power of Optical Systems. 


Even if the science of geometrical optics would enable us to con- 
struct an objective which, by compensation of the various imper- 
fections of single-point image formation, brought all rays from a point 
source (e.g. a distant star) to a point focus, observation would still 
show the image to be a small disc surrounded by a system of rings. 
This pattern is due to diffraction by the edges of the lenses and dia- 
phragms. Although the point of observation is in the finite region— 
in our example the focal plane of the telescope objective—the case is 
one of Fraunhofer diffraction, since diffraction at the aperture gives 
rays in various directions; this is equivalent to infinitely distant point 
sources of various intensities. The evaluation of the diffraction integral 
may be performed for a circular opening with the aid of Bessel func- 
tions. Qualitatively, the intensity variation is not different from that 
found for a slit. However, for normal incidence, the first minimum 
is in a direction @ given by 


rsin# = 0-61), ees @ @ @ (29) 
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where + is the radius of the opening. A second point can be separated 
from the first if the angular distance between the two is at least sc 
great that the maximum for the second point falls upon the first mini- 
mum in the image of the other. Thus, for a circular aperture, 

0-61A 


AD Sap esas ne 


The “ limit of resolution ” thus defined cannot be influenced by in- 
creasing the magnification; its value, however, is inversely propor- 
tional to r, and this is the reason for the large dimensions of tele- 
scope objectives. 


Ex. 108. Calculate the resolving power of a prism in terms of its dimensions 
and the dispersive power dn/dd of the substance of which it is made. 


5. The Fundamentals of Interference Optics. Interference Fringes. 


In the construction of a certain class of optical instruments, the 
so-called ‘interference’ instruments, the wave nature of light 
is taken into consideration in so far as several coherent pencils 
are combined, this being done in such way as to allow for their dif- 


Fig. 10 


ference in phase. The diffraction phenomena occurring at the 
boundaries are not of essential importance in this type of device. 
If a plane wave be reflected from a wedge of small angle (fig. 10)), the 
superposition of the waves reflected from the front and back sides of 
the wedge will yield an increased or decreased resulting disturbance, 
depending upon the phase difference of the emerging waves. But the 
phase difference depends only upon the optical path between the two 
faces of the wedge; thus there will be places where the disturbance is 
intensified and others where it is weakened. If the incident beam is 
exactly parallel we shall not be able to see these places at all. As a 
matter of fact, it is physically impossible to produce such a beam, 
since it would require a source consisting of a single point of light 
(whose surface brightness would therefore have to be infinite) placed 
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at the focus of a lens. In reality a source of light always has a finite 
extension, and since every point of the focal plane corresponds to a 
given parallel bundle of rays, the resultant beam always has a certain 
divergence. We shall assume, however, that this divergence is so 
small and that the thickness of the wedge is also so small that the path 
difference at a given point on the wedge is the same for all rays. The 
rays incident at this point then give a resulting illumination whose 
intensity depends upon whether the path difference at the front sur- 
face is an integral number of whole wave-lengths or half wave-lengths. 
In the former case, the resulting illumination is intense; in the latter 
case, weak. The eye or a photographic objective focussed on the 
upper surface of the wedge will observe a system of light and dark 
bands, or “interference fringes”. These are the “curves of equal 


Fig. tt 


thickness ” of the wedge. As the angle of the wedge is increased, or as 
its thickness is made greater, even the rays at a given point have 
different path differences and the visibility of the fringes decreases 
considerably even for monochromatic light. 

On the other hand, if we allow a divergent beam to fall upon a 
plane parallel plate, the difference in inclination gives rise to a dif- 
ference in path of the rays reflected from the two surfaces. If the index 
of refraction of the plate or film is the same as that of the surrounding 
medium, as in the case of the Fabry-Pérot interferometer, the path 
difference for an angle of incidence a is (cf. fig. 11) 

2d 


_- =— — ina = 2d . (31 
AC +CD— AB oe 2d tana sina cosa. (31) 


In those directions for which 2d cosa = mA there is light, while for 
directions given by 2d cosa = (2m + 1)A/2 there is darkness. All rays 
making an angle a with the normal to the surface yield a circle in the 
focal plane of an objective focussed for infinity, on account of the com- 
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plete symmetry about the normal, so that the fringe system consists 
of concentric circles. The rings become narrower if the thickness of 
the plate is increased, but—unlike the previous case—their visibility 
is limited only to the degree that the light source is not strictly mono- 
chromatic. If we assume that a spectral line consists of, say, two 
strictly monochromatic components, there will be a condition where 
the interference fringes of one component fall between those of the 
second, making the resultant pattern indistinct. In reality, no 
spectral line is strictly monochromatic; the fact that a radiating 
atom sends forth a succession of finite wave trains means that the 
spectral line actually consists of a continuous distribution having a 
sharp maximum. This may be seen by considering the finite wave 
train analysed into an equivalent sum of Fourier components. The 
result is that the interference effects due to the different wave-length 
regions overlap when the path difference is large. 

If we have but two interfering rays, the vector diagram indicates 
a decline of intensity according to the formula 


1 =Iyu,c08°, oe 6 * © oe 


where ¢ is the phase difference. If we allow a larger number of rays 
to interfere we obtain a considerably steeper decline of intensity, 
and hence greater resolving power for wave-lengths which are close 
together (cf. p. 52). This condition may be realized by lightly 
silvering the two surfaces of a plane parallel plate, so that these 
surfaces still transmit part of the light falling on them. Light 
transmitted by the system consists of a large number of partial rays 
(in reality infinitely many, with decreasing intensity) which have 
experienced various numbers of reflections. This arrangement is used 
as a spectroscope of very high resolving power, and is the familiar 
interferometer of Fabry and Pérot. If we had a finite number of partial 
beams of equal intensity we could apply the results obtained for the 
grating by means of the vector diagram. We found the resolvizig power 
of a grating to be (p. 384) 


R=Nm 2... (38) 

The difference here is that the number of rays of a given intensity 
is small, while the order—i.e. the path difference for neighbouring 
rays—is large in the present case. If the thickness of the plate is 
0-25 cm. and we have green light, A= 5 x 10-> cm. incident normally, 
m = 2d/A = 104, while m is usually less than 5 for the grating. The 
fact that we really have infinitely many rays whose intensity de- 
creases geometrically modifies the considerations somewhat. There 
is no longer a sidewise minimum, and we must impose a criterion 
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which determines the distance of a second maximum which just may 
be perceived separately. In practice, an interferometer of this type 
is characterized by the equivalent number of rays of equal intensity 
—a number around 20. Thus in our case this implies a resolving power 
of about 2 x 10°. To obtain an idea of what this means, let us con- 
sider the two D-lines of sodium, A = 5890, 5896. The fractional wave- 
length difference is about 10-%, so that the above interferometer would 
be capable of resolving two lines whose separation is about one two- 
hundredth that of the sodium lines. 

One disadvantage of this type of interference spectroscope, how- 
ever, is its small region of dispersion, which makes it necessary to 
use this instrument by crossing it with another type of dispersive 
instrument, e.g. a grating. If the incident light embraces a consider- 
able wave-length region, the resulting interference pattern will be 
hopelessly complicated. The “region of dispersion’ AA is that dif- 
ference in wave-length for which the m-order interference pattern 
of one wave-length coincides with the (m- 1) order pattern of the 
other. Then 


m(A + AA) = (m+ 1)A 


or AA= a eer oe) 


Thus the region of dispersion in the example above is one-tenth the 
separation of the sodium lines. 
Ex. 109. Calculate the difference in path of rays reflected from the two sur- 


faces of a plane parallel plate of glass if the rays are parallel and enter the plate 
at an angle of incidence «. The outside medium is air. 
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PART IV 


THe THeory or ELECTRICITY 
II. Tue Atomistic Nature or EvectricaL PHENOMENA 


In the preceding part of this work we considered a theory which found its 
complete formulation, for stationary bodies, in the Maxwell Field Equations. 
This theory made use of a number of experimentally determinable material 
constants—the conductivity o, the dielectric constant K and the magnetio per- 
meability », as well as the index of refraction n which is derivable from these 
quantities. But, as mentioned in several instances, these quantities are not in- 
variable material constants, but depend upon temperature, pressure, and—for 
rapidly varying fields—upon the frequency. By its very nature, the field theory 
is powerless to give any information concerning this variability of o, K and y; 
rather, we must try to construct a picture, based upon suitable assumptions as 
to the structure of matter and of electrical charge, which furnishes the correct 
functional dependence of these quantities upon the several variables. Thus in 
contrast with the field theory, which uses only macroscopic quantities, we must 
employ concepts of a microscopic nature which, in part, are not capable of direct 
verification and whose validity can be tested only by examining the conclusions 
obtained from their use. 


: ° 2? — 
Se a ike La Yor sds 9% Stes ot) e 

. = en 
44s Sova ee ch eed Bee 


* Voncet fase conn? re hesjoue' an Bae an Ve sire rick 


ie Ne alt yc ed See ee ee 
Pino > aauceges te ei 6S ee 
oe nite ppetiens otepint: Oh s See 


CHAPTER XXII 
ELECTROLYTIC CONDUCTION 


1. The Fundamental Phenomena of Electrolytic Conduction and their 
Interpretation. 


We begin with the consideration of a phenomenon the experimental 
laws of which are not explicable by the Maxwell equations, but have 
been known for a long time. These empirical relationships led, at an 
early period, to hypotheses concerning the nature of electricity. The 
phenomenon referred to is the conduction of electricity in solutions 
of acids, bases, or salts—the so-called electrolytes. 

Electrolytic conduction follows Ohm’s Law at all field strengths from 
the weakest to the strongest, i.e. at constant temperature the conductinty 
is independent of the field strength. Only recently have small departures 
from Ohm’s Law been found for the highest fields. This type of con- 
duction is accompanied by a transport of matter. The constituents 
of the substance in solution are deposited at the electrodes in accor- 
dance with the familiar Faraday Law, which states that the electro- 
lytic liberation of one chemical equivalent * of a substance always requires 
the same quantity of electricity, viz.: 


F = 2-893 x 10% e.s.u. gm. sec./mol = 9649 x 10*amp. sec./kg. mol. 


A chemical equivalent is understood to mean that mass of an element 
or group of elements (chemical radical) which could displace one gramme 
molecule (1 mol) of atomic hydrogen, i.e. 107-9 gm. of univalent silver, 
(1/2)(63-6) gm. of bivalent copper, (1/3)(138-9) gm. of trivalent lantha- 
num, &c. 

If we look upon the atomic nature of matter as a proven fact, 
as we now have every reason to do, the Faraday Law makes the 
atomic character of electricity seem extremely probable. One equi- 
valent of silver contains ZL = 6-02 x 103 silver atoms. The transfer 
of this number of atoms is associated with the transfer of a quantity 
of electricity F, so that on the average each atom conveys a charge e 


given by 
F 9650 x 104 “ |, - 
e= T= 602 x 10% = 1-60 x 10-!® coulombs = 4°80 x 10-1 e.8.u. 


Since we always find this value in every experiment, it is natural to 


*In the M.K.S. system the kilogramme mol must be used. 
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assume that this quantity is not only the average value—which is all 
we are justified in concluding thus far—but that every univalent atom 
actually carries a charge e, every bivalent atom a charge F'/(L/2) = 2e, 
&c. The charge e may be called the elementary unit of electrical 
charge—the “‘ atom ” of electricity. For reasons which we shall dis- 
cuss later, it is most commonly called the charge upon the electron. 
The existence of this element of charge has been demonstrated 
beyond question by a large number of experiments. On account 
of their behaviour in electrolytes, we call atoms or atom groups 
which carry one or more elementary charges tons (Greek édv, going). 
What is the origin of the charged particles? We now know from 
X-ray crystallography that a simple crystal of a salt, e.g. an NaCl 
crystal, is built up not of neutral atoms, but of positive Na*+ ions 
and negative Cl- ions. When dissolved in water the lattice struc- 
ture is destroyed, but it is very probable that the ions retain their 
charges. It is, of course, possible that a certain part unite to form 
neutral NaCl molecules. 

In the case of electrical discharge in gases, the carriers of the cur- 
rent are formed by the field itself, as we shall see later. This cannot 
be true in the present case, since we find the same value of the con- 
ductivity for the weakest fields as we do for very strong ones. 

If, in one cubic centimetre of an electrolyte, we have N positive 
ions of valence z4, and N_ negative ions of a substance of valence z_, 
and if the speeds of the two kinds of ions are v4 and v_ respectively, 
then the charge flowing through unit cross-section per second is 


t= Nowe eu Negb\en. <eoee. 


for a8 many positive ions pass through the unit cross-section each 
second as are contained in a prism of length v,, i.e. Nv4. Similarly, 
N_v_ ions pass in the opposite direction; this corresponds to a stream 
of positive charges in the direction of the field. Thus ¢ is the value of 
the current density. Since the solution as a whole is neutral, 


N 424 = N z., Oey CEO iChat ‘; (2) 
so that 
t=W yep w_). . . « cee 


If Ohm’s Law is to hold, ie. if t is to be proportional to the field 
strength HZ, then according to equation (1), v, as well as v_ must be 
proportional to H# and independent of the time. One might at first 
imagine that a constant force zeE, which acts on an ion of valence 
z, would produce an acceleration, i.e. a velocity varying with time. 
But in addition to the field, the ion is subject to the frictional resis- 
tance of its motion through the solvent. If we make the somewhat 
bold assumption that Stokes’s Law (p. 222) holds even for spheres 
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of atomic size, we have a resistance f proportional to the speed: 
vi — 6rnRv, . e e e e e ° (3) 


where R is the radius of the sphere and 7 is the viscosity of the 
fluid. After a short period of acceleration there is equilibrium between 
the force exerted by the field and the resisting force, so that 


oe ZF 4 
iGo Sa cs ones (4) 


The velocity attained in unit field is called the mobility of the ion: 


v 
ca °° 


The mobility is usually referred to a field of 1 volt/em. Introducing 
the mobility into equation (1) (p. 418), we have 


$= (z,Niu, + 2N_u_)eH = Nyz,eH(u,+u_), . (6) 
and the conductivity becomes 
o = (2,N iu, + 2N_u_)e= N42z,¢(u4 + u_). - (7) 


Thus the value of the conductivity alone does not give the mobility 
of each kind of ion, but only the sum of the two. In addition, we 
must know another relation between the two mobilities, e.g. that they 
are equal, or that their ratio has a given value. This may be deter- 
mined experimentally (cf. below). We see also from equation (5) that 
the mobility is greater the smaller the viscosity of the solvent. Now 
the latter decreases, for all liquids, with rising temperature, so that 
we have an explanation of the increase of electrolytic conductivity 
with increasing temperature. 

The ratio of the mobilities may be determined by measuring the 
changes in concentration occurring at the electrodes when a current 
passes, The natural diffusion tending to cancel these differences in 
concentration is prevented by inserting a porous diaphragm into the 
vessel. We shall compute the mobility ratio in this way for an electro- 
lyte whose ions are both univalent. There are deposited at the cathode 
not only the cations which have migrated there, but also those set 
free by the moving away of their oppositely-charged partners. That 
is, only one kind of ion need have appreciable mobility in order that 
there may be deposits at both electrodes. If it were otherwise, the 
electrolyte would have an excess charge at the electrodes; this charge 
would equalize itself by deposition of the superfluous ions. Fig. 1 is 
a schematic diagram of an electrolytic cell in which we assume the 
ratio of mobility of the cation to that of the anion to be 3: 2. Only 
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those cations which are set free by the departure of the anions have 
any effect on the change in concentration at the cathode. Hence the 
ee = 
EEE HEHEHE HHH HH Ht 


P ! (canal, 
deposited deposited 
Fig. 


change in concentration at the cathode, expressed in gramme molecules 
of the solute is 
N_u_E 
An _— aay ame » “se (8) 


where EF is the field strength and L is Avogadro’s Number—the 
number of molecules per mol. The change in concentration at the 


anode is 
An, = “Hu on. 


Since N_ = N, when both ions are univalent, we have 


An, 

in ee (10) 
The losses in concentration at the respective electrodes, expressed in gramme 
molecules of the solute, are inversely proportional to the mobilities of the 
tons arriving there. This relation was given by Hittorf. 

In this form, the law holds also for an electrolyte whose ions have 
valences 2, and z_. The chemical formula of the solute is then K,_A,,, 
where K represents the cation, A represents the anion, and z, and 2_ 
are relatively prime. It is true that we now have z_V_ = 2z,N, in 
place of simply N_= N, but the decrease in concentration at the 
anode, expressed in gramme molecules of the solute, is calculated from 
the decrease in the number of cations by dividing by z.L (cf. 
the chemical formula), so that the valences cancel in forming the ratio. 

The ratio of mobilities gives also the ratio of the parts of the total 
charge carried by each kind of ion. Denoting the fraction of the total 
charge carried by the cations by q,, that carried by the anions by 
gq. = 1 — q+, we have by equation (6) (p. 419), 

Qit = 2,N 4u, eH ' 
q-t = z_N_u_eH, 


whence Ft ecg, Hlingety pment 


Following Hittorf, g, and q_ are called the transport numbers. 
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According to equation (6) (p. 419) and equation (11) immediately 
above, the individual mobilities of the ions may be determined from 
measurements of conductivity and transport ratios. These mobilities are 
very small. The following are several values in cm. sec.-1/volt cm.—: 


Li+ 36°8 x 10-5 
Nat 46-0 x 10-5 
Kt 67-6 x 1075 
Mg++ 47-6 x 1075. 


If we use these values in conjunction with Stokes’s Law to determine 
the ionic radii, we obtain values of the correct order of magnitude, 
10°* cm. But we see that these radii are not the same as those of 
the free ions in the gaseous state, for—contrary to well-founded 
results of atomic physics—they decrease in the order Li-Na-K, rather 
than increase. The reason is that there exists a stronger electrostatic 
field at the “‘ surface ” of a small ion than at the surface of a large one, 
assuming the charge to be symmetrically distributed over a sphere. 
This field causes the attachment of molecules of the solvent, the effect 
becoming more feeble toward the outside. The observed radius is, 
then, the effective radius of the ion together with its shell of molecules 
of the solvent. For this reason the mobility of the bivalent Mgt+ 
ion is not very much different from that of the similar univalent Nat 
ion, although for a given field, the force on the former is twice as great. 
If we omit from consideration the constituent ions of water, H+ and 
OH-,* we may say that the mobilities of all ions are approximately 
equal, for if an ion has a greater charge, and hence a greater driving 
force, it will also have a greater effective radius, and hence experience 
greater resistance to its motion. 


2. Dependence of Electrolytic Conductivity upon Concentration. The 
Theory of Debye-Hiickel and Onsager. 

Let there be given an electrolyte in which p gramme equivalents are 
dissolved in each cubic centimetre of solution, and let the fraction 
ionized be a, while the fraction 1 — a remains in the form of undis- 
sociated molecules, and so has no effect on the transport of electricity. 
a is called the degree of dissociation. The conductivity is then given 
by equation (7) (p. 419) as 

o=aple(u,+u_)=opF(uy+u). (12) 


The ratio o/p, the equivalent conductivity A, would be independent of 


the concentration if ' 
1. a were independent of the concentration, and if 
2. the mobilities wu, and u_ were also independent of this quantity. 


* These ions have abnormally large mobilities: 329 x 10~§ for H+ and 180 x 107° 
for OH-. There are undoubtedly other factors which play a rile here. 
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The observed very pronounced dependence of A upon the concen- 
tration can be explained only by discarding one or both of the 
above assumptions. The first alternative—rejection of 1 and reten- 
tion of 2—corresponds to the classical theory of electrolytes con- 
nected principally with the name of Arrhenius.* At first sight the 
fundamental assumption of this theory seems very plausible: the 
frictional forces are assumed to result wholly from interaction with 
the molecules of the solvent. This is quite probable; for example, in 
a molar solution of NaCl the ratio of the number of ions per c.c. to 
the number of water molecules is about 18: 1000. This hypothesis, 
however, overlooks the enormous electrostatic forces exerted by the 
elementary charge within a range of a few atomic radii. 

The presence together of molecules and their products of dis- 
sociation represents a type of chemical equilibrium governed by a 
thermodynamic law known as the Law of Mass Action (cf. p. 542 
et seg.). For the case at hand this rule takes the form 


2 
—— p= K(1), 


l—a 


where the mass action constant K depends only upon the temperature 
T. From this we see that a approaches the value unity as the con- 
centration is decreased. Yor small values of the concentration we 
may set a=1 in the numerator, in which case we see that the 
degree of association 1 — a is proportional to the equivalent concen- 
tration. If the classical formulation is correct, the ratio of the equiva- 
lent conductivity A for finite concentration to that extrapolated to 
zero concentration, Ap, must be equal to the degree of dissociation 
a, which in turn must follow the law of mass action. This is found 
to be true for the greater number of weak electrolytes, i.e. substances 
—chiefly organic acids and salts—having low values of A at moderate 
concentrations. On the other hand, for strong electrolytes—the 
commoner inorganic acids, bases and salts—we find great deviations. 
In some instances the expression 


A\} “. 
a o 


varies by several powers of ten. For this reason theories based on the 
alternative point of view were proposed from the very beginning. These 
speculations were based upon the assumption that dissociation is 
complete even for relatively concentrated solutions (up to perhaps 
1/100 molar), but that the ions exert mutually hindering forces upon 


*§, Arrhenius, Zeitschr. phys. Chem., 1, p. 631 (1887). Lehrbuch der Hlektrochemie, 
Leipzig, Quandt & Handel (1901). 


XXII_] ELECTROLYTIC CONDUCTION 423 


each other. It was Debye and Hiickel who first succeeded in over- 
coming the extreme mathematical difficulties attendant upon the 
computation of these inter-ionic forces. Their theory was considerably 
improved later by L. Onsager. We are able to give only the main 
features of the calculation here; the original papers should be con- 
sulted for details.* 

If we consider a given positive ion and note the number of ions 
of both kinds in its neighbourhood, there will be, when averaged over 
a long time or over many positive ions, a preponderance of negative 
ions in its immediate vicinity. If we compute the average distribution 
of charge in this region, we find it to consist of a spherically sym- 
metric negative charge whose density falls off rapidly with distance 
from the centre. Similarly, a negative ion is surrounded by a cloud 
of positive charges. The manner in which these clouds of charge come 
about may be seen by considering a crystal lattice (fig. 1, p. 573). 
Here also, the nearest neighbours of each ion are ions of opposite sign. 
We may picture the structure of an electrolyte in a similar way except 
that the lattice structure is replaced by one which is more “ plastic ”’. 
The computation is made possible by imagining the charge in the 
neighbourhood of a single ion to be replaced by the average continuous 
volume charge obtained by averaging over the actual ion configurations 
from instant to instant. The density of this average ion cloud is indi- 
cated in fig. 2, Plate I, by different degrees of shading. 

Besides the Stokes resistance, there is a retarding force of the 
following nature: it requires a certain time for the cloud of ions to 
attain its spherically symmetric equilibrium configuration. If the 
central ion is moved forward a distance ds in the time dé, the surround- 
ing charges tend to retain their former configuration. This means that 
there is a deficiency of charge of opposite sign on the forward side and 
an excess on the rearward side. ‘The electrostatic forces then retard 
the ion. 

In addition to this “force of relaxation”, there is a further re- 
tarding effect, the electrophoretic force. According to p. 218, when a 
sphere moves through a viscous fluid, the velocity of the fluid at the 
surface of the sphere is the same as that of the sphere, and decreases 
outward. If, then, negative ions travelling in the opposite direction 
predominate in the neighbourhood of the positive ion, the resultant 
effect of the surrounding ions is to oppose the motion of the positive 
ion; otherwise stated, this ion moves through a region of the solvent 
which itself is flowing in the opposite direction. The results obtained 
by quantitative investigation of these ideas are: 

1. The mobility of a given ion depends not only upon the nature 
of the ion and the solvent, but also upon the nature of the other ion. 


*P, Debye and G. Hiickel, Phys., Zeit. 24, p. 305 (1923). L. Onsager, tbid. 27, 
p. 388 (1926). 
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The independence of ionic motion is valid only for infinite dilution. 
The numbers given in § 1 (p. 421) are limiting values of the mobilities 
at zero concentration. 

2. The two retarding forces are, like the Stokes resistance, propor- 
tional to the velocities of the ions, to a first approximation. Thus 
Ohm’s Law remains valid, although only to a first approximation for 
low field strengths. As a matter of fact, M. Wien found consider- 
able departures from Ohm’s Law for very strong fields (10° volts /cm.). 
He observed an increase in conductivity with increasing field, in good 
agreement with the theory.* In the limit of infinitely strong fields the 
added retarding forces vanish entirely, so that the remaining depar- 
ture from the limiting value of the conductivity for infinite dilution 
is correctly ascribed to association. 

3. For very dilute solutions the departures from the limiting value 
of the conductivity, i.e. the quantities 1— A/A, are no longer pro- 
portional to the concentration itself, as in the law of mass action, 
but to the square root of the concentration. This rule was advanced 
as an empirical fact by Kohlrausch long before the theory was pro- 
posed. 

4. For a number of equally concentrated solutions of the same 
solute in different solvents, the departures are greater for the solvents 
of smaller dielectric constant. To see that the inter-ionic forces must 
increase ‘with decreasing dielectric constant we need only recall that 
the expression for the force between two point charges has K in the 
denominator. . 

The development of the cloud of ions about a given ion is imper- 
fect for rapidly alternating fields as well as for very strong fields. As 
a result, the added retarding forces are absent when high-frequency 
alternating currents, corresponding to a wave-length of 10 m. or less, 
are used. Going to still shorter waves, the electrolytic conductivity 
stops altogether when the wave-length reaches a few centimetres, as 
has been known for a long time both experimentally and theoretically. 
The reason is that the ions, on account of their inertia, are na longer 
able to follow the alternations of the field. This provides us with the 
connexion with optics. In the optical range, solutions of simple salts 
like NaCl are to be considered insulators, as is shown by their 
transparency. 


Ex. 110. In order to gain an idea of the magnitude of the electrostatic forces 
calculate (a) the attraction between two elementary charges e = 4-80 x 10—1¢ 
e.s.u. which are at a distance of 10-* cm. apart; (b) the attraction between the 
positive and negative ions in 1 mol of rock salt which are separated and placed 
at a distance apart equal to the earth’s diameter (12,700 km.); (c) the surface 
pressure necessary to hold together a sphere of 10 cm. radius into which all the 
ions of one sign are packed. 


*M. Wien, Ann. d. Phys., 88, p. 327 (1927), 


CHAPTER XXIII 


Tur ConpucTION oF ELECTRICITY IN GASES 


1. Direct Determination of the Elementary Electrical Charge by the 
Millikan Oil Drop Method. 


Before we treat the theory of electrical discharge in gases we wish 
to decide whether the value of the elementary charge on a univalent 
ion found in electrolysis is merely an average value (this is all we 
can infer so far) or the true value of a smallest unit of charge. The 
experimental proof of the correctness of the latter assumption was 
given by Millikan. The arrangement used by him was essentially 
that described on p. 263. The procedure is to observe the motion, in 
an electric field, of small test bodies carrying a few elementary charges. 
Millikan used droplets of oil formed by atomization. Their motion 
was observed in a microscope, the droplets being illuminated from the 
side. The droplets are in a vertical electric field. With the field off, 
the terminal velocity of fall v, is determined by the equilibrium be- 
tween gravity and the Stokes resistance to motion through the air. 
If we assume—as we may for oil drops—that the droplet is spherical 
and of radius a, and if we call the density of the oil o, that of the air 
o,, and 7 the coefficient of viscosity of the air, then we have the equa- 
tion 

4ar 


67700) = qoute — 04)9. . «ct 


From a measurement of v we obtain the radius of the droplet, and 
thus its mass. If we now apply an electric field £ which, with gravity, 
urges the drop downward, and if we again determine the velocity ,, 


we have 
6anav, = ef + = aX(o — o,)9. ee 4) 


The charge on the drop is then given by 


te] 
; a (9 — 94)9 (j ) @) 
t Doma 3 E . e o@ Ff 
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The result of Millikan’s experiment is.that the charges e, are small * 
integral multiples of a unit whose magnitude is 


e = 4:80 x 10-19 e.s.u. = 1:60 x 10-!® coulombs. 


For the exact calculation it is necessary to introduce a kinetic theory 
correction to Stokes’s Law, since the size of the drop is no longer large 
compared with the mean free path of the air molecules. Several in- 
vestigators have expressed doubt as to the justification of some of the 
assumptions embodied in the experiment, viz. the accurately spherical 
form of the droplets, the identity of their density with that of the oil 
in bulk, and the decrease in mass due to evaporation during the period 
of observation. It is fairly certain, however, that any errors attributable 
to these causes are very small. 

The Millikan experiment not only proves the existence of the 
quantum of electricity e, but also gives the most accurate value of this 
constant so far obtained. This quantity also furnishes a value of L, 
since the Faraday equivalent charge F = Le is directly measurable 
with great accuracy. There results 


L = 6-02 X 103 mol-! = 6-02 x 10% (kg. mol)-1, 


2. The Nature of the Cathode Ray Particles. The Electron. 


If a glass tube provided with two electrodes is pumped down to a 
pressure of a few thousandths of a millimetre of mercury, and if an 
electrical potential of several thousand volts is applied, one observes 
a green fluorescence on the wall of the tube opposite the cathode, what- 
ever may be the position of the anode. The fluorescence is even stronger 
if observed on a screen of zincblende placed within the tube opposite 
the cathode. The fluorescence is said to be caused by “ cathode rays ”’. 
The fact that the fluorescence spot may be deviated by allowing the 
rays to pass through an electric or magnetic field is of prime impor- 
tance in obtaining a knowledge of the nature of these rays. The direc- 
tion of deviation is such as to indicate that the rays are composed 
of negatively charged particles. We obtain the same rays if We use 
as a cathode a wire filament heated to incandescence by an electric 
current. Moreover, with this cathode, we still obtain the rays when 
the tube has been pumped down to pressures at which it would no 
longer pass a current with a cold cathode. This method of generating 
cathode rays is to be preferred, as we shall see presently, and we shall 
assume such an arrangement to be used in the experiments discussed 
below. Let the anode be a plane metal plate having a small hole in it 
and placed opposite the cathode. The greater part of the rays from 
the cathode strikes the anode. A current-measuring instrument con- 


* Naturally, on account of unavoidable errors of measurement, only small multiples 
can be demonstrated. 
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nected between the electrodes indicates the passage of a current; thus 
the cathode rays transport electric charges. Let the narrow beam which 
passes through the hole in the anode strike a fluorescent screen some 
distance away. The path of the ray between anode and screen may 
be influenced by applying electric or magnetic fields. In analogy with 
electrolysis, we assume the cathode rays to consist of particles of mass 
m (still undetermined) and charge e. We note at once one important 
difference between the two phenomena: if we reverse the potential 
applied to the tube no current flows. The particles effecting the trans- 
port of electricity in this instance are all of one charge, negative. 

We can calculate at once the velocity of the particles from the con: 
servation of energy: 

De i (3) 

or 


— ae, e decbmenaye (4) 
m 

The values of e and m™ are still unknown; we seek to obtain the neces- 
sary relationships from experiments on electrical and magnetic de- 
flection of the particles. The deflection by an electric field may be 
calculated very simply. Let the field be normal to the original direc- 
tion of motion, which we take as the z-axis of a rectangular system of 
co-ordinates. Each particle is then subject to a constant force eH 
in the y-direction. The problem is thus identical with the computation 
of the trajectory of a particle thrown horizontally in a gravitational 
field. Starting with 


mi = 0 
e . a e e 5 
mij = eB J’ care (5) 
we integrate twice and apply the initial conditions, obtaining 
L = vot 
__ eke ; : (6) 
Y= Om 


Eliminating the time, the trajectory is found to be the parabola 


eH 


ome? is 3 eee a 


Ve 


The electrical deviation after passing a distance a through the field 
of strength HZ is then 
_ chat Ea 
i ae | Acre 


(8) 


i.e. by inserting the value of vy from (4’), e/m drops out of the equation. 
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Hence the electrical deflection alone gives only the potential V, which 
is directly measurable in our case. 

We seek to obtain a further equation from the magnetic deflection. 
In order to simplify the arrangement we apply the field along the 
z-axis in a direction normal to the initial direction of motion of the 
particles. On p. 309 we calculated the force exerted by a magnetic field 
on an element of a conductor carrying a current in a vacuum to be 


F= : [cH] dr. 


But a volume element containing charge of density p and moving with 
velocity v is equivalent to a portion of a convection current of density 
pv (cf. p. 418). The charge e is equivalent to pdr, so the force on the 
element of current becomes 


F =? [oH] dr = © [vB]. 7 © @ « (9) 


It follows that the force is always normal to the vector vw along the 
orbit, hence the magnetic field can do no work: it can change the 
direction of v but not its magnitude, so that the kinetic energy is 
not changed. Further, since F is also normal to H, no acceleration 
occurs along the z-axis. Thus the z-component of the velocity remains 
zero if—as we assume—it was zero when the particle entered the 
field. On the other hand, the field imparts a y-component of velocity 
to the particle. We have 


dx ., dy. ; 
va pits; and H=4Hk, .. . (10) 


so that the component forms of the equation of motion are 


@e _¢ yy 

d2 c at 7 
Py _e de e e e es e ( ) 
di? c dt 


Integrating once and applying the initial condition that the velocity 
has the direction of the z-axis and the magnitude vy when z = y = 0, 
we obtain 


a gene ss 
dy _ _ ea, e e es e se e ( ) 
dt me 


Squaring and adding these two equations and noticing that the mag- 
nitude of the velocity is constant, we obtain the following equation 


of the trajectory: Seas 
Daypee 


a a oo ¢ @ @ (13) 
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This is the equation of a circle touching the #-axis at the origin and 
of radius MCVp 


a = aa 


The paths of charged particles are bent into circular arcs in m magnetic 
field normal to the initial direction of motion. These circles lie in a plane 
normal to the field and their radii are directly proportional to the initial 
velocity and inversely proportional to the strength of the field. If the 
magnetic field is of limited extent such that only the segment 6 of the 
a-axis is in the field, and if H is not too great, y? may be neglected as 
compared with y in the equation of the path, and we find the magnetic 
deflection to be given by 


pg _ oe a 
mag View, DenfBVN we (15) 

where v, is replaced by its value from equation (4’) (p. 427). This 
approximation is equivalent to neglecting the change in the com- 
ponents of vw caused by the field itself in the right members of (11), 
ie. to setting dy/dt = 0 and dx/dt = v,. It is not possible to determine 
Up, € and m separately, since we have only two equations, but equation 
(4) (p. 427) and equation (15) above represent two equations for 
V, and e/m. The numerical value of ¢/m thus found is 


<= 5-273 x 10!” e.s.u./em. = 1-759 X 10" coulomb/kg., 


(14) 


i.e. 1840 times as great as the ratio of charge to mass for the lightest 
electrolytic ion, the H ion. Since we always find the same value of 
e/m regardless of whether we use a heated cathode or a cold one, and 
regardless of the nature of the residual gas in the tube, it is natural 
to interpret the result by identifying e with the magnitude of the 
electrolytic element of charge and thus conclude that the particles in 
the cathode rays are 1840 times smaller in mass than the hydrogen 
atom. This interpretation is the only logical one, for if we were to 
assume the particles to have a mass equal to that of the atom of resi- 
dual gas, it would be difficult to explain the fact that e/m is indepen- 
dent of the kind of gas. We have thus disclosed the existence of a new 
fundamental substance, the atom of negative electricity, which we call 
the electron. Using the value of e obtained from the Faraday equivalent 
charge and Avogadro’s constant, the mass of the electron is found to be 
My = 9:11 x 10-*8 gm. 

The mass of the hydrogen atom is 1-67 x 10-*4 gm. 

It is a fact of greatest importance that more accurate measure- 
ments show the ratio e/m to be not exactly constant, but to decrease 
as the velocity of the particles increases. Kaufmann was the first to 
succeed in demonstrating this variability. He applied transverse 
electric and magnetic fields to a beam of electrons moving m the 


430 ° THE THEORY OF ELECTRICITY [Cuap. 


same direction but with various velocities in such way that the electric 
and magnetic deviations were at right angles to each other. Take 
a co-ordinate system in the plane of the observing screen, the origin 
being at the point where the undeviated beam meets the screen, with 
the x- and y-axes in the directions of electric and magnetic deviation 
respectively. Then, according to equation (8) (p. 427) and equation 
(15) (p. 429), 
eEa* eHb? 


Im,” 1a 2mcvy 


If we look upon v) as a continuously variable parameter, these are the 
parametric equations of a curve traced upon the screen by the elec- 
tronic rays of various initial velocities. Elimination of v9 yields 


__ 2mc? Ea? 


t= 2 


a parabola passing through the origin and having as axis the z-axis. 
Even if the experimental curve does not extend quite to the origin, 
it is possible to determine the tangent at the origin (which corresponds 
to infinite velocity) by reversing the electric field. The result of the 
experiment was, however, that the tangent formed a small but un- 
mistakable angle with the y-axis. In addition to e/m, the equation of 
the curve contains only constants of the apparatus. The discrepancy, 
is, then, interpretable only by assuming that e/m varies, and in such 
way that it decreases as v increases. Now the relativity theory pro- 
vides for an increase of inertial mass with increasing velocity accord- 
ing to the formula (cf. p. 254) 


while there is no reason whatsoever for assuming any variation of e. 
As a matter of fact, Kaufmann’s results are in good accord with this 
formula. Abraham deduced a formula for the variability of mass, based 
upon the concept of a fixed ether, which gives slightly different de- 
partures. More exact experiments, however, gave results decidedly 
in favour of the relativity formula (see p. 478). The relationship be- 
tween potential drop V and velocity must also be modified from the 
relativistic point of view. The correct energy equation replacing 
equation (4) (p. 427), is 


1 
(= — « e ee « (16) 


c? / 
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Finally, all e/m determinations must be reduced to zero velocity; this 
has already been done for the numerical values given above. 

Ez. 111. In deflection experiments the screen is generally not exactly at 
the end of the field, but there is a field-free space between it and the edge of the 
field. Show that one may treat the deflections observed on the screen as if the 
rays were bent at the middle of the field by the angle which the tangent to their 
path at the end of the field makes with the original direction of motion. 


Hx. 112. Theory of the “ Magnetic Lens”: A slightly divergent beam of elec- 
trons emanates from a point source, the vertex angle of this cone of rays being 
2«. Assume all the electrons to have the same speed v. Show that a magnetic 
field parallel to the axis of the cone will re-unite the rays approximately at a 
point a certain distance away from the source. 


3. Survey of the Possible Methods of Generating Carriers of Electricity 
in Gases. 


Preliminary remarks concerning the structure of matter 
and the interaction of light and matter 


At the present time we are certain beyond doubt that the atom 
is a complicated configuration of electric charges. The entire mass 
of the atom, with the exception of the negligible mass of the outer 
electrons, is concentrated in the positively charged “ nucleus” 
whose diameter—10-!2 cm.—is vanishingly small compared with that 
of the whole atom (kinetic theory radius 10-8 cm.). This nucleus is 
surrounded by a shell of electrons which fill a space of about the size 
of the kinetic theory volume. In an electrically neutral atom the 
number of electrons outside the nucleus is equal to the resultant number 
of positive elementary charges in the nucleus, and this number is 
identical with the atomic number, i.e. the number giving the place of 
the element in the periodic table. An atom which has lost one or more 
of its outer electrons as a result of some external influence represents 
a positive ion, while an atom with an extra electron is a negative ion. 
A system having several nuclei is called a molecule. A molecule, as 
well as an atom, may become either a positive or a negative lon. It 
is chiefly the halogens, which come just before the noble gases in the 
periodic system, which tend to form negative ions. These elements 
form the singly-charged anions F-, Cl-, Br-, I-. 

In a metal in the solid or liquid state, some of the electrons are 
able to move freely between the atoms. The state of this “ electron 
gas” may be compared with that of an actual gas dissolved in a solid 
or a liquid. 

To remove a single electron from an atom or from the surface of a 
metal requires a definite amount of energy which is characteristic of 
the particular substance. This work of escape is generally specified by 
giving the potential difference through which an electron must fall 
in order to acquire this amount of energy. The magnitude of this 
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tonization potential for free atoms varies from 3-88 volts for cesium to 
24-48 volts for helium. Once an electron has attained the critical speed 
it is able to dislodge an electron from the electron shell of an atom 
with which it collides. This happens relatively frequently as soon as 
the electrons have reached the critical speed, while the ionizing col- 
lisions of fast electrons are less frequent. The impact of a positive 
ion can also result in ionization of an atom, but the impinging particle 
must have a considerably greater speed, for according to the laws of 
impact, there is a considerable transfer of kinetic energy of trans- 
lation when two approximately equal masses collide. But even for 
speeds theoretically sufficient for ionization, the number of effective 
collisions is minimal. In contrast with electronic impact, the number 
does not increase until the velocities become greater. Instead of a 
positive ion, a neutral atom may impinge, and again ionization will 
occur under certain conditions. Since neutral atoms usually possess 
velocity as a result of thermal energy of agitation, this process, which 
is of importance at temperatures of 3000° C. and beyond, is called 
thermal ionization. There are thermodynamic formule which make 
possible the calculation of the degree of ionization of a gas at a given 
temperature and pressure. 

Finally, radiation of short wave-length (<3000 A.) also causes 
ionization. In all energy exchanges between atoms and radiation, light 
acts as if it were composed of discrete quanta of energy, of amount pro- 
portional to the frequency of the light, which are transferred as units. 
The factor of proportionality is denoted by A and is Planck’s celebrated 
quantum of action, whose numerical value is 


h = 6-62 X 10-?” erg sec. 


In order that there be ionization by light—photo-ionization—the 
incident “light quantum ” hy must be at least equal to the work of 
ionization. Calling the latter eV,, we have 


hv = eV;. © 0 6 ere fo Rem (17) 


If we characterize the light by its frequency instead of by its “waves 
length, insertion of the numerical values yields the easily-remembered 
telationship between wave-length and equivalent electron energy 


A 4 V; = 12380. 
(In A.U.) (in volts) 


_ Atoms struck by electrons whose speed is not sufficient to cause 
ionization may nevertheless be made to emit radiation provided that 
the electrons have fallen through a potential exceeding a value called 
the excitation potential V.. Then equation (17) holds in reverse, i.€, 


ea, ee. iT 
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All the agents here described can also dislodge electrons from the 
surface of a metal. Thus the impact of electrons or ions on a metallic 
surface releases “‘ secondary electrons”; light incident on a metal 
releases “ photo-electrons ”; heat causes “‘ thermal emission of elec- 
trons ’.* The last-mentioned phenomenon is of particular interest. 
Just as an absorbed gas escapes from the absorbing body when heat 
is applied, electrons may be ‘‘ evaporated’ from a metal by heating 
it to around 2000° C. The emission of electrons takes place at a lower 
temperature (600° C.) if the metal is coated with a thin layer of alka- 
line earth oxides. 

For completeness we must mention the possibility of the for- 
mation of ions in the course of chemical reactions. An example is the 
ionization of air by slow oxidation of phosphorus or other substances. 


4. The Separately-sustained Electrical Discharge. Spark Discharge. 


A self-sustaining discharge is one in which the passage of the cur- 
rent itself continues to produce the necessary carriers of the charge, 
while a discharge in which these agents are produced entirely or in 
part by an external source of ionization, so that the discharge ceases 
when the source is turned off, may be referred to as separately sustained. 

The simplest example of a separately-sustained discharge ig pure 
electronic conduction in a high vacuum. The electrons are liberated 
at the cathode either by radiation (photoelectric cell) or by heat, and 
move to the anode under the influence of the applied field. The maxi- 
mum value of the current is attained when all the electrons liberated 
from the cathode each second reach the anode. This current, which 
cannot be increased by raising the potential difference between anode 
and cathode, is called the 
saturation current. On the 1 
other hand, for small nega- 
tive values of the potential 4 
difference between the cold 
electrode and the hot one, a 
very few high-speed electrons 
will succeed in crossing the 0 
tube against the field. The Fig. 1 
voltage-current curve must : : 
therefore have the general appearance shown in fig. 1. The rigorous 
derivation for the linear case (extended parallel plate electrodes) was 
given by Gans. The theory is somewhat complicated, since it 1s not 
correct to assume 2 linear variation of potential from cathode to anode 
(which would, of course, be valid if the cathode were cold) on account 


Is 


* The work of escape from a metal is leas than that required to free an electron from 
the atom. 
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of the distortion of the field by the cloud of electrons surrounding the 
hot cathode. The fact that no appreciable current: passes when the 
potential difference is negative permits the use of the hot-cathode 
tube as an electrical valve (rectifier), If a wire grating or grid through 
which most of the electrons pass is interposed between anode and 
cathode, the electron current arriving at the anode depends very 
strongly on any difference of potential applied between the grid and 
the cathode. As a result, even a small alteration in grid potential 
causes the anode current to change considerably. This property— 
the ability of the tube to act as a regulator and amplifier—makes the 
three-electrode tube one of the most important devices in wireless 
telegraphy and telephony. 

We now consider the case in which the gas between the electrodes 
is artificially ionized, say by X-rays, while nothing unusual is assumed 
to occur at the electrodes. In this case, too, we may expect a satura- 
tion current, viz. when all the ions formed in the gas in unit time reach 
the electrodes without previously recombining with oppositely- 
- charged ions. If gq ion pairs are formed in each cubic centimetre per 
second, and if the electrodes are / centimetres apart, the density of 
the saturation current is 7, = qle. This seems paradoxical at first sight: 
the greater the separation of the electrodes, the greater the current. 
It is to be remembered, however, that this result refers to the highest 
attainable current, and that the potential must be raised when the 
electrode separation is increased in order to maintain the saturation 
current. 

We find experimentally that a new current increase occurs when 
the potential is raised further. This is due to the formation of new 
secondary ion pairs by the primary ions and electrons. Instead of 
treating this somewhat more complicated case, we shall investigate 
the simpler instance in which the primary electrons are formed at the 
cathode only, rather than in the gas. By means of light or some other 
agent, let m) electrons be liberated from each square centimetre of 
the cathode every second. Then the saturation current will have 
the density 1, =n, e. Let each electron form a secondary ion. pairs 
per centimetre of its path. Assume the velocity of the positive ions 
to be insufficient for ionization. If, in addition to the mn) primary 
electrons, 7,(%) secondary electrons pass through a cross-section at 7 
each second—a total of n(x) electrons—then between x and 2+ dz 


dn = na dz 7. e @ e e @« -» (18) 
additional electrons are released each second. Integrating between 


z= 0 and + =1, we obtain the total number of electrons arriving at 
the anode 


n= ne* ie. t=ene™ . . . . (19) 
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This same value of the current density is equal to the total charge 
on the positive secondary ions arriving at the cathode plus that of the 
departing negative primary electrons. The form of equation (19) 
shows that the photoelectric current may be increased enormously 
by filling the cell with gas. 

We observe no sharp limiting current because there is a second 
possibility of ionization when the potential is increased, viz. ionization 
by collision of positive ions with atoms. Assume each positive ion to 
form f ion pairs per centimetre of path. Let m, primary electrons be 
released from each square centimetre of the cathode per second by 
some external agent, and let the total number of electrons arriving at 
the anode be n,. Since no positive ions are liberated at the anode, 
m, is also the measure of the total current, which, at the cathode, 
consists of the electron current plus the ion current. Considering again 
a thin layer between x and #-+ dz (fig. 2), there are m pairs of ions 


formed to the left of « per second and— ,, n, 


neglecting infinitesimals—(n, — ) pairs H 
formed on the right side. For a satura- ny —_ 
tion current at equilibrium we must also elem 
have n electrons crossing the left face of ey 
the layer from the left, per second, and a 
(n, — ) positive ions crossing the right Fig. a 


surface from the right. Hence the number 
of electrons released on the path da per second amounts to 


dn = [na + (m — n) Bld = [n(a— B)-+mBldx, (20) 
whence, by integration, 
n(a— f) + B= Cer. . « « » (1) 
We must have n = n, when x = 0, so that 
C=n(a—p)tmB. + + + + + (2) 


The single constant of integration is thus determined. The boundary 
condition for a = I leads to an equation for m: 


n(a — B) + m8 = (ra — B) +P) ee Pi, g (28) 


Solved for n,, this is 
: o(a— Byes" (23') 


ew ed e e 
se a — perms! bg °. sd 


It is interesting to notice that the denominator becomes zero if 


loga/B 
= (a—s)t = ——>- a er ) 24 
a= Bee or | a: (24) 


In this case even a very small value of ny is accompanied by a very 


436 THE THEORY OF ELECTRICITY {Crap. 


large (mathematically infinite) value of m,. Then the function of the 
primary electrons is only to initiate the process known as electrical 
breakdown or spark discharge. 

The ionization coefficients a and f will be proportional to the 
number of collisions on unit path and also to the kinetic energy acquired 
between two collisions. Since the number of collisions is proportional to 
the pressure, while the energy acquired on the free path is proportional 
to the ratio of the field strength # to the pressure p,* we can write 


accnp(=), Bocpy(=). . mer. (8) 


Remembering that HE = V/l for plane electrodes, and designating by 
q a factor of proportionality which does not contain either V or p or 


I, equation (24) yields 
— $(V/lp) 


og 
bag ie Cl. 
Pe 1 SV Tip) — WV ip) — 


In place of the ionization coefficients we now have functions of V, 
land p in the relationship for the spark discharge. Considering this 
an equation for the spark potential V, we see that for plane elec- 
trodes the spark potential is proportional to the product of electrode separa- 
tion and gas pressure, i.e. to the amount of gas between the electrodes. 
This law, which was discovered empirically by Paschen, holds also 
for spherical electrodes if the radii of the spheres are increased in the 
same ratio as their distance apart. 

Paschen’s law is experimentally well substantiated, but the starting 
mechanism assumed here is not the only one that leads to this 
result. In fact, according to present knowledge, ionization by positive 
ions plays only a minor role, while indirect release of electrons from the 
metal of the cathode is much more important. The latter process 
comes about in this way: An electron not only causes ionization but 
—even before it has enough energy to do this—it excites the emission 
of light from atoms with which it collides. This radiation releases 
electrons from the cathode photoelectrically, since the work of escape 
from the metal is less than that from free atoms. The condition for 
initiation of the discharge is that each primary electron shall liberate 
at least one electron from the cathode. Let y be the average number of 
electrons released indirectly from the cathode by one electron. Then, 
since the number of secondary electrons liberated in a distance 1 by a 
single primary electron is, by the above, e** — 1, we must require that 


yem—I SB. . . 87 


* For the energy is proportional to the product of field strength by free path, and 
the latter is inversely proportional to the pressure, 
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Since the same thing is true for the excitation of atoms to produce 
radiation as was said above for the coefficients a and B, we see that y, 
too, is independent of V/lp and Paschen’s law holds for this starting 
mechanism also. 

This assumed process seems to be valid up to pressures of about 
200 mm. of mercury. Cloud chamber photographs show that at higher 
pressures the discharge is initiated by “canals” which propagate 
themselves with the aid of irregularities in the field produced by the 
space charge due to positive ions (see next section). 


5. Self-maintaining Discharge: Glow and Arc Discharges. 


In the foregoing calculations the distortion of the field by space 
charge was neglected in examining the initiation of discharge. Whether 
this is justified seems doubtful at the present time (see preceding 
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section). At any rate, the steady forms of discharge, the main types 
of which are the glow discharge and the arc, are characterized by the 
fact that, on account of the large space charge, the field changes con- 
siderably after the discharge begins. In the present section we shall 
examine the properties of a stationary discharge without entering into 
a consideration of the very difficult question of what circumstances 
cause a disruptive discharge to pass over into @ steady one. 
Fig. 3 represents the main features of the potential variation in & 
“ slow discharge”, which occurs when low currents traverse a tube 
filled with gas at low pressure. The various segments of the potential 
curve manifest themselves in part by different regions of luminosity. 
The nomenclature is given in fig. 3. The explanation, however, is very 
complicated, and will not be attempted here. The rapid change of 
potential at the cathode is called the cathode drop. Quantitatively, this 
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is defined as the difference in potential between the cathode and the 
point of minimum field strength, i.e. least potential gradient. This 
potential difference is independent of the current strength and of the 
gas pressure and depends only upon the nature of the gas and of the 
metal of the cathode, provided the current remains below a certain 
value. This limiting condition may be recognized visually by the fact 
that the cathode is just covered by the negative glow at that stage. 
The order of magnitude of the normal cathode drop is 200 volts. The 
cathode drop is the vital feature of a glow discharge; it corresponds to 
approximately the lowest potential with which a discharge can be 
maintained. What, then, is the source of the great lack of symmetry 
between cathode and anode? It is based upon the difference between 
the electron and the positive ion; this difference is responsible for 
quite different conditions for positive and negative space charges. On 
account of the relationship 


eV = ecEhlp=dmv*. . . 2 2 « = (28) 


' (ly = mean free path), an electron attains a velocity +/1840A times 
as large as a positive ion of atomic weight A in falling through the 
same potential difference. Moreover, on account of the vanishingly 
small size of the electron, its free path 1, is greater than that of the 
positive ion. Thus the electron engages in fewer collisions and so can 
accumulate more energy. According to the kinetic theory of gases, 
the mean free path of an atom of radius 7) projected into a cluster 
of stationary atoms of radius r,, of which the number per cubic centi- 
metre is 4, 1s given by 


1 
1 = Se ° e e e e ° 
4 T(%) + 1)? ee 


If these atoms are also in motion with velocities approaching that of 
the impinging atom, the factor 1//2 must be supplied in the right 
member. The velocity attained by the ions is of the order of magni- 
tude of the gas-kinetic velocity, so that the second assumption is valid 
for them; the electrons, on the other hand, move so much faster that 
we can consider the gas atoms relatively at rest. Hence for the elec- 
tron (79 = 0) the mean free path is 


1 
l, — amr,2n,’ s e e e e e e (30) 
while for an ion, 
2 
l a eS ee ry . ° e . ° 
: 4ary?ny/2 = 


In a given field the velocity of the electrons is to that of the ions as 


V18404-4V/2:1, oras 102\/4:1, 
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The region of the discharge which is free of space charge is charac- 
terized by linear potential rise, for Poisson’s equation (p. 268) de- 
mands that d?V/dz* vanish where there is no space charge. Hence, 
at such places, 

ty = 


¢=1, +71 =en,v, + env, 
so that 
ee S00, a « a (82) 


1, 0, 


In the region of no space charge, i.e. essentially in the positive 
column, the portion of the current carried by the electrons is at least 
one hundred times that carried by the positive ions. 

If we now assume for simplicity that the current at the cathode is 
carried only by positive ions, that at the anode by electrons alone, 
and that the field is the same on both sides, then—since 1 = Nev— 
the ratio of the space charges Ne before cathode and anode is at least 
1/1024 :1. Therefore, on account of Poisson’s equation 


2 
_ =—4op=—4rNe, . . « « « (83) 
the potential curve must turn sharply downward at the cathode and 
slightly upward at the anode. Naturally, these considerations are only 
qualitative; in reality, part of the current at the cathode is carried 
by electrons dislodged from the metal by the impact of ions which 
have attained considerable speed in traversing the cathode fall. Pre- 
cisely this liberation of electrons is necessary for the maintenance of 
the discharge. 

In the absence of an external resistance for limiting the current, 
the glow discharge can go over into the arc form, in which the current 
is several hundred times greater. The arc is distinguished from the 
glow by the fact that the heating of the cathode causes it to release a 
much greater electron current that would be furnished by positive 
ion impact alone. Thus the arc type of discharge presumes the use 
of a hot cathode.* 

In many arcs the temperature of the gas is so high that thermal 
‘onization is of considerable importance in addition to ionization by 
electron impact. It follows from these remarks that the number of 
charge-bearing particles increases considerably as the current is made 
greater, since both the thermal emission of the cathode and the 

* There are certain forms of electric aro which do not employ thermal emission. 
In these the electron emission takes place under the influence of very strong electric 
fields. 
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thermal ionization of the gas increase exponentially with the tempera- 
ture. This causes the arc to have a so-called “ falling characteristic”; 
the resulting potential difference V across the arc and the current J 
are related by an equation of the form 


Vaat+j, ae eee 


which is the exact opposite of the ohmic relationship V = IR. 


Fig. 4 


A conductor having a falling characteristic V = f(Z) must not be connected 
directly to a source of potential, as may be seen by considering fig. 4. If, through 
some cause, the current should increase, the E.M.F. opposing the battery potential 
diminishes; the current then increases, causing the potential to drop further, 
resulting in an additional increase in current. On the other hand, for a conductor 
with a rising characteristic (e.g. an ohmic resistance), the required potential 
rises along with the current, so that the current returns to the equilibrium value, 
since the battery is incapable of giving the required E.M.F. when the current 
increases. One must therefore make certain, by inserting a conductor having 
a rising characteristic, that the characteristic of the entire system is an increas- 
ing one. 


6. The Origin of Cathode, Canal, and Positive Rays. The Mass Spectro- 
graph. Be 

Having obtained a broad view of the phenomena of the glow dis- 
charge, we are able to understand the origin of the various rays which 
are found in a discharge tube under favourable conditions. It must 
be remembered that there is a strong field near the cathode, and that 
the positive ions attain a considerable velocity in this field. The cathode 
rays, recognizable at low pressures by their fluorescent effects, are 
a part of the electrons released from the cathode by positive ion impact, 
viz. those which have traversed the entire potential fall without ap- 
preciable energy loss by collision. But in order to maintain the dis- 
charge, it is necessary that a certain number of the liberated electrons 
produce new electrons and ions by impact in the gas. 
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The positive ions which have attained high speeds in the cathode 
drop can be made visible in the form of rays by providing the cathode 
with small holes and making the space behind the cathode field-free. 
Part of the ions then pass through the holes in the form of “ canal 
rays’, where they gradually lose their speed by impacts with the 
randomly-moving particles of the gas. The principal difference be- 
tween canal rays and cathode rays is that the positive ions consti- 
tuting the former are self-luminous, while the electrons are capable 
only of causing other substances to radiate. The Doppler Effect 
(p. 235) may be perceived in the light of the canal rays, as first recog- 
nized by J. Stark. As in the case of cathode rays, the velocity v and 
specific charge e/M may be determined by electric and magnetic de- 
flection. The results show—as may be expected—that the speeds are 
not alike, since the distances traversed by the various particles vary 
considerably. 

Rays of positive ions can be generated at the anode also if con- 
ditions are so arranged that a greater anode fall results, and if the 
anode is made of a material capable of emitting positive ions, e.g. a 
metallic salt. As mentioned above, the smallness of the anode fall is 
due to the high speed of the light electrons. If now the inertia of the 
negative charges is artificially increased by attaching them to atoms, 
the resulting field at the anode must be similar to that before the 
cathode. This loading of the electrons may be promoted by intro- 
ducing electronegative atoms into the gas, i.e. such atoms as the 
halogens, which have a tendency to form negative ions. This is done 
in practice by using a halogen salt as anode; the cations of the salt 
pass off as positive rays while the halogen evaporates as a neutral atom. 

The determination of e/M for canal rays and for positive rays is 
of particular importance, for it makes possible the determination of 
the atomic weight of individual ions. It is assumed, of course, that 
the charge on the particle is known; this must consist of an integral 
number of elementary charges, and there is usually no doubt as to 
the exact number. We see from equation (8) (p. 427) and equation (15) 
(p. 429) that the electric deflection is the same for all particles which 
have traversed the same potential drop, while the magnetic deflection 
depends upon e/M as well as upon the potential difference V. This 
circumstance may be used to overcome the troublesome lack of homo- 
geneity of the canal ray particles which, of course, have fallen through 
various potential differences. By means of an electric field, the par- 
ticles are first sorted according to V; then, by means of a slit S, (fig. 5), 
a narrow region containing only ions which have traversed the same 
potential drop is isolated; finally, by means of a magnetic field, the 
particles are sorted according to mass. This is the scheme of F. W. 
‘Aston’s “ mass spectrograph ”. The sharpness of separation depends 
upon the homogeneity of the rays, which, in turn, depends upon the 
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narrowness of the slit; this is limited by the fact that the intensity of 
the beam must not be made too low by undue reduction of the slit 
width. Aston’s idea was to focus the rays in such manner that rays 
within a given range of potential difference would be united at the 
photographic plate which serves to record them. Integration of equa- 


Fig. § 


tion (5) (p. 427) gives the angular deviation in an electric field of length 
_ @, provided the angle is small: 


_ dy eka _ Ea 
a= a = Mo? = ap’ e 8 e «© «6 (35) 
and the magnetic angular deviation in a field of length 0 is, by (15), 


p- 429, 5 Ob 


gow fe, 
dz M o/2V" e e ° a 


Call the distance between the mid-points of the electric and magnetic 
fields 1, and let the distance travelled by the rays from the middle of 
the magnetic field to the detector be /,. According to Ex. 111 (p. 431), 
we may consider the rays to come in a straight path from the centre 
of the field. The entire deflection, measured in a plane normal to the 
original direction of motion, is then given by 


h=(, Heke «kee 


If it happens that the potential drop traversed by the rays is not 
strictly constant, but varies by an amount dV, then the angles of de- 
flection lie in an interval 
dV dV 
da = 1G and dB = —f ) (38) 
as may be seen by logarithmic differentiation of equations (35) and 
(36). This means that rays within this interval which have fallen 


through different potential differences but have the same e/M form a 
pencil of cross-section 


(36) 


dh =| (y+ ye +P) S, a 
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This cross-section is reduced to zero by making the expression in 
brackets vanish. This can happen only when a and f have opposite 
signs, i.e. when the magnetic deflection is opposite in direction to the 
electric. Set B = —y. Since |, is fixed, and since a also has a fixed 
value for a given potential, the only remaining variable is the distance 
I, from the mid-point of the magnetic field to the point where the rays 
are received. The bracketed expression set equal to zero gives the 
equation of the focal curve in polar co-ordinates 1,, y—i.e. the curve 
on which the pencils corresponding to various values of e/M have 
zero cross-section, This equation is 


2al, 


je ae) 


The polar axis is the direction of the magnetically undeviated ray 
(see fig. 5). If we choose a new axis making an angle 2a with this one, 
the angle measured from the new axis is 6 = y — 2a, and the equation 
of the focal curve takes the simple form 


oma — ow ww 4D) 


This is, in fact, a straight line parallel to the new polar axis and dis- 
tant from it 2al,. This line is the intersection of the photographic 
plate with the plane of the figure when the plate is properly placed to 
receive the rays of a given e/M in sharp focus. The magnetic field has 
a dual function: it separates the rays corresponding to various masses 
and unites (focusses) the rays corresponding to particles having the 
same mass but originating at different points in the cathode drop. 

This “ classical ” example of a mass spectrograph, since surpassed 
by other designs, is one of the first instances of the use of electron optics. 
The term “‘ focussing ” has been current ever since. Electron optics 1s 
based on the formal correspondence between light paths in various 
refracting media and particle orbits in fields of force (cf. p. 787 et seq.). 
Following this analogy through, individual fields of force may be com- 
puted as “lenses” (as in Ex. 112, p. 431), which are the basic elements 
of electron-optical instruments such as the well-known electron micro- 
scope. 


CHAPTER XXIV 


Tur FUNDAMENTAL IDEAS OF THE THEORY OF 
MeEtTALLic CoNDUCTION 


1. Electrons as Carriers of Current in Metals. 


There are only a few solids which, like Cul, exhibit good electro- 
lytic conductivity. The current in such substances is carried by 
material ions, as may be seen by the deposits formed at the electrodes. 
The conductivity of that class of substances known as metals is many 
orders of magnitude greater—in fact, an essential characteristic of 
a metal is high electric conductivity unaccompanied by any transport 
of matter. It is therefore likely that the current is carried by elec- 
trons which pass through the meshes of the atomic or ionic lattice. 
From the validity of Ohm’s Law for metals we conclude, as in the case 
of electrolytes, that the reaction between the electrons and the lattice 
particles may be looked upon as a frictional force rv proportional to 
the velocity, so that the relationship , 


=—(h—7U . ais s «+ ape s 


is again valid.* The direct proof that the current is carried by electrons 
in metals was given by Tolman in his determination of the value of 
e/m for the conduction electrons. Since an electron has inertial mass, 
this ratio must be determined from experiments in which the imertia 
of the electrons manifests itself. One might imagine, for example, an 
arrangement in which a metallic conductor is freely suspended. If 
the conductor is at rest while a current is flowing, and if the current 
is suddenly interrupted, the electrons continue to possess a certain 
amount of momentum which is destroyed by friction within the body. 
According to the principle of the Conservation of Momentum, the body 
as a whole must then experience a displacement. The opposite effect 
shows more promise of verification, for practical reasons: mechanical 
acceleration of the conductor should cause relative motion of the 
electrons, and therefore a current. Since we have very sensitive in- 
struments for measuring feeble currents, this method is easier to 


* The negative sign arises from the negative charge of the electron. 
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apply; Tolman actually determined e/m in this way (1914-23). We 
examine the case of an infinite straight cylindrical conductor which 
experiences a constant acceleration @ in the direction of its length. 
According to p. 231, each electron is subject to an inertial force 
—ma, and under the influence of this force and friction it attains 
a velocity 


If there are N (negative) electrons per cubic centimetre, the density of 
the resulting current will be 


ee cme ee 


Now, on account of the relationship 


t= —Nev, 
2; 
or = SEE, a ae w 5 
since we have always 
ace) Op es oe 
we find 
Ne? 
ciaearae rere es} 


Hence the current which results from the acceleration is given by 
the equation 


$a ee 


Assume now that in place of a straight conductor we have one of 
circular form that we accelerate by oscillating it around an axis normal 
to the plane of the circle. While it is true that the acceleration is no 
longer constant, (7) may be applied at any instant, understanding @ 
to be the instantaneous acceleration. The direction of a, and hence of 
Z, is understood to be along the tangent. We then have circular cur- 
rents, and the oscillation results in a magnetic field which varies with 
time. Its induction effects on a secondary coil may be computed by 
the results of p. 312, exactly as for a normally produced alternating 
current. Since (7) contains e/m as the only unknown, Tolman was able 
to calculate its numerical value. Within the limits of error, it agreed 
with that for free electrons. 

The next question is: “ What is the state of the conduction elec- 
trons in metals?” The simplest and most fruitful assumption is that the 
electrons move about through the framework of atoms, like atoms of 
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a gas. We have reason to believe that, the number of free electrons is 
of the same order of magnitude as the number of atoms, so that the 
obstacles between which the electrons swarm are atoms with positive 
charges. This concept of an electron gas was used in Chap. XXIII, 
§ 3 (p. 431) to obtain a picture of the process of thermal emission 
of electrons. With this concept as a basis, we shall endeavour to 
obtain more information about the formally introduced frictional 
constant r. 


2. Derivation of Ohm’s Law for Metals. 


As a result of the heat content of the metal, the conduction elec- 
trons within the metal are in a state of chaotic thermal agitation, 
exactly as if they were atoms of an ordinary gas. Let the mean velocity 
of this motion be v,. For simplicity in the calculations we deal with 
a single average velocity, while actually the velocities have a certain 
distribution about this mean value, as in the case of a gas. If an ex- 
ternal electric field is applied, a component which is along the field 
and which is the same for all electrons is added to the disorderly 
motion. The electron will not continue to take energy from the field 
indefinitely, but will soon lose the acquired kinetic energy by collision 
with an atom. We shall refer to a collision in which an electron gives 
up all its acquired energy to an atom as an effective collision. In 
addition, there may be elastic collisions which we need not consider. 
We call the distance traversed between two successive inelastic impacts 
the mean free path /. As long as we may regard the additional velocity 
imparted by the field as small compared with the thermal motion, 
the time between two inelastic impacts is given by 


ee As) 


By Newton’s second law, the velocity attained in the field after,r sec is 


Hence the average directed velocity component between two col- 
lisions is 


=> Se ° eo e©« © @# e (10) 


On account of the complete disorder of the thermal motion this effects, 
on the average, no transport of charge. In computing the current 
density, then, only the additional velocity acquired in the field need 
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be taken into account. If there are N free electrons per cubic centi- 
metre, the magnitude of the current desity is 


e*NIE 
ma Reha eo se ALL) 


$= — Nev, = 


Since none of the factors composing o depends upon the field H, we 
have here the proportionality between current density and field 
strength, which is equivalent to Ohm’s Law. 

With regard to the temperature dependence of N, / and v4, we may 
say the following: According to our ideas concerning the structure of 
metals, N must in any case be temperature-dependent. Further, con- 
sidering the electrons to form a monatomic gas, we have, according to 
the statistical law of equipartition (cf. p. 596), on the average, at a 
temperature T 


mv,” = ZT, ee e© © e© @ e@ (12) 


where & is the Boltzmann constant, or “ gas constant per molecule ”’, 
R/L. Thus vy increases with »/T. If we make use of the experimental 
fact that the conductivity of all pure metals is inversely proportional 
to the absolute temperature, we can conclude that J decreases with 
1/,/T, so that the product lv, is independent of the temperature. 
Qualitatively, we can see at once that the temperature affects each of 
these quantities oppositely: an increase in temperature causes the 
lattice elements to vibrate with greater amplitude. This increases the 
number of collisions between electrons and atoms, causing a reduction 
of the mean free path. On the other hand, the mean thermal velocity 
increases. However, according to the newer theory (cf. next section), 
v,, must be essentially independent of temperature and / must decrease 
as 1/T. 


3. Conduction of Heat in Metals; the Law of Wiedemann and Franz. 


The fact that the thermal conductivity of metals is many orders 
of magnitude greater than that of solid dielectrics suggests that this 
property, too, is determined by the free electrons. If this is so, we can 
compute the thermal conductivity of metals on the same basis of an 
electron gas and bring it into relation with the electrical conductivity. 
For the sake of simplicity, we again ignore the statistical distribution 
of velocities and of free paths and use the single magnitude », corre- 
sponding to the quantities denoted by v» above, and the single value 
I. On the other hand, we are not justified in assuming that the com- 
ponents of v are equal for all electrons. Assume a temperature gradient 
in the direction of the z-axis. Consider the electrons passing in both 
directions through a cross-section at a height z. We assume that the 
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energy of these electrons corresponds to that of the layer in which 
they experienced their last collision. If we denote the energy of an 
electron at height z by wp, and call the temperature T,, then 


= du\ 3 31,22 
The electrons passing through each square centimetre of the section 
% every second transport a total amount of energy 


s= En,0,[m + (FZ) 2h, oer ee 


where 7,, is the number of electrons per cubic centimetre which have 
the z-component of velocity v,. The summation is to be extended 
over all v, which occur, and over all possible layers z. These, however, 
are not independent. If we have uniform velocity v and if we replace 
the distance between the plane z = 0 and the place of the last col- 
lision by the mean free path, we have 


cos (2) = 0089 = “2 = 5. © «© «© « 415) 
Again, the expression Zn,.v, vanishes, otherwise there would be an 
electric current —eLn,v, flowing through the section z= %. The 
thermal energy transported each second is 


22 du D kn, 02? aT 


dT 
i" a Ll dz 


= 3kNvl — cos®@. (16) 


S= in, v az 


Now the spatial average of cos? 6 is 1/3; thus the energy flux is given by 


dT 
S= phNb. «2. ee 7) 


The thermal conductivity is defined by 


aT 
S= Ow a’ 


and so 
Cy = $kNlo. o e e€ e© @ @ @ (18) 


Here again we do not know the manner in which the separate factors 


* Tt seems at first remarkable that we may put the mean free path / for the distance 
between the planes z = z and z = 2, since all the electrons do not experience their 
next collision in the plane z = zp. This will be discussed in more detail on p. 570. 
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depend upon the temperature. However, if we form the ratio to the 
electrical conductivity, a simple expression results: 


o, ,kNWw.6kT  /k\?p _ o fR\? 
ge pe ~ (G) T= 3(F) T, . (9) 


This expresses the law of Wiedemann-Franz, which states that the 
ratio of thermal to electrical conductivity is proportional to the absolute 
temperature. This law is well substantiated experimentally, and the 
factor of proportionality agrees, within certain limits, with the value 
3(R/F)*. 


4. Objections to the Theory Developed Above. The Electron Theory of 
Pauli and Sommerfeld. 


Although the concept of an electron gas accounts for many pheno- 
mena of metallic conduction, the fact that some of its consequences 
lead to gross contradictions of experience must not be overlooked. 
Primarily, there is the question of the contribution of the electrons to 
the energy content, and hence to the specific heat, of the metal. 
According to the Law of Equipartition of Energy (p. 596), there 
corresponds to every degree of freedom which contributes to the 
energy of a system an amount of energy k7'/2 per molecule. Assuming 
as above that the number of free electrons is of the same order of 
magnitude as the number of atoms, the energy content of the metal 
must be increased by (3/2)RT per mol, corresponding to the three 
components of the translatory motion of the electrons. Then the 


specific heat per mol, 
Pr 
eT, 


does not have the value 6R/2 found for higher temperatures (Law of 
Dulong and Petit), but amounts to 9R/2, which is completely at 
variance with experience. This was first cleared up by recognizing 
that the electron gas has an enormous number of particles per unit 
volume—one electron per atom, or as many individuals per unit 
volume as there are atoms of the solid metal. Thus it is not legitimate 
to treat an electron gas by ordinary statistics. The theory developed 
by Pauli and Sommerfeld will be discussed later (Chap. XX XVIII). 


CHAPTER XXV 


E.ectron THEORY OF THE DIELECTRIC CONSTANT, 
InpEx oF RerracTiON AND Macnetic PERMEABILITY 


i. The Origin of Electrical and Magnetic Polarization. 


While the dielectric constant and the permeability (or the electric 
displacement vector D and the magnetic induction vector B) are the 
quantities used in the field theory, they have no immediate physical 
interpretation in the atomistic theory of electrical phenomena. It is 
the polarization, i.e. the resultant dipole moment per cubic centimetre, 
whose interpretation can be given by the atomistic theory. The 
polarization P—in the magnetic case, the magnetization M—depends 
upon D and E or upon B and H according to the relationships given on 
pp. 280, 298: 

D=E-+47P, B= H- 4rM. 


The polarization vector is parallel to the ‘field vector for isotropic 
bodies; for anisotropic substances (crystals not belonging to the 
regular system) P is a linear vector function of E. We restrict our 
present considerations to isotropic substances, for which the con- 
nexion between P and E or between M and H is given by a simple 
scalar magnitude—the susceptibility x. 

A resultant dipole moment can originate in two ways in either the 
electrical or the magnetic case. Firstly, the molecules of the sub- 
stance may themselves possess a moment. In this instance the axes 
of the dipoles are randomly oriented, so that there is no resultant 
moment. Application of an external field causes the particles to assume 
the direction of minimum energy, i.e. to set themselves parallel to the 
field. This adjustment, however, is opposed by the thermal agitation, 
so that the alignment can become perfect only for an infinitely strong 
field or when the temperature is reduced to absolute zero. It is evident 
that this kind of susceptibility depends strongly upon the temperature. 
In the magnetic case the term “ paramagnetic” has been applied for 
a long time; in the electrical case the differentiation is less obvious (see 
below), and so this distinction has come to be applied only recently. 
The corresponding term “ paraelectric” or “ parelectric” is there- 


fore not yet in universal use. 
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The other possibility is that the dipole moment of an individual 
molecule is induced by the field itself. This process is easy to compre- 
hend in the electrical case. The electronic shells are not rigidly attached 
to the core, so that an electric field causes a relative displacement of 
the two. On account of the fact that the charge on the electron is 
negative, the shells are moved in a direction opposite to the field, but 
since the dipole moment is defined as the limit of the product of charge 
by separation, multiplied by the unit vector drawn in the direction 
from the negative toward the positive charge, the moment itself has 
the direction of E. Hence the resulting “ dielectric polarization " is 
in the direction of E. In the electrical case the dielectric and par- 
electric polarizations have the same sign. However, since the dielectric 
polarization does not involve molecular orientation, it does not depend on 
the temperature. Dielectric polarization occurs also for parelectric 
substances, since a relative displacement of positive and negative 
charges can occur here also. The distinction between the two forms 
will become clearer in the following paragraph. 

The origin of “ diamagnetism” is somewhat more complicated. 
As shown on p. 664, an applied magnetic field imparts to the electrons 
an additional rotation about the direction of the field. This so-called 
Larmor precession takes place with angular velocity w= eH/2me. 
This motion of the electrons gives rise to a magnetic moment which, 
as exact calculation shows, is in a direction opposite to the field. Thus 
the diamagnetic and paramagnetic susceptibilities are opposite in 
direction, and so the distinction between the two forms in the magnetic 
instance is the well-known one. The quantum theory requires that the 
paramagnetic moment of an atom be a multiple of a certain magnitude, 
the magneton; this is so large that for paramagnetic substances the 
diamagnetic susceptibility which is always present is relatively in- 


significant. 


2. Theory of Dielectric Polarization, Optical Index of Refraction and 
Dispersion. 


Assume that the substance under consideration contains N atoms 
or molecules per cubic centimetre, these particles themselves having 
no dipole moment. Suppose further that the distances between par- 
ticles are so great that their mutual influences may be neglected. In 
a field E every particle assumes a moment, which we may take as pro- 
portional to the field, for we are dealing with small displacements of 
the electronic systems, and may take the restoring forces to be pro- 
portional to the displacements. These forces hold the system in equili- 
brium in the field; hence the elongation, and thus the dipole moment, 
is proportional to the field strength. We then have 


i = ak, ere ae 
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and the polarization becomes 
P= KE = Nok. siecle): See 


The dielectric constant is then given by 
K =n? = 1-+ 47Na, eo 


where the Maxwell relationship K = n? is assumed (p. 331). Inasmuch 
as we shall limit our present considerations to matter of very low 
density, we may replace (n? — 1) by 2(m — 1) and obtain an approxi- 
mate formula for the refractive index: 


a 1 FY 2QrNa. > 6:10) em 6. ce (3’) 


Since we assume a quasi-elastic restoring force, the application of an 
alternating field will cause displacements of the electron shells which 
depend upon the frequency. Assuming further that the polarization 
of each atom is caused by the displacement of an individual electron 
from its position of equilibrium, the equation of motion of the electron 
is that of a forced harmonic vibration: 
2 
moot ke = ele sn aw we 2 


The stationary solution is, according to p. 97, 
: e Ene 
k— mw” 


s=— 


or introducing the natural frequency wy) = V k/m, 
eE et 


s= — —_? _.., 
mM (a7 — w*) 
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Hence the dipole moment becomes 


; e2/m)E, ei? 
p= py = ee 
and the polarizability is given by 
_ elm 
a= wo? — wo fee es come, er Us (8) 


If the number of electrons is f instead of one, the value is f times as 
great and the refractive index is given by 


[Ne®/m 


tise | Sa rece ae eet eee 


where w has been replaced by 27». 
* The effect of the magnetic vector of the light wave, given by equation (9) (p.428 ) 


may be neglected, since the resulting electron velocities are small with respect to 
while E and H are of the same order of magnitude in our system of riage P 
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Even this simple dispersion formula contains all the essential 
properties of the optical index of refraction. The characteristic fre- 
quency vp is to be interpreted as the absorption frequency of the atom, 
_ since for this applied frequency the response of the atom is so great 
that all energy is taken from the primary ray and scattered in every 
direction. Now the absorption lines of free atoms lie almost ex- 
clusively in the ultra-violet region of the spectrum. Hence if we trace 
the course of the index in the visible region, v < v9, and so the re- 
fractive index is always greater than unity. As we pass to shorter 
wave-lengths the frequency increases and we approach the charac- 
teristic frequency; the difference v2 — vy? becomes smaller and smaller 
and the index increases toward short waves. This is the usual be- 
haviour for glass and for liquids, and is called normal dispersion. 
Beyond the absorption band the index becomes less than unity accord- 
ing to equation (9), and so the rays in that region are refracted less than 
the longer ones. This reversal of the usual prismatic sequence of 
colours was first observed by Christiansen, using fuchsine, and is 
called anomalous dispersion, although from the point of view of the 
theory there is no anomaly whatsoever. 

The dispersion formula may be improved in several respects. 
Firstly, the fact that an atom or molecule may possess not one, but 
perhaps a large number of absorption lines must be taken into con- 
sideration. Hach one contributes an oscillator whose strength is pro- 
portional to the intensity, so that we write 


OE gl SS iy 
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Moreover, the oscillations of the quasi-elastically bound electrons 
are not undamped; the radiation resulting from the oscillation (see 
p. 341) involves a certain damping which prevents the index from 
actually becoming infinite at the absorption lines, as in equation (10). 
If the damping is taken into account, the index becomes complex and 
the substance behaves like a metal near the regions of absorption. 
We shall not treat this case in more detail here. 

It is more important to take into consideration the mutual inter- 
actions of the dipoles, which cannot be neglected when we consider 
denser substances, such as liquids or solids. In such cases there is a 
microscopic field F at the place occupied by any selected electron. 
This field is not the same as the macroscopic field E defined, for 
example, by the difference of potential across a condenser. But in 
any case the susceptibility is defined as the ratio of the polarization 
to the macroscopic field strength. The difference between E and F is 
that all the charges contribute to the macroscopic field, while in 
calculating the field E, acting upon the dipole under consideration, the 
latter is not to be included (cf. footnote, p. 266). In order to calculate 
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the field of neighbouring dipoles, which is added to the applied field, 


we circumscribe a small sphere about the point occupied by the atom 
under consideration and examine first the contribution of the dipoles 
lying outside the sphere—i.e. we imagine all material removed from 
within the sphere. There is a surface charge upon the sphere, and the 
additional field has the value -+-47P/3, according to p. 283, where we 
had the same surface charge, but with opposite sign (see also Ex. 75, 
p. 284). According to a calculation made by Lorentz, the contribution 
of the particles within the sphere vanishes either when there is com- 
plete absence of order or when the atom under observation is a point 
of a regular crystal lattice, i.e. for all isotropic bodies. Then the dipole 
moment of the individual atom or molecule is 


p=a(e+ZP), tee ew OD 
and we obtain the equation 
p=No(e+ FP) tae 


for the polarization. Solving this equation for P yields 


ee 


K 
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Solving for Na shows that the simple relationship between N, a and 
K (or n®) given by equation (3) (p. 452) is to be replaced by 


4n =60r K—1_ or? —1 
=e .o e@ @ e (14) 
Hence for denser substances the dispersion formula is 
= 2 ; 
i! ei le, ee 
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As may be verified immediately, this formula becomes identical with 
equation (3) for n 1. It is customary to deal with one mol of the 
substance, rather than with 1 c.c. Let the density be p and the mole- 
cular weight M. Then 1 gm. contains L/M molecules, and 1 c.c. con- 
tains 

Lp 


N = MM e e e e . e Py (16) 
Using this expression in equation (15), we obtain 
n—1 M_ Le 
soil Tis il (17) 
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The quantity on the left, which has the dimensions of a volume, is 
called the molecular refraction. 

Extrapolation of equation (15) to infinitely long waves, i.e. to 
v = 0, gives the following equation for the static value of the dielectric 


constant: 


K-1_Nejm, fe 
io ae 


(15’) 


For many substances this does yield the true value, but for others— 
e.g. water—there are large discrepancies. The reason is that this 
method gives only the dielectric part of the polarization. As will be 
seen in the next section, the parelectric portion vanishes for optical 
frequencies, on account of the fact that the charges are not able to 
follow the field at such frequencies. Thus substances for which (15’) 
gives the correct value of K are free of dipoles. 


Ex. 113. The refractivity of a substance of mass m and density 9 is, in anal- 
ogy with the molecular refraction given by the expression 
_ni—1l m 
nit 2° p° 
Show that the refractivity of a mixture is the sum of the refractivities of the 
components. 

Ez. 114. Formerly, the molecular refraction was often taken to be the actual 
volume occupied by the molecules. As a matter of fact, one obtains numerical 
values which agree well with the kinetic theory values. Show that this is so, 
for example, for water (n = 1-33). Show also that the numerical values of polariz- 
ability are those of metallic spheres of the gas-kinetic size (of. p. 284). 


Ez. 115. Caloulate phase velocity and group velocity of electro-magnetic 
waves in a medium containing N free electrons per unit volume (Heaviside Layer 
of the upper atmosphere). 


8. Parelectric Susceptibility. 


As explained in § 1 (p. 450), the application of a field to a substance 
whose molecules possess an electric moment generates polarization by 
lining up these dipoles. This phenomenon occurs only if the mole- 
cules are free to move—i.e. principally in gases and in liquids—and 
if the external field reverses slowly enough to permit the system to 
come to equilibrium between reversals. The parelectric contribution, 
which is responsible for the high value of the dielectric constant of 
water, vanishes at frequencies corresponding to wave-lengths of a few 
centimetres. In order to find the extent to which the dipoles are 
aligned in terms of the temperature and field strength we make use of 
the statistical theorem (p. 588) that the number of particles of a system 
which are in a state of energy u is proportional to 


—ul/kT 
e7 Ml ? 
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where k is the Boltzmann constant. Now the potential energy of a 
dipole # in a field E is given by : 


u=—PE=-—pHcos?. .... . (18) 


If we denote the direction of the dipole axis by a point on the unit 
sphere, the number of these points which lie in the zone 8 to 6 + dé 
(6 = co-latitude) is proportional both to the area of the zone and to 


emuskT. 
We may therefore set 
aN Cot? co kT cng 20) oe ele UES 
the factor 27 being contained in C. The value of this constant is 


determined by integrating to obtain the total number WN of particles 
per unit volume: 


N= Cf coBomork sin d8. . en 
0 
Make the substitution 


pl cos 6 ‘ 
ee 
then 
eas _ 2CkT . , pE 
Nex os Hh zm ° ° 
ai — aE her (21) 
Solving for C and on this value in equation (19), we hava 
dN = NPE _ cozcohT singdd. . . . (22) 
2kT sinh 7 


If the axis of a dipole forms an angle 6 with the field, its contribution 
to the resultant parallel to the field is p cos 86. The components normal 
to the field cancel out in summing over all dipoles, and we obtain the 
resulting dipole moment per cubic centimetre, i.e. the polarizatién, by 
integrating over all directions: 


2 cd 
p 2h f rE omen? cosfsinOd. . . (23) 
he 6 
2kT sinh iT 
Making the same substitution as above, this becomes 


NopkT —_ : NpkT (we® — ae +pEIkT 
Ph oa, 
ary sinh ann 2p sinh? — 
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P=N ni  )—- =) = = 
or = (Fr) | wpl (Fr) . (24) 
kT 


Following Langevin, to whom this theory is due, we have designated the 
function coth z — 1/z by a single symbol, say L(x). We see that L(z) 
approaches unity for large values of x; a power series development 
shows that the function behaves like x/3 for small values of x. Since 
Np is the maximum value (saturation value) of the polarization, 
attained when all the dipoles are aligned with the field, the limit must 
be unity for large values of the argument if the result is to have any 
meaning at all. For weak fields and for temperatures which are not 
too low—conditions which are satisfied in most experiments—the 
approximation 2/3 is sufficient and, since P is always in the direction 
of E, we obtain 
Np 
P= 377 E oe a «3 Oe 

That is, within certain limits. the parelectric susceptibility is also 
independent of the field, and we can apply the formule of § 2 
if we replace a by p*/3k7. Taking account of the interactions of the 
dipoles, equation (14) (p. 454) then gives for the parelectric part of 
the dielectric constant 


K—1 4nNp? 
mee 2 —S 9 k T ? ° x. « x. @ @ (26) 
and likewise the molecular polarization 
zs 2 
K—1 M __ 41,’ (27) 


ke. a 9 kT’ e e e e e 


In deducing the formula for the parelectric polarization we made 
the natural assumption that the dipoles could assume all possible 
orientations with respect to the field. According to the principles of 
the Quantum Theory, however, only a discrete set of angles of orien- 
tation occurs. Nevertheless, the strict quantum theory calculation 
yields only small deviations from the classical Langevin formula. Of 
much greater importance is the “ directional quantization” in the 
magnetic case; this will be treated below. 

On account of the fact that the adjustment cannot take place 
freely, solids exhibit parelectric susceptibility only in the neighbour- 
hood of the melting-point. Nevertheless, crystals composed of ions of 
different signs can show a different kind of polarization which is due 
to relative movement of the ions as entities. This polarization also 


vanishes at optical frequencies. 
Ex. 116. Given the dielectric constant K = 80 for T = 290° and the optical 
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index of refraction n = 1-33, calculate the dipole moment of the water molecule, 
assuming that the dielectric and parelectric polarizations are additive. 


4. Paramagnetic, Ferromagnetic and Antiferromagnetic Susceptibility. 


Molecules are the only particles which can possess electric moments, 
since for all atoms the centre of gravity of the negative charges coincides 
with that of the positive charges. On the other hand, a free atom can 
have a magnetic moment. There is another point of difference between 
paramagnetism and parelectricity: from the fact that the paramagnetic 
susceptibility of salts does not change much when the salts go into 
solution we may conclude that the solid state offers no hindrance to the 
alignment of the dipoles. 

If we now assume that all orientations are equally allowable, we 
need only translate the formule of § 3 (p. 457) into magnetic terms, 
with the understanding that p now represents the magnetic moment 
of the atom or molecule. Neglecting the interaction of the dipoles we 
have, according to equation (25) (p. 457), the following expression for 


the magnetization: ‘ 
oe 


8kT e e e e e e e (28) 
The susceptibility per unit volume is then given by 
Nv 
k= air «oe © @ ee @ « (29) 


Division of « by the density p gives the susceptibility per gramme; if 
we then multiply by the molecular weight G we obtain the important 
molar susceptibility 
_G Ip? MM @ 

<a> «OT hoe TC 
Here M represents the dipole moment per mol, i.e. the moment of one 
mol when the dipoles are all completely aligned; and C is called the 
Curie constant, after P. Curie, who found the temperature relationship 
given by (30)* The experimental determination of C consists in 


finding the temperature variation of x; from this the molar magnetic 
moment is found by the equation t 


MESH VSRO. os... . « CH 


P. Weiss found { that the molar magnetic moments of a large number 
of substances determined in this way were all multiples of a certain 


1 
value My, = 11255 e.m.u., 


* P. Curie, Journ. d. Phys., 4, p. 197 (1895). 

t Although we now know that this evaluation is not applicable, in order to have 
convenient comparison between theory and experiment we quote the results in terms 
of “effective moments”, i.e. moments as given by (30). 


$ P. Weiss, Comptes rendus, 152, pp. 79, 187 (1911). 


(30) 
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now called the Weiss Magneton. Nevertheless, the limits of error in 
these experiments are quite wide. Remarkably enough, the Bohr 
theory of the atom also yields a magneton whose value referred to 
one mol is, within the limits of error, exactly five times the Weiss 
magneton. From the standpoint of the quantum theory—upon which 
Bohr’s theory is based—it is not at all to be expected that we obtain 
a whole number of Bohr magnetons when evaluating the observed 
Curie constants, for it is a characteristic of the quantum theory that 
only a certain set of orientations of the dipole axes with respect to the 
field is possible. This will be discussed in further detail in the seventh 
part of this work (p. 665). Here we investigate only the especially 
important case where a moment is allowed to set itself only exactly 
parallel or antiparallel to the field. The distribution is governed again 
by Boltzmann’s principle. If N, is the number of moments aligned 
parallel and N_ the number antiparallel to the field, then because 
N,+tN=N, 


pH pH 
New New 
Ny = —g» N-=r ep + + + (Pa) 
et +e et Te # 
pH 
and so M = Np — N_p = Np tanh vd (24a) 


In place of the function cothx — (1/x) we have tanhz. The trend 
is again typical of a saturation curve, but the initial slope is 1 instead 
of 1/3. In what follows we need only interpret L(x) as tanh, and the 
result corresponds to the quantum theoretical special case of twc 
allowed orientations. 

The interaction of the dipoles may be taken into account by setting 
the effective microscope field F equal to the sum of the macroscopic 
field and a second quantity proportional to the magnetization; in this 
case, however, the factor of proportionality 47/3 derived on p. 454 
does not give a correct representation of the experimental data. 
We therefore insert a general empirical constant v instead. As 
long as we are justified in replacing L(z) by 2/3 we have the 
expression Nv 

= alee nee 
M = 3kT (H -- vM) eee (32) 


for the magnetization. Solving for M, we obtain 


_ Np _ Np 33 
= Fp NP) EGY =) 
3k 


where the quantity vNp?/3k, which has the dimensions of tempera- 
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ture, is denoted by ©. The molar susceptibility then follows the 
Weiss law We 
X= 3R(T — 0) eo e ee e @& « (34) 

If we make a graph of 1/y as a function of the temperature, we obtain 
a straight line whose intersection with the axis of abscisse gives the 
characteristic temperature ©. If a positive value is found for ©, there 
must be a real temperature at which the susceptibility attains an 
extremely large value. This is actually the case for a small group of 
substances—the ferromagnetic metals. The characteristic tempera- 
ture above which these substances behave like simple paramagnetic 
substances is called their Curie point. However, for the high values of 


ferromagnetic susceptibilities we are no longer justified in applying 
our approximate formula, but must turn to the Langevin function. 
We have the following equations for M and H from which F is to be 


eliminated: F 
| M| =Npl(Fn), en 
F >. Jéf * 
| M | = a ee e © @ e© @ «@ (36) 


This may be done graphically as follows: Let the quantity 2 = pF /kT 
be the abscissa and take y= |M| /Np as ordinate (fig. 1). The value 
of the magnetization corresponding to a given field strength H is the 
ordinate of the point of intersection of the curve y = L(x) with the 
straight line 
a at 
Y= NP” — Wp 


The unit along the axis of y is the saturation value Np of the mag- 
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netization. It is remarkable that under certain circumstances we 
obtain, for H = 0, two points of intersection besides O. These are 
symmetric about O and correspond to a high value of the magnetiza- 
tion. This happens when the slope of the line is less than that of the 
Langevin curve, ie. less than 1/3. This again gives exactly the Curie 
point for T. With ferromagnetic substances, a spontaneous mag- 
netization is possible below the Curie point even in the absence of a 
macroscopic field H. Thus we have traced the phenomenon of re- 
manence to the internal field. The high value of the constant v, how- 
ever, remains a puzzle; instead of the value 47/3 it may be of the 
order of magnitude of 10,000 for 
ferromagnetic substances. 

Quantum mechanics traces v back 
to “exchange energies” (p. 712). 
For some substances, however, this 
may lead to negative values of v. In 
this instance, neighbouring spins set 
themselves in opposite directions as 
a result of the forces between them. 
Such antiferromagnetic materials (e.g. 
many compounds of manganese) are 
paramagnetic at higher tempera- 
tures. With decreasing temperature, 
the paramagnetism decreases in the 
usual way until the Curie point (here 
sometimes called the Néel point) is 
reached, at which time the align- pigwt 
ment sets in. This is accompanied 
by a sudden decrease in the para- 
magnetism. 

Even with the origin of the constant v explained, there are still 
many difficulties connected with an understanding of the actual mag- 
netization curve. It is well known that this curve has the form of a 
loop called the hysteresis loop (fig. 2). It follows that very different 
values of M correspond to a given value of H, depending on the pre- 
vious treatment of the sample. One of the first questions arising 18: 
At very small field values, why does not the magnetization jump to 
one of the two points of intersection of the curve and straight line in 
fig. 2%? Considerations of stability show that these points represent 
stable states, while the condition of zero magnetization is an unstable 
one. In reality, the spontaneous magnetization deduced from fig 1 
corresponds to the condition of saturation attained with the highest 
fields available. The external fields are so small in comparison with the 
internal one that they would produce only tiny displacements of the 
straight lines in fig. 1 when represented on the correct scale. These 


Initial curve 


Coercive 
force 


462 THE THEORY OF ELECTRICITY [CHaP. 


external fields obviously serve only to overcome certain constraints 
that limit the value of the magnetization, which is large even for zero 
field. Inasmuch as these constraints depend strongly on the material 
and on its previous treatment, a great variety of magnetization curves 
is obtained. 

The saturation condition may be changed by lowering the temper- 
ature, which corresponds to rotation of the straight lines. Measure- 
ments of the temperature-dependence of the spontaneous magnetiza- 
tion of iron and nickel are in accord with theory if the L curve in fig. 1 
is represented by tanh. As will be seen later (p. 667), together with the 
gyromagnetic anomaly factor 2 discussed in the next section, this 
means that the electrons responsible for ferromagnetism have no 
orbital moment. However, it is not correct to conclude that these are 
conduction electrons, for in the salts of the entire iron group the mutual 
disturbance of the electron orbits makes these substances behave mag- 
netically as though the electrons were free (see p. 669 e& seq.). 

The question raised above, as to why a considerable field is needed 

to produce spontaneous magnetization, is to a great extent answered 
by investigations on single crystals. The curves for various directions 
of magnetization in iron are given in fig. 3. These curves may be under- 
stood on the basis of the following considerations: There are apparently 
preferred directions of magnetization in a crystal. For the cubic lattice 
of iron, for example, this is the [100] direction—that of the edges of 
the cube. No distinction exists between a given direction and its 
opposite. Apparently at zero field there are sizable regions or domains 
oriented in one of the six preferred directions, but because of the com- 
pensating effects of opposite senses no external magnetic effects are 
noticed. When the field is applied, the domains snap into the field 
direction to the extent that it is along an edge. Since the directions 
are energetically equal, no expenditure of energy is required and the 
lining-up proceeds very readily as shown by the steepness of the curve 
for this direction. Of course, there may be a potential barrier between 
the two opposite directions, i.e. the lining-up process proceeds along 
directions corresponding to greater energy. As a result, the mag- 
netization curves are not strictly vertical at the start; also, many 
domains remain in their former orientation after removal of the field 
because the thermal energy is not large enough to surmount the poten- 
tial barrier. This is the way remanence is explained. If the field is in 
a different direction—for instance, that of the cube diagonals [111]— 
all domains line up in the directions of the edges lying nearest the 
field direction (fig. 4). Further increase of the resultant magnetization 
can occur only by the turning of domains away from the directions of 
the edges, and this requires energy. As a result, the process of mag- 
netization goes easily up to M,/4/3, but beyond this point the curve 
must rise much less steeply. That this really is the case is shown by 
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fig. 3. Upon removal of the field the rotated domains will promptly 
go back to the edge directions, which correspond to minimum potential 
energy. This means that the turning process, unlike the reversal pro- 
cess, is free of hysteresis. For fields in the direction of the face diagonal 
the curve begins to bend over at M,/,/2. 

For technical polycrystalline materials the actual curve of mag- 
netization is not given simply by superposition of the various crystal 
effects. Rather, an additional circumstance—internal stress—exists, 
and this also determines a preferred direction. The preferential direc- 
tion in a stretched iron wire is that of the tension. In a region of 
uniform internal stress the actual 
magnetization vector orients itself 
in such way that the sum of the field 
energy, crystal energy and tensile 
energy is a minimum. Since the 
stresses vary from place to place, 
neighbouring domains differ in 


Qo 200 400 600 
Fig. 3 Fig. ¢ 


energy and the external field has the additional effect of making in- 
dividual domains grow at the expense of others. Quantitative cal- 
culation of these ideas is quite troublesome and the details will not 
be given here. It is sufficient to note that such considerations have in 
recent years led to an almost complete understanding of what seemed 
at one time to be a hopelessly confused subject. 


5. Magnetism Induced by Revolving Electrons. The Magnetomechanical 
Parallelism. Theory of Diamagnetic Susceptibility. 


If we inquire into the cause of the magnetic moment of an atom, 
basing our considerations on our present concepts of atomic structure, 
we arrive at a vivid interpretation of the “ elementary currents which 
Ampére assumed were the origin of atomic magnetism. According to 
our modern point of view, these currents are to be identified with the 
orbital motion of electrons about the nucleus. If the period of re- 


yolution of an electron is 7 sec., its orbit is equivalent to a circular 
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current of strength —e/r. Taking the orbit to be plane and calling 
the enclosed area S, the magnetic monient becomes 


e § 
| ii es: e ° e e e . ° (37) 


Since the motion of the electron takes place under a central] force, the 
Law of Areas (p. 89) is valid, and we may replace S/7 by dS/dt. Now 
the areal velocity is given in direction and magnitude by the me- 
chanical moment of momentum @ divided by 2m; we then have for 
the magnetic moment 


) ee a ee 


This important relationship is called the magnetomechanical paral- 
lelism. To every magnetic moment there corresponds a mechanical 
' moment of momentum whose existence is due to the inertial mass of 
the electrons. This can be experimentally verified. Since the con- 
servation of angular momentum requires this quantity to remain con- 
stant when there are no external forces, a change in the magnetic state 
of a body must impart to it a rotational motion whose angular mo- 
mentum is equal and opposite to that of the electrons. This pheno- 
menon is known as the Richardson-Hinstein-de Haas Effect, and is 
actually observed. The magnetic state of the body may be altered by 
magnetizing it or by destroying its magnetism by heating it above 
the Curie pomt. Formula (38) may be checked by observing the values 
of magnetic moment and moment of momentum; surprisingly enough, 
the factor on the right comes out double the value e/2me for all ferro- 
magnetic substances; for salts of the rare earths, for which the effect 
is so small that it is just measurable, a value between one and two 
times this factor results. We shall take up this significant anomaly in 
detail later (p. 667). ; 

The inverse effect—magnetization by rotation—was first observed 
by S. J. Barnett in 1914, shortly before the discovery of the direct 
effect. 

If an atom has several electrons, it is possible for the mechanical 
angular momenta—and hence the magnetic moments—to mutually 
compensate each other. In such an atom, the field gives rise to a moment 
opposite in direction to the field; its magnitude will be calculated 
immediately, Naturally, this induced moment appears also in para- 
magnetic atoms, but is small compared with the moment alread 
existing, and so may be neglected in general. According to the theorem 
of Larmor mentioned above and derived on p. 664, the magnetic field 
brings about an added rotation of the entire electron system around 
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an axis through the nucleus parallel to H. The angular velocity of 
this motion is given in direction as well as in magnitude by 


é 


Ol ae . e ° e e 
2me 


(39) 


This rotation gives rise to an additional angular momentum 

ZS mz[r,v,] = m=[r,[wr:]] = m2x(w . re een ¥ )). (40) 
The summation is to be extended over all electrons. The radius vector 
of the ith electron, referred to the nucleus, is ”;. Take the z-axis of a 
rectangular system of co-ordinates in the direction of the field. Then 


the z-component of this angular momentum, which is the only com- 
ponent having a non-vanishing resultant, becomes 


d, = mwa (r?2 — +2 cos? 4,;) = mwa(re?+y?). . (41) 


Since the field has no aligning effect, all orientations of the atom are, 
on the average, equally probable, and since ety+t+eaer, 


gel ee 
giayeae=s eee es 8) 


Hence by (38) the average induced magnetic moment is 


p=7,=—— Ut =— 


3c 6mc* 
and the molar susceptibility is then given by 
ol een 
—~"F,._ 2 " eee 8 °° 44 
Xm 6 mez ar; C ° ( ) 


As one sees, the negative sign of the diamagnetic susceptibility results 
correctly; in addition, the mean orbital radii computed from (44) 
agree well with the values obtained from other data. 


CHAPTER XXVI 


PHENOMENOLOGICAL THEORY oF SUPERCONDUCTIVITY 


l. The Fundamental Equations. 


The superconducting state is characterized chiefly by the sudden 
drop in the electrical resistance of a conductor when it is cooled to 
temperatures near the absolute zero. This effect was discovered by 
H. Kammerlingh Onnes in 1911. The decline from the finite resistance 
corresponding to the temperature of the conductor to the immeasurably 
small value characteristic of this phenomenon takes place in an interval 
of only a few hundredths of a degree. The midpoint of this interval is 
called the critical transition temperature. For pure metals this lies 
between 0-1 and 10° K., while for metallic conducting compounds such 
as hydrides and nitrides of metals it falls somewhat higher. Since new 
superconductors are continually being discovered, it is feasible to state 
only the groups of elements among which no indication of super- 
conductivity has yet been found. These are the elements of the first 
column of the periodic table (the alkali metals and Cu, Ag and Au) 
and the ferromagnetic metals. 

The vanishing of the electrical resistance is not the only charac- 
teristic of superconductivity. A second circumstance, discovered by 
Meissner and Ochsenfeld, may be roughly described as the vanishing 
of the permeability. If a sample which is already in the superconducting 
state is brought into a magnetic field, current will be induced in the 
surface layers in such manner as to cancel the field within the sample. 
The external magnetic field behaves as if the material had zero per- 
meability. However, if the sample is cooled below the transition 
temperature while in the magnetic field, nothing should occur according 
to Maxwell’s theory. Meissner found, nevertheless, that exactly the 
same field distribution set in as in the first instance. One might expect 
to deduce the behaviour of superconductors by setting o=o and 
# = 0 in Maxwell’s equations. This does not work. 

Although no satisfactory model has yet been suggested, London and 
later von Laue found a way to supplement the Maxwell equations so as 
to represent correctly the phenomena and to describe them in terms of 
a single material constant which depends on the temperature. For the 
present, the Maxwell equations will be written as they stand, with ¢ set 
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equal to unity for metals. We retain » for the permeability at the 
transition temperature, having in mind the fact that certain phenomena 

_ have not been completely explained, although the most recent results 
indicate that may always be taken equal to unity. 


The Maxwell equations may now be written 
10E , 4nt 


curl H = 5 OL + co (1) 
1 OB 

curl E = — t ar 5) ne. ole (2) 

divE=47p ..-- +: : >: (3) 

GiviBia0, eee ee es (4) 

B = pH. a ee) 


The new feature is that 7 and p are each to be broken down into a 
normal and a “super” part. The behaviour of superconductors in 
high-frequency fields shows that there is an ohmic contribution to the 
current at temperatures below as well as above the transition tem- 
perature. It appears that only a portion of the electron ensemble 
participates in superconduction, while the remainder behaves in normal 
fashion. Accordingly we take 


t=t,+%,;3 p= Pnt Pe 
The following equation of continuity holds for each part independently: 


div i, -+ 9 =0; div , + 2! = 0. 2 86 


As before; we put for the normal current 
fete: seme oe ces all) 


From the fact that for an electron subject to no “ frictional ” re- 
sistance the acceleration will be proportional to the field intensity, 
London assumed 


— 
2) (8) 


where A represents a new constant of the material which has a value 

dependent upon the temperature. me: ; 
For the relation of the super-current and the magnetic induction 

(field intensity), @ relation is set up which, in principle, amounts to 
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the application of the considerations si p. 465 to the case of macro- 
scopic circulation of current: 


Curl (AG) == Bo ee es el) 


It should again be emphasized that these depictions by means of 
models are meant only to serve as heuristic principles and that it has 
not yet been found possible to incorporate them into a definitive theory. 

To the field equations must also be added the boundary conditions. 
Using the surface density of charge o, the boundary conditions may be 
written * 


Div B = 0 Div i, + Be = 
9 (10) 
Div E = 4x(o, + 0,) Divz, + = 


At the boundary between two superconductors an additional 
- boundary condition must be added. From equation (9), because of the 
finite nature of B, this may be written 


Curl (Az,) =0 or Aa, = Ag . . (QL) 


2. Steady Fields. 


Let us first apply these equations to the simplest case, that of steady 
fields, where all time differentials may be set equal to zero. According 
to equation (8), E will then vanish; hence, by (7), 2, will also vanish 
and we have z = 2z,, so that there is a steady super-current. As in the 
case of a normal conductor, 

Ant 


curl H = ——. « 5 ee 


However, according to (5) and (9), the magnetic field and the carrent 
are related by another equation 


eul()=—"H. . . . 2. 


In a superconductor at constant temperature, A is independent of 
position and we may write 


eul?=—Au. es ue ee) 


* Div = surface divergence (see p. 44). 
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Taking the cur] of (12) and using (13’) and remembering that div »H = 0 
and div z = 0, we get 


Aor ‘ Aor 
curl curl H = —" curl d= — = B. os.» 1 
Similarly, 
—— Arp 
curl curl = — © curl w= — 3h é. (15) 


Imagine a superconductor of infinite extent bounded by the plane 
z = 0 and filling all space on the positive side of the z-axis. Let the 
space where z < 0 be a vacuum where there exists a constant magnetic 
field H,. By virtue of (10) and because 


oH oH, _ 
a 


aeH, 90m, 
jt oot Stag —° 


H, must be constant in both regions. But H, = const. is not a solution 
of (14) except for H, =0. This means that H can have only a tangential 
component, which we take in the y-direction. Thus 


Forz<0, H,=H,=0; #,= 4H). 

Kans > 0. 0 ee — | (2). 
Because of the continuity of H, and by virtue of (14), we shall have, in 
the superconductor 


1 [Fe 


H, = He-®, where — | aa (16) 
From (12), the current density is given by 
ee ee ee 
p= — 7 a = — gyi’ 5 ty = 0; 0, 5 a (17) 


In a superconductor, then, the current as well as the magnetic field 
fall off with the depth. The penetration depth 1/8 is proportional to 
4/A. Independent measurements always lead to an order of magnitude 
of about 10-5 cm. for 1/8 for a temperature of 0-5° below the transition 
point. The Meissner effect is thus accounted for. 


3. Optical Behaviour of Superconductors. 

In high-frequency (optical) fields, the ratio of super- to normal 
current is as follows: Because of the connexion of the two through the 
electrical field intensity E (equations (7) and (8)) we always have 


, ... 
ig=on (Mi)... 2 2 + + (18) 


470 THE THEORY OF ELECTRICITY ([Cuar. XXVI.] 


If z, is a periodic function of the time, 
tee wg ee) 
then £, ODNE MEO os 1D) 


The normal current leads the super-current by a phase angle 7/2. 
The amplitude ratio is given by the product owA. Taking for the order 
of magnitude of ‘A the depth of penetration mentioned above, the 
amplitude of the normal current turns out to be a hundred times that 
of the super-current even for the infra-red region. This is in harmony 
with the negative result of all experimental attempts to detect optical 
changes when superconduction sets in. This circumstance compels us to 
assume that a normal current exists in addition to the super-current. 

Although the Laue-London theory embraces a complete picture of 
the phenomena, elaborate computations have not yet succeeded in 
supplying an atomistic theory of the superconductivity constant A 
along lines similar to our interpretation of the material constants oa, e, 
and yu as presented in the previous sections. To this extent, the present 
topic still belongs to the phenomenological part of electricity. How- 
ever, it was presented here for two reasons: Firstly, certain atomistic 
notions, such as the acceleration of electrons, were used in setting up 
the field equations; secondly, there is the hope that an addendum 
concerned with an atomistic verification may be forthcoming as the 
subject develops. 


CHAPTER XXVII 


THe ELEctRopyNamics oF Movine Bopigs 


1. Electromagnetic Induction in moving Bodies from the Standpoint of 
the Electron Theory. 


An exact formulation of all electromagnetic phenomena in moving 
bodies is possible only with the aid of the Theory of Relativity; in 
fact, consideration of these phenomena formed the starting-point of 
this theory. Nevertheless, the Electron Theory is of such great service 
in representing most of the phenomena that, for the sake of sim- 
plicity of deduction, it seems advisable to consider matters from this 
standpoint first, rather than to begin at once to attack these problems 
with the heavy ordnance of the mathematics of the relativity theory. 
This is particularly so in view of the fact that up to the present time 
only a few experiments are known which are sufficiently accurate to 
detect the small differences in the results of the two theories (p. 476). 
The Electron Theory assumes that the electromagnetic field is located 
in a stationary “ ether ”’, i.e. in an absolute space pervading all matter, 
while charge, polarization and magnetization are bound to the material 
bodies and share in their motions. In our consideration of relativistic 
mechanics we pointed out that the existence of an all-pervading ether 
is disproved by the results of three experiments whose accuracy is suffi- 
cient to settle the matter. As a consequence, all results of the follow- 
ing calculations are merely approximations, but very useful ones never- 
theless. If we write the field equations in the form * 


JOE  47r0P . 47 
— ed — — —— e 1 
curl H a ae (p1¥4— p_v-); (1) 


div E = 47(p+— p_); es ee 
divH=0,°......-4. (4 


* The formulation used here differs from the usual one in which the conduction 
term is simply (47/c)pv. The present form is chosen for the reason that, for example, 
in electrolytes there is a conduction current even when the space charge in (3) ia 
not different from zero. In that case, however, equations (1) and (3) written in the 
usual manner would contradict each other. 
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the terms 0P/dt, OM/ét, p and pv are affected by the motions of material 
bodies. In addition to these equations we have the formula for the 
force exerted by an electromagnetic field on a moving charge e: 


F= cE + © [oH]. a. See) 


Thus, while a magnetic field exerts no force on a charge at rest, a force 
comes into being as soon as the charge is set in motion. If we look upon 
every force acting on an electrical charge as an electrical force, we 
have an “ induced electrical field strength ” 


,_l , 
E = c [vH]. e e ° e e e e (5 ) 
We now consider a variety of experiments from this point of view. 


(a) Ordinary induction in a moving coil 


The Law of Induction embodied in the second Maxwell equation 
is based upon the assumption that the change in flux consists of a 
time variation of the magnetic field, the path 
of integration being held fixed. Nevertheless, 
the law of induction is also applied without 
further thought to the case in which the flux 
is altered by moving the conductor while the 
field remains constant. With the help of equa- 
ds tion (4) we shall show that thisis really justified. 
If the induced electric field in (5’) is integrated 
along a conducting loop there results 


Va’ , 1 
H f Bids = - § [vH]ds. . (6) 
Now it may be shown readily that the right 
Rigee member is equal to the rate of change*of the 


magnetic flux accompanying the motion of the 
cunductor. Let us consider two neighbouring positions of the loop at 
times ¢ and ¢-+ dé. The change in position may also involve a defor- 
mation. Connect corresponding points of the two contours by displace- 
ment vectors udt. We thus complete a closed surface over which we 
take the integral of the magnetic field strength. Since the divergence 
of H vanishes in a uniform medium of permeability p, this surface 
integral is zero, by Gauss’s theorem. Now the element of the lateral 
surface (see fig. 1) may be expressed as 


d8,= — [vds]dt, 
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that oS ris + Yras— 
so tha ts s+ fH s a { B[ods] 
mes = faa [nama ffomis, . . o 
d® 
Le. rh [vH]ds = — tej f tee (8) 


In a medium of permeability » the force on the moving charge is p 
times as large, so that we obtain pu times the induced potential and the 
integral in (8) represents the flux of induction. Thus it amounts to 
the same thing if the change in time of the induction flux takes place 
through a change of field for a fixed loop, or by the motion of the loop 
in a constant field—a fact tacitly accepted in electrical engineering. 


(b) Dielectric polarization induced in insulators 


H. A. Wilson performed the experiment of rotating a hollow cylinder 
of a dielectric substance in a magnetic field parallel to the axis. The 
induced electric field acting on the quasi-elastically bound electrons 
of the substance displaces them relative to the nuclei and causes a 
resultant polarization. Neglecting the internal field, this quantity is 


gee by _ Na[vH] i 
Shes C ’ e ee «6 


where WN is the number of atoms per unit volume and a their polariz- 
ability. Using the relationship between Na and K (cf. p. 452), we obtain 


K — 1 [v8] 
4or c 


P 


P= i 


In our case P is radial and has the magnitude 
pa (K — 1)oH 


= wee NOY 


The rotating dielectric has thus assumed a volume polarization and 
is to be compared with a permanently polarized body or “ electret ”’. 
There are free charges on the surface, their surface density o being 
given by the magnitude of P, according to p. 281. The detection of 
these charges is accomplished as follows: the inner and outer sur- 
faces of the cylinder are covered with metal. For the present case it 
is immaterial whether the metal coatings rotate along with the cylinder 
or not, for the magnetic effects due to the moving charges are not 
measured here. If, during the rotation, the two metal coverings are 
connected and earthed, the total flux emanating from the surface of 
the dielectric ends on the coatings, i.e. there is induced upon them 
a charge equal and opposite to the free charge on the surface of the 
dielectric. If we now break the connexion between the coatings and 
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annul the volume polarization of the dielectric by stopping the rota- 
tion or cutting off the magnetic field, a surface charge of density o = P 
remains on the coatings. This charge gives rise to a potential difference 
between the coatings which can be measured by an electrometer. This 
difference of potential depends on the capacity of the cylindrical con- 
denser and of the electrometer. The measurements confirm the pre- 
dictions of the theory. 


(c) W. Wien’s experiment 


The displacement of charge (i.e. polarization) generated in atoms 
by motion in a magnetic field may be detected in a particularly favour- 
able optical case. As discovered by J. Stark, the spectral lines of 
hydrogen are split up into numerous components in an electric field. 
This is the so-called Stark effect. Wien caused hydrogen canal rays 
to pass through a magnetic field which was normal to their direction 
of motion. This is equivalent to an electrical field normal to the plane 
of v and H and of magnitude vH/c. By observing in the direction of 
the magnetic field one actually sees a pattern identical with the Stark 
effect pattern obtained in transverse observation in an electric field. 


2. Magnetic Effects of Moving Charges. 
(a) Rowland’s experiment 


The next experiment which suggests itself is the testing of the 
equivalence of a mechanically moved charge with an electric current. 
This is accomplished by imparting a large velocity to a charged body 
and detecting the magnetic effects of this artificial rotational current. 
H. A. Rowland set a charged, insulated metal plate into rapid rotation 
and obtained the magnetic effect given by the third term of the right 
member of equation (1) (p. 471). 


(6) The experiments of Réntgen and Eichenwald 


Réntgen and Hichenwald were able to show that the charges 
residing on the surfaces of a polarized dielectric (o = | P|) correspond 
to a current when the body is set into motion. To demonstrate this, 
Réntgen caused the dielectric between the plates of a charged con- 
denser to rotate; the magnetic effect calculated from the surface 
density of charge and the rotational speed was found to agree with 
the observed value. 

Using another arrangement, the same investigators were able to 
show that the polarization could be altered by mechanical motion; 
this change causes a magnetic field corresponding to the second term 
of equation (1) (p. 471). In this experiment we again make use of a 
rotating dielectric disc, but the condenser plates are divided into two 
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halves | along a diameter, and adjacent parts are held at opposite 
potentials (fig. 2). Thus the sign of the polarization at any point 
reverses when this portion crosses the 
line of separation, so that a vertical 
“displacement current” flows in the 
separating layer. The existence of this ~~ ee 


elle was detected by its magnetic MQSV0):S|dUMJMoz5z>:z aQJlan 


(c) The experiment of Trouton and | a 
Noble Fig. 2 

Trouton and Noble suspended a parallel plate condenser in such 
manner that it could turn freely about an axis parallel to the plates.* 
The effect to be expected is 
that, as a result of the trans- 
latory motion of the earth, 
the charged condenser will 
turn into a position in which 
the plates are parallel to the 
direction of this motion. In 
order to see that, if we use 
the ether concept, the motion 
of the earth would cause a 
torque, it is convenient to 
imagine the plate charges e i 
concentrated in two small 
spheres whose separation is equal to that of the condenser plates (fig. 3). 
Let the density of charge in these spheres be p. The translatory 
motion of the charge -+e due to the earth’s motion corresponds to 
a current element ds for which 


Ids=ev.t . 1... «s (1) 


According to the Biot-Savart Law, this current element gives rise to 
a magnetic field at the position of the negative charge. This field is 
given by 


pee. «Bel ere 


where » is the vector drawn from the positive to the negative charge. 
Thus the field is normal to the plane of v and y. The force with which 


* F. Trouton and T. Noble, Phil. Trana., A, 202, p. 165 (1903); Proc. Roy. Soc., 
72, p. 132 (1903). / 

+ If we imagine the sphere divided into slices normal to v, each of thickness ds, 
then each slice corresponds to a current element pAds.v. Integration over all these 
slices yields the volume of the sphere multiplied by pu, whence (11) follows. 
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this field acts on the negative olenee) which is also moving with 
velocity v, is given by : 
7 22) _ éloterd eee) 


c ec 
This force, which is normal to the plane of H and v, is of magnitude 


———— ,*.. Fae 
r 

Similarly, an equal and opposite force acts upon the positive charge 

as a result of the field caused by the motion of the negative charge. 

The two forces together furnish a torque parallel to the axis of rotation 

and of magnitude 


ev . 
M = Fr cos@ = ae sin @ cos@ 
4 
= 325 sin2e. tee 


This turning moment tends to turn the plates parallel to the “ ether 
wind”. Now e2/r is the electrostatic energy U., of the system. Insert- 
ing this value in equation (15) we obtain the correct formula for the 
parallel plate condenser, except for a factor 1/2, which is due to the 
simplifying assumptions made regarding the distribution of charge. 
The correct formula is 


vo\2 . 
m= U,(2) sin 26. «oe = egy 


Thus a condenser oriented at an angle 7/4 with the direction of the 
earth’s orbit should be subject to a torque U.(v/c)? when charged. 
A moment of this magnitude should he easily observable, yet even 
the most delicate experiments, especially those conducted by Tomas- 
chek, failed to give any indication of such a torque. The result of the 
Trouton-Noble experiment, which is one of the very few experuments per- 
mitting of observation of quantities of the second order in v/c, contradicts 
the theory of a stationary ether. 


(d) Variability of the mass of the electron 


The magnetic field of a moving point charge represents a certain 
energy distributed in space, the generation of which requires a certain 
amount of work; i.e. the electron possesses inertia which, as calculation 
shows, increases with increasing velocity. But since the mass is mani- 
fested only by its inertia, this indicates that the inertial mass of an 
electron increases with velocity. The amount of this increase is different 
for acceleration im the direction of motion and normal to this direc- 
tion. We therefore speak of longitudinal mass and transverse mass. 
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According to a calculation made by Abraham, these quantities for a 
rigid spherical electron are: 


longitudinal mass m, = my, ¢ +8 =) meee) 7) 


2 
transverse mass m;= mM ( + 7% e) oe ee (ES) 


Again, the lowest power of v/c which appears is the second. In addi- 
tion to our previous experiments this phenomenon may also be called 
upon to decide for or against the concept of a stationary ether. As 
mentioned on p. 430, this variability of electron mass has been 
observed for some time. The theory of relativity leads to a simpler 
formula which also contains correction terms in (v/c)* and which 
deviates from the above by about twenty per cent. The most exact 
measurements have decided unanimously against the formule (17) and (18) 
derived from the ether concept. and in favour of the relativistic formula. 


3. Propagation of Electromagnetic Waves in Moving Media. 
(a) Fizeau’s experiment 

The classical experiment on the propagation of light in moving 
media is that of Fizeau * in which light was made to pass through 
flowing water. The small difference between the index of refraction 
of moving and stationary water was measured by an interference 
method. Approaching the question quite naively, one might believe 
that the velocity of the flowing water simply would be added to the 
phase velocity as given by the index of refraction for water at rest. 
It is apparent, however, that this view leads one into difficulties, for 
evidently this convection effect must exist to the full extent even for 
very tenuous moving matter (e.g. in a rapidly flowing gas), while in a 
perfect vacuum there can be no effect. This would mean a discon- 
tinuity contrary to all experience. The actual result of the experiment 
showed that the wave velocity u is increased by the velocity of flow 
v multiplied by the factor (1—1/n?). The factor (1 — 1/n?) which 
approaches zero when n approaches unity is called Fresnel’s con- 
vection coefficient. This result is obtainable also from the theory of a 
stationary ether, but follows much more simply from the relativity 
theory as a consequence of the addition theorem for velocities (cf. p. 244). 


(b) The Michelson-Morley experiment 


A large number of experiments intended to detect the influence 
of the motion of the earth on the propagation of light have been pro- 
posed. For all of these, with one exception—the Michelson-Morley 
experiment—the accuracy of observation is not great enough to detect 


° H. Fizeau, Comptes rendus, 83, p. 349 (1851); Ann. d. Phys. u. Chem., Erg., 3, 
p. 457 (1853). 
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deviations of higher order than the first power of v/c. The stationary 
ether theory yields no first-order effect for a common uniform trans- 
lation of source, observer and intervening parts of the apparatus. 
To that extent all these experiments also confirm the theory of a 
stationary ether. This theory, however, does demand a second-order 
effect, and the Michelson-Morley experiment is the only optical ex- 
periment sufficiently sensitive to detect this effect. This experiment 
has already been discussed in detail on p. 238. The absence of a second- 
order effect here, the negative result of the Trouton-Noble experiment and 
the departures of the mass variability of the electron from the Abraham 
formula (p. 477) are evidence for the fact that the concept of a stationary 
ether cannot correspond with reality. 


(c) Doppler effect and aberration of light 
These phenomena have been discussed in detail on p. 245. 


(d) The experiment of Sagnac 

In this experiment the source of light, the observer, and the inter- 
mediate apparatus are given a common rotational motion.* Thus, 
in spite of the fact that all parts 
have a common translational motion, 
there is a rotational effect to be ob- 
served. The experimental arrange- 
ment is shown schematically in fig. 4. 
The semi-silvered plate divides the 
beam into two portions—one travers- 
ing the quadrilateral formed by the 
mirrors in the direction of rotation, 
the other in the opposite direction. 
An interference pattern is formed 
when the beams unite, just as in 
the Michelson-Morley experiment. 
The interference fringes are regis- 
tered on a photographic plate at- 
tached to the apparatus. 

As in the Michelson-Morley experi- 
ment, assume the classical compounding of velocities and compute the 
times required for the light to go in both directions and arrive again at 
G. Taking the axis of rotation as origin, suppose the light travels 
along a curve whose polar equation is r = r(¢). If, at a given instant, 
an element of the curve makes an angle @ = cos“(rdd/ds) with the 
direction of its translational motion arising from the turning of the 


*G. Sagnac, Comptes rendus, 157, p. 708 (1913); Journ. de Physique, 4, Ser. 6, 
p. 177 (1914). 
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whole apparatus, then the relative speed when going around in the 
same direction as the rotation will be 
dp 
vw. =c-—wr cos) = ¢ — rw + 


ds’ 
and in the opposite direction 


dd 
— 2, 
v= c+ rw —. 


The difference of the two corresponding time intervals is 
ds ds 
rtf Ha -§—* a 

ot Pw 

ds ds 


c— rw 


Since the second term in each denominator is small, this becomes 
_ £2Pwdd — 2w ee ie 
ae joe ae 


where S is the area enclosed. Then, by p. 239, the displacement of the 
fringes amounts to 
4 


a 


we. a... (19) 


where w is the angular volocity of rotation, S the area of the surface 
enclosed by the light path and 2 the wave-length of the light. This 
displacement is, in fact, observed. Experiments were performed using 
widely different values of both w and S. In one trial Sagnac used a 
rapidly rotating disc of about 1 m. diameter; in another trial the 
apparatus was taken on board ship; the angular motion was obtained 
by sailing over a curved course. In recent years Michelson and Gale * 
used the rotation of the earth itself; in order to compensate for the 
small value of w, a light path several kilometres in length was used. 
Technically, this experiment differs from that of Sagnac in that the 
zero position of the fringes cannot be determined by stopping the 
rotation; hence it was necessary to have a second light path, enclosing 
a negligible area, so arranged as to give fringes serving as a reference 
mark. Further, unless the circuit is at one of the poles, the angular 
velocity vector is not normal to the plane of the circuit, and only the 
normal component is effective. The result of this experiment was in 
complete accord with the calculations. The fact that the stationary 
ether concept leads to correct results for rotating systems in optical 
experiments also is no more a proof of the existence of the ether than 
are the mechanical phenomena of the Coriolis and centrifugal forces 
(cf. p. 233), The Michelson-Gale experiment is the optical analogue of 


* A. A. Michelson and H. G. Gale, Astrophys. Journ., 61, p. 140 (1925). 
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the Foucault pendulum. It is of importance from the fact that it makes 
all attempts to explain the negative result of the Michelson-Morley 
experiment by convection of the ether seem futile, for it seems absurd 
that the ether could be carried along by the earth completely in trans- 
lation and not at all in rotation. As explained on p. 258, the above- 
mentioned mechanical experiments are explicable under the generalized 
theory of relativity without using the concept of an ether at rest, 
and the same is true of the Sagnac experiment. 


4.* Relativistic-invariant Form of the Electromagnetic Equations. 


The mathematical formulation of the theory of a stationary ether 
involves the application of formule (1) to (5) (p. 471), with the 
derivatives 0/ct . . . for the moving bodies formed according to the 
Galilean transformation; i.e. we equate the total time rate of change 
of a quantity wu to the sum of the pure time rate du/ot for a fixed point 
and the spatial change vw grad u due to displacement of this point, as 
in hydromechanics. But, as already indicated, this theory leads to 
conflicts with experience for effects of second order. Small as are the 
differences between the theoretical and experimental results, they 
nevertheless compel us to abandon the theory. Now it is very re- 
markable that, as will be shown below, the equations of the electron 
theory may be set down at once as equations connecting world vectors, 
which means that they are invariant under the Lorentz transformation 
and not under the Galilean. One might at first believe this to be a 
matter of course, since the Lorentz transformation was introduced in 
such a way that the wave equation remained invariant under it. It is 
to be noted, however, that while the wave equation is a consequence 
of the electromagnetic field equations, the electromagnetic equations 
are not, reciprocally, consequences of the wave equation, since the 
latter also occurs elsewhere, e.g. in the Theory of Elasticity. Again, 
the invariance of the electromagnetic equations under the Lorentz 
transformation—which is, as a matter of fact, identical with the 
Galilean to a first approximation—shows that the stationary: ether 
theory also fails to indicate first order effects when all parts of an electro- 
magnetic system share a common motion. This fact was stated in the 
preceding section, but without proof. 

In order to obtain a simple form of equations (1) to (4) (p. 471), 
we restrict, our considerations to weakly magnetic substances, so that 
the term OM/ct in equation (2) may be omitted. In addition, let us 
combine the displacement current 0P/d¢ with the conduction current, 
i.e. let the terms (47/c)p,v, consist of the sum of a convection current 
of free charges and a part due to the displacement of the bound charges 
from their equilibrium positions. The term dP/dt then appears to be 
absent, but actually pu includes both the conduction current and the 
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contribution of the displacement. Writing l/%c in place of ¢, the co- 
ordinate forms of equations (1) and (3) become 


0H, OH, dik, 4a 


cr ete PP) 
oH, OH, OiF, 4 
~ Oa + FF BT = (eet — p02) (20) 
oH, oH, iB, 4m 
ae On nt oy i Ol = — (pats /p-¥-s) 
OiE, , OH, , OF, ei 
at Am ge ee = 47t(py— p-) 
while equations (2) and (4) are 
01H, 01H, OH, 0 
oy oF 
OiF, Oi, OH, _ 
Oz oz =0 lL” (21) 
O1E, Ow, OH, _ 4 eo © @ e@ 


Ox oy al 


OH, ely... OH, 
Oz oy 


We proceed to show that these are the component forms of two equa- 
tions between world vectors, or tensors. First we investigate how the 
density of charge p changes under the Lorentz transformation. Start 
from the assumption that the charge e = pAr is independent of the 
state of motion, and so does not change in this transformation. On the 
other hand, all volumes are reduced in the ratio »/1 — f?:1 by the 
Lorentz contraction; hence to a moving observer the charge density 
p appears to be increased in the ratio 1 /\/1— B?:1. Denoting by py 
the density of charge as measured by an observer moving with it, we 
have 


Po —— a : . 
P= Ti— pi or pV1— f*= py = invariant. (22) 


According to p. 266, the components of the four-velocity q’ are 
Vy a ”, ic 
J/i— Bp” Vi- Bp VvVi- pf V1i- B 
If we multiply each of these expressions by the invariant of (22) we 
obtain the components of a new world vector which we call the 
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four-current st; the positive charges yield the four-current s*,—the 
negative, the four-current s*_. Since the factor 1/1 — f? cancels out in 
the multiplication, the components are the right members of equations 
(20), apart from a factor 47/c. Consequently, the left members must 
also be the components of a world vector. This is derived from a world 
tensor by an operation which is independent of the system of co- 
ordinates. We aready applied such an operation in three dimensions 
in the Theory of Elasticity without introducing any special designation 
for it. If, in the three-dimensional case, say, we have a tensor in the 


cry YP=a,.t+a,.j+a,.k, 


and we use this tensor as a postfactor in multiplying with the nabla 
operator, we obtain 
V¥ = Va,.2+ Va,.j+Va;.R 
= div a, ° 2+ div a, J+ div a, . k, 
i.e. a vector whose components are div @,, div @,, diva@;. We shall refer 


to this operation as the formation of the divergence vector of the tensor 
, and shall designate the operation by 


ViOSaaqivr. 6 sat 8 ee DD 


The extension to the four-dimensional case involves nothing new. If 
we call the world tensor whose components are 


0 H, —H, —iB, 
ae 0 H, Se 

ee 0 —iE, 

iE, iE, iE, 0 


the electromagnetic field tensor ©", we see that the components of the 
world vector of equation (20) are obtained from this world tensor ® 
precisely by the operation given above. Hence equation (20) may be 
written : 


div” or = =z (st, aa s"_). e ° ° e Fj (24) 


But according to equation (65) (p. 251), the system (21) above states 
that the antisymmetric world tensor ®’ is derived from a world vector 
potential V" by taking the curl in four dimensions: 


penn We eae. ee i) 


The formulation of the laws of electromagnetism given by (24) and 
(25) seems, at first, somewhat colourless; nevertheless, compared with 
the usual three-dimensional vector equations, it has the great advan- 
tage that it combines the electric and magnetic fields so as to produce 
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a single unified field specified by the tensor ®*, the resolution into 
electric and magnetic components depending upon the state of motion 
of the observer. A field which appears to an observer at rest to be 
purely magnetic may, for a moving observer, appear to have an elec- 
trical component. Moreover, the change from one system to another 
is reduced to the purely formal operation of transforming four-dimen- 
sional tensor components. For example, in the experiment of W. Wien 
(p. 474), the world tensor ®* has the following components for the 
system in which the apparatus is at rest: 


0 H 0 0 
—H 0 0 0 

0 0 0 0 

0 0 0 0. 


On the other hand, consider a canal ray particle moving in the direc- 
tion of the z-axis with velocity v. Since 

l’ =lcosd + xsing, 

gz’ = —Isind + x cosd, 


tan¢d = —7f, 
the rule for transforming of tensor components (pp. 34, 249) yields 
0 H cos¢ 0 0 
—H cos¢ 0 0 —H sing 
0 0 0 0 
0 H sing 0 0 
We see that an electrical component has made its appearance, viz.: 
: Hig ae Ho]c 
wey eet ali Fico or ny 


which is identical with that derived from equation (4), p. 471, as far 
as quantities of second order. Likewise, the magnetic component 
remains unchanged as far as second order quantities. 


Ex. 117. Derive the Fresnel coefficient from the relativistic velocity addition 
theorem, 
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PART V 


Tur Torory or Heat. PHENOMENOLOGICAL Part 


The Theory of Heat, like the Theory of Electricity, may be developed from 
two different points of view. The phenomenological method employs only con- 
cepts like temperature, quantity of heat, &c., which are taken from the macro- 
scopic world of observations and which can be measured directly. The laws thus 
obtained have the advantage of being free from hypothetical assumptions. On 
the other hand, in the Theory of Heat, e.g. in connexion with the Law of Entropy, 
we feel the need of a deeper “explanation”. Such an interpretation, deeper 
because more vivid, is furnished by the atomistic, statistical view. Here again, 
as in the electrical case, we find that although we develop the theory separately 
from the two sides, it will often prove advantageous, while we follow one line of 
approach, not to shut our eyes completely to the other. 
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CHAPTER XXVIII 
THEORY OF THE CONDUCTION oF HEatT 


1. Definition of Temperature, Quantity of Heat, Thermal Capacity and 
Specific Heat. 


The sensory organs of the skin permit us, within certain limits, 
to perceive temperature. In particular, we can decide readily which 
of two objects is the warmer. However, this qualitative measure of 
temperature is not sufficient for physical measurements and we must 
seek a phenomenon which is causally connected in some way with 
the temperature of a body. The increase in volume of a substance, 
e.g. mercury, with rising temperature is a phenomenon of this kind. 
For convenience of observation of the expansion, the mercury is con- 
tained in a bulb and allowed to expand into a fine capillary tube at- 
tached to it. A thermometer of this kind is calibrated by immers- 
ing the bulb in melting ice and marking the position of the mercury 
filament, then immersing the bulb in the steam rising from water 
boiling at standard atmospheric pressure and again marking the 
position of the thread of mercury. The interval is then divided into 
one hundred equal parts. We have thus obtained a provisional scale 
of temperature. If, now, we repeat this process with another ther- 
mometric substance, we find that accurate observation reveals a diffi- 
culty; viz. since the volume is not strictly a linear function of tem- 
perature, two thermometers filled with different substances and cali- 
brated as above will not agree exactly at intermediate points when 
immersed in the same substance. We might of course avoid this diffi- 
culty by the arbitrary choice of a standard thermometric substance, 
say mercury. There is, however, a better plan: we obtain almost 
perfect agreement by using gases which are as far as possible from 
their boiling-points. For practical reasons a gas thermometer is usually 
arranged so that we measure not the expansion but rather the increase 
in pressure occurring when the volume is held constant. Since indi- 
vidual differences arise when such gases are in the neighbourhood of 
their boiling temperatures, we choose as a thermometric substance 
that gas which, under ordinary conditions, is farthest from its boiling- 
point, viz. helium. Thus accurate thermometric measurements are based 


upon a temperature scale determined by the wmcrease im pressure of @ con- 
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fined volume of heliwm. Moreover, the gas thermometer defines a natural 
zero point for our scale—the so-called absolute zero—which is at —27 3° 
on the Centigrade scale defined above. The determination of this zero 
point will be discussed later. The temperature scale defined on this 
basis departs but little from one defined on purely theoretical grounds, 
the thermodynamic scale, which will be explained later. We shall 
denote temperatures on the Centigrade scale by ¢, those on the absolute 
scale by 7. There will be no danger of confusing ¢ with the time, since 
pure thermodynamics deals only with equilibrium. In the Theory of 
Heat Conduction, however, we shall denote the temperature by 0. 
Since, in the latter case, we are concerned only with temperature 
differences, it is immaterial whether we understand this to be Centi- 
grade or absolute temperature. 

In addition to temperature there is a second important concept— 
that of quantity of heat—which is given by ordinary experience. If 
we drop a 1 gm. mass of iron at 100° C. into 10 gm. of water at 10° C. 
and, in a second experiment, drop a 10 gm. piece of iron at 100° C. 
into the same amount of water at 10° C. as before, we observe, 
after the systems have come to equilibrium, that the rise in tempera- 
ture of the water is about nine times as great in the second case as in 
the first. This leads to the idea that a body possesses a given heat 
content which is equal to the product of the temperature by a quantity 
proportional to the mass. This latter quantity is called the heat 
capacity. It is to be noticed that we deal only with differences in quan- 
tities of heat, so that the absolute value is undetermined. The pro- 
cess of coming to equilibrium in the above example may then be 
interpreted as the transfer of a given quantity of heat from one body 
to another. Without forming special conceptions of the nature of 
heat, we postulate a conservation of quantity of heat for such processes. 
As a unit of quantity of heat, we choose the amount of heat necessary 
to raise the temperature of one gramme of water from 14:5° C. to 
15-5° C., and call this a small calorie (sometimes “ gramme calorie ’’). 
There is a larger unit, the large calorie (or kilogram calorie) which is one 
thousand times as great. . 

Experimenting further, we find that 1 gm. of aluminium at 100° C., 
when placed in 10 gm. of water at 10° C. imparts to it a greater rise in 
temperature than does 1 gm. of lead at 100° C. Hence we set the heat 
capacity equal to the product of the mass by a constant of the material. 
This constant is taken to be unity for water at 15°C. The quantity 
of heat in calories required to raise the temperature of 1 gramme of a 
substance 1° C. is called the specific heat of the substance, preferably 
called the specific heat per gramme. There is another quantity which 
is important—the specific heat per mol, i.e. the thermal capacity of one 
mol of a substance. The advantage in using this molecular heat is that 
in comparing the molecular heats of various substances, the same 
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numbers of molecules are involved. We shall denote the thermal 
capacity by C, the specific heat’ per gramme by c, and the molecular 
heat by c. In order to determine the equilibrium temperatures in the 
above examples we need only equate the quantities of heat involved, 
before and after mixing. In the example of 1 gm. of iron at 100° C. 
placed in 10 gm. of water at 10° C., the end temperature z is obtained 
from the relationship 


1.c,.100-+ 10.10 = (c, + 10)2, 


where c, is the specific heat per gramme of the iron.* 

In spite of this simple applicability of the concept of heat content, 
it must be mentioned that these simple relationships exist only when 
the bodies under consideration do not undergo other changes. In 
general, the heat capacity is by no means a function of the temperature 
alone (cf. p. 502). 


2. The Differential Equation of Heat Conduction; Initial and Boundary 
Conditions. 


Common experience shows that any temperature difference be- 
tween parts of a body reduces to zero after a time, so that heat must 
flow from the places of higher temperature to those of lower tem- 
perature. It is natural to assume that the density of the thermal 
current, i.e. the quantity of heat passing per second through unit area 
of a surface normal to the direction of flow, is proportional to the 
negative of the temperature gradient. This assumption is confirmed by 
experiment. The factor of proportionality & is called the thermal 
conductivity of the substance. If now we imagine a certain volume of 
a body isolated, the rate of decrease of the heat content is 


— om =F fpbcgar, 7 e© e 8 »* (1) 


where 6 is the temperature and p the density. This decrease is due to 
conduction, the heat flowing away through the bounding surface. The 
flow is given by 


—=-=—k gf grad ods. ee ae 
Equating the two, we have 
o [p6c.d = kg grad 6d8 = k f div grad 6dr. . (3) 


* This is equivalent to equating the heat given up by the hot body (or bodies) to 
that absorbed by the cold, in which case the heat equation is 


1. ¢9(100 — x) = 10(z — 10), 


which is, of course, the same as the equation given above. 
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Since this must hold for every element of volume, we have the equation 
of heat conduction 


= 0 ae tee es 
The constant m = k/pc, was named the diffusivity by Kelvin.* 

As in the case of all partial differential equatious, the solution of 
the problem is not defined unless initial and boundary conditions are 
given. Thus there must be given a definite distribution of temperature 
at time f= 0, and also information as to what is happening at the 
boundaries of the body. The surface of the body, for example, may 
be completely insulated. In general this will not be the case; as a rule, 
heat will pass outwards through the surface. It is found that the 
surface density of the flow of heat normally outwards through the 
surface is approximately proportional to the difference in temperature 
between the surface of the body and the surrounding medium. 
The factor of proportionality is called the surface conductivity, or 
emissivity. 


3. A Simple Example of the Integration of the Equation of Heat Con- 
duction: Penetration of the Daily and Yearly Temperature 
Variations into the Interior of the Earth. 


Take the surface of the earth to be plane and assume the surface 
to undergo periodic temperature variations as a result of the fluctuating 
radiation to which it is exposed. The boundary conditions here are 
especially simple, for there is no heat flow through the lateral surface 
of a cylinder whose generators arc vertical. This is because the iso- 
thermal surfaces are planes parallel to the earth’s surface, as may be 
seen intuitively; hence the entire flow is normal to the surface of the 
earth. Taking the z-axis along the inward normal to this surface, the 
differential equation becomes 


On e ° e e e e a 7 (4 ) 
Since @ at the surface is a periodic function of the time, we take 


O6= fixe 2... 1. 6) 


Substituting this value in (4’) we obtain the following differential 
equation for f(z): 


m 7", — tof = 0, ott eo (6) 


* Clerk-Maxwell called this quantity the thermometric conductivity, but Kelvin’s 
terminology is more widely used, 
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which we seek to solve by setting f=—ae™. The “ characteristic 
equation ” becomes 
(7) 


a= [Mas [P49 Be a! (8) 


The negative sign is the one to be selected, for if we limit our inquiry 
to the penetration of the stirface variations, there must be a decrease 
toward the interior. Then 


mw—iw=0, .. 
whence 


6 = ae Vormx givlt—(e/V2me)\ ~ aed) 
This is the equation of a damped wave propagated with velocity 
v= ~V/2mw. This shows that the velocity is greater for the diurnal 
variation than for the annual, but at the same time the damping is 
greater for the former. 

It is also easy to fulfil the initial time conditions for = 0. Since 
the real as well as the imaginary part of (9) represents a solution, we 
may obtain the solution for any values of 0, and (00/0x), from the 
general solution containing two constants of integration: 


6 = Ae Ve2m* cosw (« — Tz) 


+ Be-Vel2m* sinw (« — 


x 


V2mo} 


If, for example, we begin counting time from a moment when 
6 at x= 0 is a maximum, we have the solution 


(10) 


o—ss e— Volm* cosw ( t — a) wae (1G) 


where 6 and Ona, are, of course, the differences reckoned from the average 
temperature. 


CHAPTER XXIX 


Tue Equation or STATE OF THERMODYNAMIC SYSTEMS 


1. Definition of the Thermodynamic Variables and the Relationships 
between them. 


In thermodynamics, the treatment of which we begin here, the 
word “ system” is used as the most general and neutral expression for 
an aggregation of bodies considered as a whole and assumed to be 
isolated from their surroundings. A system may consist of several 
distinct physical parts called phases. For example, if we have a 
saturated NaCl solution containing an undissolved crystal of NaCl, 
the whole being covered by a bell jar, then we have a system of three 
phases: a solid phase (the crystal), a liquid phase (the solution) and a 
gaseous phase consisting, in this instance, of a mixture of air 
and water vapour. Since all gases are miscible, a system in equili- 
brium can have but one gaseous phase, but may have several solid or 
liquid phases. For example, we can introduce an additional solid 
phase by placing a crystal of quartz in the solution. The thermo- 
dynamic behaviour of the system is dependent upon the number of 
“independent components” or “substances”. We understand this 
to mean the number of freely variable chemical compounds or elements 
contained in the system. To obtain this number, determine first the 
number of elements present (combined or free) and subtract from this 
the number of elements defined chemically in terms of the remaining 
(independent) elements. For example, water and ice constitute a two- 
phase system of one component, since the quantity of oxygen present is 
determined by the quantity of hydrogen. On the other hand, a solution 
of NaCl in water is a single-phase system of two components. The 
state of a system is determined, in the thermodynamic sense, by giving 
the mass and chemical constitution of each phase as well as the pres- 
sure, volume and temperature. These quantities, however, are not 
independent of one another, but are connected by a relationship called 
an equation of state. 

We limit our present considerations to a single-phase system whose 
chemical constitution is invariable, e.g. a system consisting of 10 gm. 
of liquid benzene. Since the mass and chemical constitution are fixed, 


there remain only the three quantities temperature ¢ (or T'), pressure 
age 
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p and volume V as true thermodynamic variables. Temperature and 
methods of measuring it have already been discussed in Chap. XXVIII 
(p. 487). The volume is measured in cubic centimetres and the pressure 
in dynes per square centimetre. In some instances the pressure is 
measured in atmospheres, this being the pressure capable of support- 
ing a 76 cm. column of mercury at 0° C. 


| Atm. = 76 x 13-6 x 981 = 1-013 x 10° dynes/cm.? = 1-013 x 10° newton/m? 


Now there is generally an equation of state 
F (p, t, V) —— 0, . e ° e ere e (1) 


according to which the condition of a simple system is determined 
by fixing the values of two of the variables. An equation of state 
which is valid over large ranges can be given only for gases. For liquids 
and solids these equations are more like interpolation formule: holding 
over a limited range. But, as we shall see presently, important con- 
clusions may be drawn from the mere fact that an equation of state 
exists. 

We now consider those changes of state in which each variable in 
turn is held fixed. We thus arrive at definitions for three coefficients, 
viz. the following: 

The isobaric volume coefficient of expansion a is defined as the rate of 
change of volume per degree divided by the volume at 0° C., the pres- 
sure being held constant, i.e. 


1. Vip t+ A) — Vip.t)_ 1 (2 
ee aia aT : ~ (2) 


0 


The subscript attached to the partial derivative indicates the quantity 
which is held constant. 

The isometric (or isochoric) pressure coefficient B is defined as the 
rate of pressure change per degree divided by the pressure at 0° C., 
the volume remaining constant: 


=) jmeitt a= 7.91 (2). 
hm, At ~ eg dt}/y @) 


Finally, the isothermal compressibility x is defined as the rate of 
change in volume per unit pressure (or per atmosphere) divided by 
the existing volume, the temperature being held constant: 


- ae. Vierpet Ap) — Vie p)_. _ 5(2% 4 
le aa Ap V\op/t ° 


Since the volume decreases with increasing pressure we insert the nega- 
tive sign to make « positive. The reciprocal of « 1s called the isothermal 
volume elasticity E,. It is to be noted that, for reasons of convenience, 
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the coefficients are so defined that a and f are referred to the volume 
or pressure at 0° C., while « is referred to the existing volume. The 
advantage of this convention becomes apparent in the case of gases. 
For liquids and solids it is practically immaterial whether the change 
is referred to the volume at 0° C. or the volume at the existing tem- 
perature. Again, it is immaterial whether we write ¢ or 7 in defining 
a and £, since teraperature differences only are concerned. The exis- 
tence of an equation of state means that the three coefficients are not 
independent. If, for example, we imagine the equation solved for p, 
then 
p= pV, t) 


and ie = av + (ZB) ae  eege  alf) 


If p is held constant we have, after division by dé, 


_ [op\ (ov Op 
= GF), (Gi), Gi), 
Inserting the coefficients defined above in place of the derivatives, 
Be sear: . + re. ee 


Ez. 118. A mercury thermometer whose capillary is just filled at 45° C. is 
warmed to 50°. What is the pressure in the capillary if the coefficient of expan- 
sion % = 18 x 10-5 deg.—* and the compressibility x = 39 x 10-7 Atm.—'? 


2. The Equation of State of an Ideal Gas. 


The following empirical relationships have been found to hold for 
gases far removed from their point of liquefaction: 

1. The Law of Boyle and Mariotte—At constant temperature the 
volume of a gas is inversely proportional to the pressure, i.e. the pro- 
duct of pressure by volume depends only upon the temperature: 


PV(p,t) = poV (Mot), - » » « » 2° (7) 


* 


where p, denotes some standard pressure, say 1 atm. 

2. The Law of Gay-Lussac.—The isobaric volume coefficient has 
the same value a = 1/273-1, independent of the temperature, for all 
gases. Thus by the defining equation (2) (p. 493), 


Vp, t)= Vip, 0)(1t+ at), . . . . . (8) 
Vip t) = Vy 0)(1 +o. .... 

Combining (7) with (8’) we obtain 
pV (p, t) = po(1 + at) V(Po, 0). re (:)) 


and in particular 
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We now change the zero of the temperature scale from the temperature 
of melting ice to the temperature —1/a = —273-1° C., and take 


t= P— 2317 > oe. (10) 


Then we have 
pV _ PoV (Po; 273-1)T _ PoVo 
273-1 Dae 


We have already referred to this scale of temperature as the absolute 
scale. The constant A, which is equal to 1/273-1 of the product of the 
pressure and volume of the gas at 0° C., varies according to the mass 
and nature of the gas under consideration. However, we obtain a 
universal gas equation by using another fact of experience as follows. 
3. The Law of Avogadro.—The densities of two gases which are at 
the same pressure and temperature are proportional to the molecular 
weights. If M is the mass of the gas, the density is M/V and so 


T=AT. .. (WW) 


M,.M,_ 
V . ie ed ™m . My . e e e e e (12) 
where m, m, are the molecular weights. Equation (12) is equivalent to 
m,V,__ M2V2 (12') 


7 if —. M, . e e e e e e 
The quantity 


is the volume occupied by one mol. This, as well as all symbols referred 
to one mol (gramme molecule), will be denoted by small letters. 

If we write the gas equation for one mol (V = »), the constant on 
the right becomes the same for all gases, since by Avogadro’s Law, 
one mol of any gas occupies a given volume %, at a given temperature 
and pressure. We then have 


me eT. . . . « «le 
pv ag RT (13) 


The numerical value of this so-called universal gas constant is 
R= 8-314 X 107 erg/deg. mol = 8310 int. joule/deg. kg.-mol. 


Since the mass of one mol is m grammes, where m is the molecular 
weight, multiplication by M/m yields the following result for any mass 


M of gas 
pV =" RT =nRT, ... ~~ « (18!) 


where n is the number of mols of gas present. 
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The product pv vanishes for 7 = 0. This means that an “ ideal” 
gas which obeys (13) would have zero volume for a finite pressure, or 
would no longer exert pressure, the volume still being finite. The 
former alternative seems impossible to visualize. Now the atomistic 
view reveals at once the nature of the simplification inherent in the 
definition of an ideal gas which leads to such paradoxical results. 
According to the-kinetic theory of gases, the pressure exerted by a 
gas on the walls of its container is due to the innumerable impacts of 
the rapidly-moving molecules. The molecules themselves may be 
assumed to be particles having no extension, so that the entire volume 
v is available to every molecule. The result is that at absolute zero, 
where the molecules no longer are in motion, the volume of the gas 
is zero. In reality we know, however, that the colliding molecules 
behave like elastic spheres whose diameter is of the order of 10-8 cm., 
so that they occupy s small, but nevertheless finite, volume. Further, 
in deriving the gas equation from the kinetic theory, it is assumed 
that the molecules exert no forces on each other. We know, however, 
that large intermolecular forces of attraction exist in liquids and solids 
(cohesive forces) and it is thus probable that such forces exist in the 
gaseous state also, but that they are much feebler, corresponding to 
the greater average distance between molecules. 

We may now derive the equation of state of a mixture of ideal gases. 
Let the masses M,, M,, M;, . . . of gases having molecular weights 
m,, Ms, ... be contained in a volume V. In order to obtain the 
equation of state for this mixture we need the following law. 

4. Dalton’s Law of Partial Presswres—The pressure exerted by a 
mixture of gases is equal to the sum of the partial pressures which each 
gas itself would exert if it filled the entire volume. From the kinetic 
theory standpoint this law is a matter of course, since the total effect 
of the collisions with the walls must be equal to the sum of the effects 
due to the separate kinds of molecules. Thus for the first component gas, 


= M; pt == eee, 
m, 
and similarly, 

pV = “ter = n,RT 
2 Ma git. 

Adding all such equations and applying Dalton’s Law, we obtain 

M,,M 

pVv= (3 + fe +.. .)Rr= (ny +M+ngt+...)\RT=nRT (14) 


p= 2) eee 
m+ m+ mst... — 
Using this relationship we can define the apparent molecular weight 


and — (14a) 
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of the mixture as the molecular weight m of a gas which, for the same 
mass M, would satisfy the same equation of state, viz. the equation 


n= RT = Ha ee RT. . (15) 


Comparison of (14) and (15) gives the apparent molecular weight of 
the mixture as 


(16) 


3. The Equation of State of a Real Gas. 


The atomistic view shows us how to improve the equation of state 
of a gas: it is necessary only to take account of the quantities which 
were neglected in arriving at the equation of an ideal gas. Firstly, we 
must subtract from the macroscopic volume v a quantity b which 
allows for the space occupied by the molecules. This quantity b is four 
times the volume actually occupied by the molecules, which are assumed 
to be spherical. The reason for this is that in a collision the centres of 
two molecules approach no nearer than a diameter, so that for impact 
we may imagine half the molecules to be mere points, while the re- 
mainder occupy eight times their actual volume. Hence, for the 
average, we use four times the true volume of the molecules. 

The cohesive forces operating on any given molecule in the interior 
of the gas cancel out, since they are essentially equal in all directions; 
not so, however, for a molecule near a wall of the vessel. It will be 
drawn back somewhat into the interior of the gas, if we assume no 
attraction between the gas molecules and the wall (adhesion). This 
has the effect of a small inward pressure in addition to the observed 
manometric pressure p. This added pressure must be inversely pro- 
portional to the square of the volume, for the force acting on a given 
colliding molecule is proportional to the number of molecules in the 
interior, which, in turn, is proportional to the density of the gas. But 
the pressure increase is also proportional to the number of molecules 
colliding with the walls, and hence again proportional to the density. 
Thus, in place of Boyle’s Law we write the following equation for one 


mol of gas: 
(p+ $)o—=(m+)m—) + + 00 


The product is again set proportional to the absolute temperature, 
but the constant & is to be replaced by gas constants R’ which differ 
somewhat for various gases. The resulting equation of state is named 
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after van der Waals, to whom most of the above considerations are due: 
(p+5)0—0)=RT. emcee. ae 


In order to obtain a view of the relationships embodied in this formula 
we draw the lines 7’ = const. in the vp-plane (fig. 1). These lines are 
called isothermal lines, or simply isotherms. The isotherms of an ideal 
gas are the rectangular hyperbolas pv = const. The greater the value 
of 7, the less important are the correction terms in van der Waals’ 
equation. This means that the isotherms for higher values of T are 
not sensibly different from the hyperbolas of an ideal gas. For small 


———_> 
Fig. 1 


values of 7', on the other hand, the isotherms are of a different type, 
each one having a maximum and a minimum of p. The transition 
between the two types is a curve having a point of inflection with a 
horizontal tangent at which both extrema coincide. If, now, the 
point representing the state of a gas moves inward from large values 
of v along a low isotherm, the pressure increases as the volume is 
decreased. This is necessary in order to reach equilibrium, since we 
may imagine the volume to be decreased by loading a piston which 
confines the gas in a cylinder. After we reach the maximum of the 
curve, however, the pressure begins to fall as the volume is further 
decreased. There is an unstable region from A onward, since the 
internal pressure no longer increases if we seek to decrease the volume 
by loading the piston. Actually, this portion of the curve is not tra- 
versed at all; part of the gas begins to liquefy at B, and the pressure 
remains constant as the volume is further decreased. In the meantime, 
more and more gas is liquefied, until it is all in the liquid state at C, 
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and the remaining branch of the curve gives the connexion between 
volume and pressure of the liquid. We shall find later that the hori- 
zontal line is to be so drawn that the two shaded areas are equal (cf. 
Ex. 124, p. 524). 

Curves having no extrema can have no regions of this kind; thus 
is explained the fact that above a certain critical temperature it is im- 
possible to liquefy a gas, no matter how great the applied pressure. 
The corresponding curve is the one having the point of inflection. 
The co-ordinates T,, Py, Vz of this point are called the critical tem- 
perature, critical pressure and critical volume. The following equations 
hold for these quantities: 


al RT k a 
ae . (19) 
and since the tangent is horizontal, 
Op RT k 2a 
—~)=0=— ——.+ —. . (20 
Ov) x (%,— 6) a8 i) 
Since there is a point of inflection, 
Op 2R’'T, 6a 
—-\=0=—=———".—_- —. .... (21 
Ou? / (vy, — 5)® =o @) 


These equations are readily solved for the critical values; for 
example, division of (20) by (21) yields 
0, = 3b, ar |) 
whence, from (20), 
8a 


a 


(23) 
and from (19), 


a 
Pe= spe tt OA) 


Combining the last three equations gives the relationship 


RT, — 8 e e e ° ° 
for the critical point. For an ideal gas, the expression pv/RT is equal 
to unity. 
It is also possible to express the three constants of the van der 
Waals equation in terms of the critical constants: 


i . . (25) 


‘ oe . . (26) 
, 8 Pete | 
a 
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The equation of state then becomes 


39,0," _» _ 8 pyv,T 07 
(r+ 22H) (og) 802... ean 


If we now introduce the following “‘ reduced variables ”: 


(28) 


= hs .- © © @ 
Pr Ux LT, 


we obtain an equation free of the constants of individual gases: 
(m+ =) (ee — 1) = 8r. - 4 
Ww 


The existence of a reduced equation of state depends solely upon 
our being able to represent the facts by a formula containing three 
constants* This is possible only to a limited extent, since many sub- 
stances undergo chemical changes as the density increases (e.g. as- 
sociation). Such changes are not accounted for by the van der Waals 
formula or by any other three-constant equation, since they are entirely 
of an individual nature. The existence of a general equation of the 
type (29) is known as the Theorem of Corresponding States. While 
the above considerations show that this theorem may not be valid in 
some cases, it may usually be employed advantageously in dealing 
with chemically similar substances. 


Hx. 119. Derive expressions for the compressibility (or for the volume modu- 
lus of elasticity) of an ideal gas and of a van der Waals gas. 


* A reduced equation of state is still obtained if an individual gas constant is used 
in place of the universal constant R. The former, too, is eliminated in obtaining the 
reduced equation. 


CHAPTER XXX 


Tar First Law or THERMODYNAMICS: 
Tur CONSERVATION OF ENERGY 


1. Formulation of the First Law. 


The First Law makes a statement concerning the nature of heat. 
It asserts that heat is a form of energy, and that im a closed system the 
total store of energy, +.e. the sum of the heat energy and mechanical or 
electrical energy, is constant. This is the Principle of the Conservation of 
Energy, formulated by Robert Mayer in 1842. Thus, in a closed system, 
one form of energy may be transformed into another, but the sum 
must remain constant. In the atomistic treatment of the theory of 
heat, we shall see that heat is a manifestation of the kinetic energy of 
the atoms and molecules of the substance, the difference between this 
and the evident kinetic energy of large bodies being the degree of 
organization. If, for example, a vessel of gas is in motion with a 
certain velocity, we attribute to all the molecules an observable 
mechanical energy—the common kinetic energy of motion of the centre 
of gravity. But in addition to this, there is the kinetic energy of the 
molecules, flying about at random and colliding with the walls, which 
we term heat. Since disorganization is the essential property of that 
part of the energy known as heat, one can apply the concepts of the 
theory of heat only to systems composed of many elementary par- 
ticles. A single atom cannot be said to have a temperature. 

If a quantity of heat represents a definite store of energy, there 
must be a definite relationship between the calorie and the erg. It has 
been found experimentally (Joule) that 


1 calorie = 4:184 x 107 erg; 1 kg. cal. = 4184 joules. 


In what follows we shall assume all energy quantities to be expressed 
in ergs, 80 that no conversion factors are required in the formule. 

We can give another formulation of the First Law—one which is 
of a negative nature and which is important on account of its imme- 
diate intuitive nature and its analogy with the remaining laws. Since 
the store of energy of an isolated system is constant, it is impossible 
to construct a machine which does work without obtaining energy from 
an external source. This form of the energy principle is termed the 
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theorem concerning the impossibility of constructing a perpetuwm 
mobile of the first kind. : 

We must obtain a mathematical expression of the First Law. To 
this end we introduce the total energy U as a function of the thermo- 
dynamic variables. Evidently this quantity must be a single-valued 
function of the independent variables, say of T and v, for otherwise 
it would be possible to construct a mechanism which creates energy. 
For example, if the energy content were greater when 1 litre of air is first 
warmed from 0° to 100°C. and then compressed to 10 cm.? than when 
the same amount of air is first compressed to 10 cm.® and then heated 
to 100°C., it would be possible to gain energy by bringing the substance 
back to its initial state by the second process, which requixes the 
smaller amount of energy. We must therefore have 


U=U(T,V) or U(T,p) or U(p,V). . (1) 
Hence the differential 


aU (0U 
a = (Fn) ar + 7),a7 , oe Bes 


is the total differential of a function of the thermodynamic variables. 

In contrast with this, the total quantity of 

P heat supplied to a system is not a unique 

function of the variables, for it is not neces- 

dS sary that the part of the energy of the 

system which exists in the form of heat 

be supplied as heat; it may be supplied in 

part, for example, as mechanical energy in 

compression, As a result, a small quantity 

of heat supplied to a system is not the total 

differential of a function of the thermo- 

Fig. 1 dynamic variables; it is therefore denoted 
by 5Q instead of by dQ. 

The internal energy of a system may be increased by supplying 
energy from the outside, part as heat and part by doing mechanical 
or electrical work. If we take every quantity of energy supplied to 
be positive, regardless of what form it is in, the First Law is 


8Q0+8W=dU. ...... (3) 


The commonest instance in which work is done is the change of volume 
accompanying an external pressure p. If every element d§ of the sur- 
face experiences a displacement Ss, an amount of work 


SW = — § pd8is = —p fdsds aia 


is done. The negative sign is to be used, since energy is supplied to 


XXX.] THE CONSERVATION OF ENERGY 503 


the system if 5s forms an obtuse angle with dS (cf. fig. 1). Now the 
integral ds Ss is merely the change in volume dV resulting from 
the displacement. Hence in this special case the First Law may be 


nee SO pave, 2... 0) 
or 8Q=dU+pdV. « ... ~ - (3) 


This last form may also be interpreted thus: the energy supplied to 
the system in the form of heat goes in part toward increasing the 
internal energy U and in part to performing external work. 

With regard to the pressure, the following may be added: If the 
outside pressure p on the freely movable piston of a gas-filled cylinder 
is equal to the gas pressure, the piston will remain at rest. If the ex- 
ternal pressure is much diminished to a value p’, a sudden expansion 
will follow and the gas will acquire energy of flow which, however, is 
soon converted into heat because of turbulence. In this instance, then, 
the useful work obtained is smaller than if there had been only an 
infinitely small difference between inside and outside pressure, and 
hence an infinitely slow expansion. The latter condition would ob- 
viously yield the maximum external work, and we term the process a 
reversible one. Unless otherwise remarked, we shall assume reversi- 
bility for all processes discussed. 


2. Specific Heat at Constant Volume and at Constant Pressure. The 
Energy Function of a Gas. 


According to p. 487), the specific heat per gramme or per mol repre- 
sents that quantity of heat necessary to impart to one gramme or to 
one mol a temperature increase of one degree. One must differentiate, 
however, between the case where heat is supplied at constant volume 
and that where the pressure is held constant while the heat is sup- 
plied. In the first instance no external work is done, while in the 
second, expansion against the outside pressure does mechanical work. 
This distinction is important chiefly for gases, on account of their 
large coefficients of thermal expansion.’ If we apply the First Law to 
the energy supplied, the definition of specific heat per mol yields the 
equation auger ” 


+ — 7 eo ® © 8 @ 


Now the energy u is a function of the thermodynamic variables, of 
which we take 7 and v to be the independent ones. We then have 


for constant volume 
an = (Fn) Ce 
9 
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and the specific heat at constant volume, per mol, is 


= (5). ite 2a 


In the second case v is not constant and 


ui) sro[@) rra-sars[). v2] 0 


We now express v in terms of J and p and obtain, for constant 
pressure, 


Pe sp) at. ee Pe 
Division by dT yields 


oo (G2) +9] 9), 
Cy — Cy = ioe P| G3). Mp el 


This equation takes a particularly simple form for ideal gases. In 
this case the energy function u(Z, v) may be given explicitly. Since 
there are no forces acting between the molecules of an ideal gas, the 
energy must be independent of the distances between molecules, i.e. 
it must be independent of the volume of the gas. Hence, for an ideal 


gas 
(2 ek een 


This, together with equation (8), gives the energy function of an ideal 
gas as 


Tr 
u= c,dT + U. -_ ce e e e @ 09) 


Here uw, is a constant of integration independent of 7 and v—the 
zero-point energy—which is set equal to zero in the classical thermo- 
dynamics. The fact that the internal energy of an ideal gas is inde- 
pendent of the volume is experimentally verified by the expansion 
experiment of Gay-Lussac. Two large glass bulbs connected by a tube 
fitted with a valve are immersed in a water bath which serves as 
a calorimeter. At the start one blub is evacuated, the other is filled 
with air. When the valve is opened, the pressures in the bulbs are 
equalized, but the water bath is found to experience no change 
in temperature, showing that the internal energy of the gas has 
not changed after the expansion. It is true that there occurred, 
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at first, a transformation of heat energy (disorganized energy) 
into kinetic energy of flow (organized energy), but the latter was 
converted back into heat when the gas impinged on the walls of 
the originally empty bulb. In all, the heat energy of the gas remained 
unaltered. 


The equation of state may be expressed as 
av) _B 
a a 


Using this and (12) in (11) we have 
Cola Co = R eo e © «© @® @ @ (14) 


for ideal gases. This relationship is known as Mayer’s equation. 

For a real gas the internal energy is, to a certain extent, dependent 
upon the volume, for if there are forces of attraction between mole- 
cules, work is done against these forces during the expansion. The 
greater the intermolecular distances, i.e. the greater the volume, the 
greater is the potential energy corresponding to these forces. Using 
van der Waals’ equation, it is easy to obtain an expression for the 
dependence of ternal energy upon volume. If there is a small positive 
change of volume dv, an amount of work 


adWw = + < dv eo 0 fe e@ @ @ (15) 


is done against the cohesive forces. Since the added term for real 

gases is always small, we set the internal energy equal to the sum of 

a term depending only on the temperature and one depending only 

on the volume: 

: Ou du, 

= Ks a SS Sa e.° 16 

w= m(2)+m(o, te. (54) =F.» (8) 

If no energy is supplied from without, the change of the second term 
is equal to the work done on the system: 


ding = 2 dv = + dW = + 5,00; 


dv 
hence 
Us —— , eo e© e © © @ @ (17) 
and since 
au) _ 
oT “ wo? 
r 
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If the specific heat is independent of the temperature (this is true 
about as far as 1000° abs. for all gases’ except hydrogen), then 


u= 0,7 — = + ty ce eT 
The constant wv, is subject to the same remarks as in the case of ap 


ideal gas (p. 483). 
For a van der Waals gas we then have 


o—o=(p+5) (5). ses ee 


Differentiation of the equation of the state gives 
(sr) _ ia 

i a 2a : 

petals a ae (v — b) 


Putting this value in equation (19) and using the equation of state. 
we obtain 


= Sao OP 
oh 
or, replacing R’ by R, we have approximately, since a and b are small, 
2a 
e— 65 R(1+ Pee 


for a van der Waals gas. 


3. Adiabatic Change. 


So far we have considered processes in which one of the primary 
variables 7’, p or v was held constant. Instead, a process may be 
characterized by holding constant any function of the thermodynamic 
variables. Adiabatic processes are of this kind. The function ‘which 
is held fixed in this process is the entropy; this function will be dis- 
cussed in the next chapter. Adiabatic processes are, as the name 
indicates, those in which no heat is communicated to or abstracted 
from the system. This condition may be realized in practice in two 
ways: either the entire system is enclosed in a heat insulating envelope 
or else the processes take place so rapidly that there can be no appre- 
ciable heat transferred by conduction even when the heat insulation 
is imperfect, 

The First Law furnishes at once a differential equation for the 
adiabatic process; 


du-+pdv=0. ....... (21) 
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If u is expressed in terms of p and », this equation represents a family 
of curves known as the adiabatic lines or simply adiabatics, The 
ghee of the adiabatics is especially simple for ideal gases: since 
we have 


du=e,d? ond dT = Pile 


and since R = c, — ¢,, (21) becomes 


Sper 

7” oe 6 © © « (22) 

Using the symbol y for the ratio c,/c, and integrating, there 
results 


por = Poo” = const. oe © @ e@ (23) 


Since y >1, the adiabatics are always steeper than the isotherms 
(pv = const.) in the pu-diagram. If we represent the relationship 
between 7’, p and v in a rectangular system of co-ordinates, equation 
(23) represents the projection on the pv-plane of a space curve lying 
on the surface pv = RT. Making use of the equation of state, we find 
that the other projections are given by 


Tie =Tpg-* Scomst: gw se SCw G24) 
and Trl ahaa OY = const. . « » (25) 


Thus y may be determined for an ideal gas from the adiabatic change 
in volume. A method which is more general, since it is not restricted 
to ideal gases, is that which employs the velocity of sound in the gas. 
The relationship 

modulus of elasticity 
a density es, 
given on p. 183 for longitudinal waves in solid bars is valid also for 
fluids if we use the volume modulus of elasticity (see p. 213). If we 
insert the numerical values of density and modulus of elasticity for 
air, which (Zz. 119, p. 500) is equal to the pressure, for an ideal gas, 
we obtain a value of v which does not agree with observation. Newton 
was the first to compute the velocity of sound in this way. The source 
of the error in his result was pointed out by Laplace. It is not that air 
was incorrectly assumed. to be an ideal gas; the discrepancy is of a 
much greater order of magnitude. The true reason is that the compres- 
sion take place so rapidly in a sound wave that the resulting heat does 
not have time to dissipate itself; hence the process is adiabatic, while 
the modulus of elasticity in the example, p. 500, assumes that the 
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temperature is constant. Now it is readily shown that the adiabatic 
modulus of elasticity is equal to y times the isothermal modulus. To 
prove this, take p and v as independent variables. The differential 
equation of the adiabatics is then, by (5) (p. 503), 


Ou oe = 27 
se) dp+ | (Gr) +P | 0... . 1 


On account of equation (8) (p. 504), this gives 


Ou Ou oT 

a __? +), _ 2+ (54), (G5), 

(F).-- ou ae 7) or 
(), — (57).(5). 


c,i — 
"NOP Fg 


The existence of an equation of state connecting the variables, say 
f(p, v, T) = 0, implies 


of of Of ap = 


so that, as at (5) (p. 494) 


f). a 


Thus we need only show that the bracketed expression in (28) is equal 
to c, in order to prove our statement. If we now take T and 7: as inde- 
pendent variables, we have, by the First Law, at constant pressure, 


whence 


_ 8¢__— fav Ou 
«= n= P(5r) + (gn), + + + © 
Thus (28) becomes 
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and so, from the definition of E, 


Eua = yEis. e ° ee e© ¢ e@ ° (31") 


The value of the adiabatic modulus is obtained from the speed of sound, 
while static experiments give the isothermal modulus. Hence y may 
be computed. 

An adiabatic process which has found an important technical 
application in the air liquefying machine (Linde) is the so-called 
throttled expansion of a real gas. In the Gay-Lussac expansion 
experiment (p. 504) the gas in the first bulb attained kinetic energy of 
flow and was at the same time cooled; the energy was again converted 
into heat, however, when the motion was arrested in the second vessel, 
so that within the somewhat large limits of error no net change in 
temperature was observed. The accuracy of observation is increased 
very much if the expansion is regulated so that no energy is converted 
into energy of flow. This is the so-called “ porous plug ” experiment 
of Joule and Thomson (Kelvin). With this arrangement it is not 
necessary to wait for the system to come to equilibrium; rather, the 
temperature of the expanded gas itself may be measured. Since this 
gas has received no appreciable kinetic energy, its temperature is a 
measure of the change of internal energy accompanying the increase 
in volume. The apparatus is represented diagrammatically in fig. 2. 
By continuous motion inward 


of the piston 1 and continuous a—L; 
withdrawal of piston 2 the pres- U D Z 
sure p, is maintained on the left, Fig. 2 


the pressure p, on the right. In 
the original experiments the throttle D was a plug of cotton or silk. 
If one mol of gas is forced through in this manner, the amount of work 
done on the left is p,v,, while the gas has done an amount of external 
work 0, on the other side. The increase in the internal energy of 
this mol of gas is then the excess of the applied work over the work 
obtained from the system: 


Ug — Uy = PY — Pods 
or Ug + Pie= Ut Pir 6 « © © « (32) 


In this process, then, the “ heat function ” or enthalpy, or total heat 
h=u-t pv remains constant. Since each term 1s a function of the 
thermodynamic variables, the enthalpy is also a function of these 
variables. The change in temperature AT accompanying change in 
volume Av is readily given for a van der Waals gas: 


RT 
hau tet—2+ (25-5) S aes} 
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whence it follows that 


R'v R'Tv RE 
= 5 AT — @— oF Av + cae ; Ae 


= (0+ Rv )ar+ (3- Goa) » (34) 


vo—b v 


Ah=0=c,AT + = A+ 


Neglecting 6 as compared with v and making the further approxi- 
mation of replacing R’ by R and c,+ R by c,, we obtain, after solving 
for AT: ; 


Av 
AT = gate SS 2a). ee @ @ e@ (35) 


In this experiment the temperature difference that arises repre- 
sents the difference between two opposing processes. Expansion 
makes the attraction between molecules produce cooling, since work 
must be done against these forces. On the other hand, the space occu- 
pied by the molecules, which is characterized by 6, is responsible for a 
warming effect when the gas expands. 

Of greater importance is a knowledge of the change in temperature 
as a function of the pressure change Ap. To obtain an expression for 
v in terms of p which is accurate to the same order as (35), we may 
replace » by the equivalent expression R7'/p from the ideal gas equa- 
tion and obtain 


Ap [ 2a 
ar a 2 (Fe b), tee ee (36) 
Since Ap < 0, there will be a decrease in temperature as long as 
2a 
ia BB 


The numerical values for air are such that a considerable cooling 
effect is obtained even at 0° C., and this effect is employed in the Linde 
machine to cool the following masses of air. For hydrogen, however, 
there is a temperature rise when the exit temperature is 0° C., hence 
this gas must be pre-cooled with liquid air. 


In reality, the approximations made above are quite crude in the neighbour- 
hood of the liquefaction point. If (34) is solved for AT’ without neglecting any 
terms, the factor of Av when set equal to zero no longer yields a fixed transition 
temperature but an equation connecting 7’ and »—a transition curve. This shows 
that even at lower temperatures there are pressures at which the sign of the 
effect reverses (see following exercise). 


Hz, 120. Find the transition curve in terms of reduced variables. 


4. Application of the First Law to Thermochemistry. 


In all chemical reactions we observe a heat exchange, i.e. the 
reaction is accompanied either by the evolution of heat—a so-called 
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exothermal reaction—or heat is absorbed in the process—an endo- 
thermal reaction. Most chemical changes are of the former type. 
If the reaction takes place in a calorimeter, the heat of reaction may 
be measured. Contrary to our former practice of counting heat sup- 
plied to a system as positive, the heat of reaction in thermochemistry 
is taken to be positive for exothermal reactions. This will be expressed 
by representing the reaction heat by Q- = —Q; Q- is measured in 
thermal units (calories), and is read ‘‘ Q minus ”’. 

If the reaction takes place without doing external work (i.e. for 
gases, at constant volume), the heat of reaction gives the change of 
energy of the system resulting from the reaction. On the other hand, 
if the process takes place at constant pressure, then—practically 
only in the case of gases—the external work must also be taken into 
account. If the volume of the system is V, before the occurrence of 
the reaction and JV, after, this work amounts to p(V, — V,). Desig- 
nating the two heats of reaction by the subscripts v and p, as done 
above for the specific heats, we have, at constant volume, 


OSU, — Un ww wt ws (87) 
At constant pressure, 
Q-, = U, — U, — (V2, — Vj) \. 
or Q-, = U, + pV, — (U, + pV2) = W, — W, 


Thus the heat exchange at constant pressure gives the change in 
enthalpy H before and after the reaction. Since it is sufficiently 
accurate to consider the gases ideal in thermochemistry, we have 


pV, =n, RT 
and so Q->=Oe+(n, — )RT=Q-~+AnkT,  .« (39) 


where An is the difference in the number of mols of gaseous com- 
ponents of the system before and after the reaction. 

For reactions at constant pressure, the enthalpy is the same as the 
energy content; moreover, in no case do these two quantities differ 
much. We adopt the following notation for thermochemical equations: 
The enthalpy H of one mol of a substance in the liquid state is de- 
noted by the chemical symbol written without brackets, for the solid 
state by the symbol in square brackets, and for the gaseous state in 
parentheses, Thus the thermochemical equation 


[Pb] + [S] = [PbS] + 18,400 cal 
or [Pb] + [S] — [PbS] = 18,000 cal 


means that one mol of solid lead and one mol of solid sulphur together 
have an energy content 18,400 cal larger than one mol of lead sulphide. 
The main significance of the First Law is that energy content 


(38) 
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and enthalpy are functions only of the thermodynamic variables; 
hence the energy differences must always be the same, whether the 
reaction consists of a single process or involves intermediate steps. 
This fact was expressed by Hess before the First Law was known. 
Hess’s Law enables us to combine thermochemical equations; this 
often makes possible the calculation of the heat of reaction in cases 
where it would be extremely difficult to measure, or for reactions which 
are purely hypothetical. In organic chemistry, for example, the heat 
of formation of a complicated compound is determined by combustion, 
first of the compound and then of the constituents. The combustion 
usually takes place in a bomb calorimeter at constant volume. In 
order to show that this method yields a sufficient number of equations 
for calculating the heat of formation we consider the formation of 
liquid benzene from solid carbon and gaseous hydrogen, the process 
occurring at constant pressure. From the reaction in a bomb calori- 
meter (constant volume) we find 


C,H, + 48(0.) — 6(CO,) — 3H,0 = 781,000 cal. 


Since the data on the remaining reactions refer to constant pressure 
conditions, we convert the above reaction to constant pressure also. 
In the process under consideration, 3/2 mol of gas vanishes, and since 
R is approximately equal to 2 cal, we must add 900 cal to the right 
member of the preceding equation, assuming room temperature to be 
about 300° abs. This quantity of heat is relatively small compared 
with the total amount, showing—as indicated above—that no great 
error is involved in replacing Q-, by Q-,, especially since the heat 
of reaction cannot be measured with any great accuracy. In addi- 
tion, we have the following data for the combustions at constant 
pressure: 


3(H,) + $(0,) — 3H,0 = 205,200 cal 

and 6[C] + 6(0,) — 6(CO,) = 566,400 cal. 
Increasing the right member of the first of these three equatiens by 
the required 900 cal and subtracting it from the third we obtain 

6[C] — $(0,) + 3H,0 — C,H, = — 215,500 cal. 
Adding the second equation to his, 
Thus the heat of formation of benzene from carbon and hydrogen is 
negative—energy must be supplied to make the reaction occur. It 
must be mentioned, however, that the heat of formation is not the 


correct criterion for the occurrence of the process, although in general 
—as in the present instance—exothermal reactions are easier to pro- 
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duce than are endothermal. This is known as Berthelot’s Principle. 

The First Law of Thermodynamics enables us to find the law of 
dependence of heat of reaction on temperature. For a reaction taking 
place at constant volume, 


yaa +yb+...=vetovudt+..., ee (40) 


where v,, vy,... are the numbers of mols, and a, b,... are the formule 
of the substances entering into the reaction. At a temperature 7’, 


(40) 2+ (v5) p+ ...—(¥e6)2 — (vqd)p—---= G7 (7), (11) 
and at a temperature JT + dT, 
(2) p.a2 + (¥p0) rar + os —(¥,C) pian — (Vad) eer — 208 


= q(T) + Sear. re, 2s 2) 


Now at constant volume 
du= c,¢T, 7“ © © © @ & © (43) 
so that 
(vB) p+ VelCodT + (¥yb)e + rpc dT +... 


— (¥40)e— YeevedT — (vad)e— (vaca) dT... =o o(2)+ Lyra? (44) 


= DY: ViCoge ee ee @ @ (44’) 


WY» 
aT 
In this summation, the number of mols is to be counted positive before 
the reaction and negative afterward. Exactly the same equations 
result for reactions at constant pressure, only it is necessary to re- 
member that the heat is supplied at constant pressure, so that c, is 
to be replaced by cy: 


or 


IT —— Lv Cyt eo ee # e© @ @ (45) 
Over a small temperature interval, c, or c, may be considered constant; 
this is no longer allowable when large intervals are considered. For 
example, if we wish to introduce the heats of reaction at absolute 
zero instead of those observed at room temperature, It 1s necessary 
to take 


r 7 
q-e(Z) =T wot Eu f Cy», 471 and q-,(7) = a0 sts dy, f Cy;dT. (46) 


These integrals may be evaluated if the variation of the specific heats 
is known. 


CHAPTER XXXI 


Tar Szconp Law or THERMODYNAMICS: THe Law oF 
ENTROPY 


1. The Carnot Cycle and the Ideal Heat Engine. 


The First Law of Thermodynamics makes a statement concerning 
the energy balance which must be maintained in any transformation 
between mechanical or electromagnetic energy and heat. This law, 
however, does not tell whether or not this transformation will take 
place under given conditions, nor does it say what portion of the 
energy will be transformed. Even before the First Law was discovered 
it was known that any amount of mechanical energy could be com- 
pletely converted into heat at will, e.g. by friction, but only a partial 
conversion of heat into mechanical energy could be realized with the 
aid of heat engines. By studying these relationships, Carnot * was 
able to represent the processes taking place in a heat engine by means 
of a cycle which, as we shall find, represents the best possible heat 
engine. This ideal machine makes use of two large reservoirs of heat 
which are at temperatures 7, and T, respectively, with 7, > T,.t 
The working substance may be taken to be one mol of an ideal gas 
enclosed in a cylinder equipped with a frictionless piston. By means 
of a frictionless guiding mechanism of some kind, the cylinder may 
be placed in thermal contact with each of the reservoirs in turn, or 
may be completely insulated from them. We provide, further, that 
the processes which the working substance undergoes be reversible. 
By this we mean the following. If the gas is allowed to expand by 
decreasing the external pressure, this must not be done by a sudden, 
finite change of pressure, but in such a way that the external pressure 
differs only infinitesimally from the internal; thus the piston receives 
no appreciable kinetic energy which would require to be removed by 
braking. Under such conditions the process may be carried out equally 
well in the reverse order, provided that the external pressure is a little 
greater than the internal. In this case the work done differs only in 
algebraic sign from that done in the expansion process. It is evident 


* 8. Carnot, Réflexions sur la puissance motrice du feu, et sur les machines propres 
a@ développer cette puissance, Paris (1824); Eng. trans. by R. H. Thurston (1890). 

+ These heat containers are sometimes referred to as “source” and “aink” or 
as‘ boiler” and “ condenser ” respectively. 
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that the rapidly running engines used in practice are very different 
from the ideal Carnot mechanism. 

A cyclic process or cycle is a process in which the machine is again 
brought back to its initial state; this is a necessary property of a 
machine that is to run arbitrarily long. Let us cause the working 
substance to pass through the following cycle (fig. 1): 


Fig. 1 


1. Connect the cylinder with the source of heat at temperature T, 
(the boiler) and reduce the external pressure (e.g. by removing weights 
from the piston), thus allowing the gas to expand. In doing so, the 
gas does work against the external pressure and the equivalent amount 
of energy is taken from the boiler. Since we assumed the boiler to be 
very large, we need not consider its temperature drop during the pro- 
cess and so may take the change in volume of the working substance 
to be isothermal. If the gas expands from the volume 1, to v, the 
external work done is * 


Us 2d v. 
Wr = f pdv= RT, f —= RT, loge + (1) 


2 The cylinder is now removed from the boiler and insulated. 
The gas is then allowed to expand adiabatically until its temperature 
has dropped to T,, that of the condenser. By equation (24) (p. 507) 
the volume v, at that temperature is given by 


7”) (—y) Ry" 
Vz = Vol = = Uot = . « © @ (2) 
3 (zt 2 qT; 


since 7, = T,. Thus the work done in this adiabatic expansion is 
dv 


Was = [ pac = avs? f w 


i= 
— pet wiry = Are (7) a}, . 


® As in the case of quantity of heat, the work done on a system is reckoned positive. 
When, infrequently, we count the work done by a system as positive we denote it by 
W- (“ W minus”), ie. W~ = — W. 
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or, by (2), this is equal to 


Ble (7-1) = 25 ty— Ta)= 5 (Ts Boh 
v= | you 


3. The cylinder is now placed in thermal contact with the con- 
denser (at temperature 7',) and the gas is isothermally compressed to 
a volume v, such that if it be adiabatically compressed from this point 
to the initial volume », it attains the initial temperature 7,. This 
volume is given by 


T\VG=y T.\ua-y 


since 1,= T'. The work done in this compression is negative, since 
it is really supplied to the system. Its magnitude is 


Uy v 
Wia= f pdv= RT, log 8 PO) 


The heat generated is delivered to the condenser. 


4. The cylinder is removed from the condenser, is thermally 
insulated and compressed adiabatically to v, An amount of work 


V-g= [pdv= — i 


is thus done. The same remarks apply to the algebraic sign as in the 
third phase of the process. 

The machine itself is now in its initial configuration. A certain 
quantity of thermal energy has been abstracted from the boiler (tem- 
perature 7',) and delivered to the condenser (temperature 7’,) and, in 
addition, a certain amount of mechanical work has been done, This 
is given by the sum 


Wyo + Woo3 + Wosgt Wea, 


and is represented in the so-called indicator diagram (fig. 1) by the area 
enclosed by the path covered in the process. Hence external work is 
done when the path is traversed in such way that the enclosed area is 
always on the right, as is evident at once by considering the expansion 
from v, to %,, in which the work done is represented by the area be- 
tween the curve p= f(v), the axis of abscisse, and the lines through 
points 1 and 2 drawn parallel to the p-axis. Adding the amounts of 
work done in the individual steps, one sees at once that the amounts 
along the adiabatics cancel out and there remains 


M-T) =F). ©) 


W-= RT, log2+ RT, log-* . . . « (7) 
vy Ug 
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But it follows from equations (2) and (4) that 


Hence 
W- = R(T, — 7) log 2. ) ree) 
A quantity of heat 
Q,= RP, log 2, < Aes. (10) 


equivalent to the work done in the first step of the process, was 
i from the boiler and delivered to the engine. Of this the 
action 


pe ee lt... 1) 


was converted into useful mechanical work, while the quantity 
of heat 


T 
i= BL log = 0; r= Q, (1 = 7) . 8 (12) 
1 1 


was returned to the condenser. The fraction 7 is called the efficiency 
of the heat engine. Since all the steps of the process are reversible, 
the engine may be used also to extract a quantity of heat Q, from the 
condenser, delivering it to the boiler. This requires the expenditure 
of an amount of work 


aie = 1s 
csi’ aa 2 ee eaeamee) Al) 

The efficiency of the Carnot engine is the highest attainable by any 
means. To show this, assume that there exists a “ super-Carnot engine ” 
with still higher efficiency 7. By coupling this machine to a Carnot 
engine we would have a heat engine which—while it would not be 
a perpetual motion machine, since it does not violate the First Law— 
would nevertheless be equivalent to one from the practical standpoint. 
Such a mechanism is called a perpetuwm mobile of the second kind. Let 
the super-Carnot engine take a quantity of heat Q, from the boiler, 
converting 7Q, of this into useful work and returning (1 — 7)Q, to 
the condenser. This quantity of heat, however, may be recovered 
immediately by means of a Carnot engine; by equation (13), this 
requires an amount of work 


W= 


fot 
i 
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In all, the combination has done an amount of work 


= oe bie a] isis (7 aa 1) Ve 
Wer 0 — ae eo) 

which is positive. The thermal equivalent of this work has been ab- 
stracted from the boiler without the delivery of any of it to the con- 
denser, which therefore is not required at all. This means that the 
mechanism would do mechanical work and would cool the boiler 
without causing any alteration whatsoever in the condition of any 
other body. Since enormous sources of heat are available (e.g. in the 
oceans), a machine of this kind would be fully as important as a per- 
petual motion machine. Experience shows, however, that it is im- 
possible to construct a machine of this kind, and this is precisely what 
the Second Law of Thermodynamics says. 

Before we formulate this law, it must be mentioned that a satis- 
factory definition of the temperature scale is given by equation (11) 
(p. 517). Thus, in order to compare the temperatures of two sources 
of heat, we use them as boiler and condenser of a Carnot engine and 
determine its efficiency. The condenser is at the absolute zero of tem- 
perature if the efficiency is unity. This defines the thermodynamic or 
Kelvin temperature scale, which is identical with that based on the 
equation of state of an ideal gas, as is evident from the derivation. By 
means of suitable thermodynamic reasoning and measurements, any 
thermometer may be reduced to the thermodynamic scale. However, 
the details cannot be given here. At not too low temperatures the 
readings of a helium thermometer agree with the thermodynamic scale. 


Ex. 121. Is the heat developed in electric resistors an economical way of 
heating a building? 


2. Formulation and Interpretation of the Second Law. 


In conformity with the result of the previous section we give the 
Second Law the formulation due to Thomson and Planck: | 

It is impossible to construct a continuously operating machine which 
does mechanical work and which cools a source of heat without producing 
any other effects. 

This is a fact of experience, just as is the First Law, and can be 
confirmed or disproved only by experiment. We shall find that the 
consequences of the Second Law are exceedingly numerous and that 
the experimental confirmation of these consequences is at the same 
time a verification of the validity of the Second Law, which, moreover, 
has a logical interpretation from the atomistic point of view. 

The first consequence is that certain energy transformations in- 
volving heat are irreversible. A case in point is the conversion of work 
into heat by means of friction. If, for example, a vessel containing 
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a rotating liquid is left to itself the liquid will soon come to rest, since 
its kinetic energy is soon converted into heat; this causes a slight 
temperature rise which may be measured. It would be an event 
absolutely unheard of, however, if a liquid at rest were to start rotating, 
its temperature dropping at the same time, although this would not 
be a violation of the First Law. If the process opposite to the genera- 
tion of heat by friction existed, it would have exactly the property of 
a perpetuum mobile of the second kind. If, then, we assume the Second 
Law to be valid, such a process does not exist. 

Another irreversible process is the isothermal expansion of an ideal 
gas without the performance of external work. This is the process we 
met in the Gay-Lussac experiment (p. 504). If it were possible to com- 
press a gas isothermally without using external work, we could construct 
a perpetuum mobile of the second kind by allowing a gas to expand 
isothermally and do external work, the required energy being taken 
from a reservoir in the form of heat; then, using the previously men- 
tioned process, the gas could be compressed again to its original volume 
without requiring any work. 

Expansion without external work is represented also by the dif- 
fusion of two gases. If we remove a partition separating two gases 
in a vessel, each gas ultimately fills the entire vessel, since the entire 
space is available to the molecules of either gas. According to the 
Second Law, this process cannot be reversed without doing work. In 
this process and in the one discussed in the preceding paragraph heat 
enters only indirectly, since no changes in temperature occur. Never- 
theless, the phenomenon of diffusion throws light on the nature of the 
Second Law. We may represent the circumstances by a model as 
follows. Place a large number of white balls, representing the mole- 
cules of the first gas, in the bottom of an urn. Above these place a 
layer of coloured balls, representing the molecules of the second gas. 
If the urn is now shaken, the two kinds of spheres will mix. It is im- 
probable to the highest degree—and the improbability increases with 
the number of balls used—that the shaking will again produce a con- 
figuration in which all the coloured balls are again on top. To be sure, 
there is no physical law forbidding such a separation, just as there 
is no real reason why a number of pieces of type thrown at random 
from a box should not arrange themselves so as to spell out a given 
sentence, but the Theory of Probability shows that such a “ self- 
arrangement ” is practically out of the question. The remarkable one- 
sidedness of the energy changes mentioned above is to be interpreted 
atomistically by the fact that the change takes place from a state of 
order to one of disorder, but not the other way. 

We now endeavour to give the Second Law a mathematical formu- 
lation from which further consequences may be deduced mathemati- 
cally. The First Law characterizes the energy U which depends only 
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upon the thermodynamic variables. Is it also possible to find s charac- 
teristic function for the Second Law which has this property? The 
Carnot cycle gives us a suggestion. After completion of the cycle, 
i.e. when the system is again in its initial configuration, we have by 
equations (10) and (12) (p. 517), 

Q, V3 Q , Vs _ 

TT, lad aa aie. eine 


We wish to generalize this relationship so that it applies to any cyclic 
process. Imagine such a process carried out with an arbitrary system. 
The cycle is represented by a closed curve in the pV-diagram; the 
direction in which this curve is to be described is that corresponding 


(15) 


Fig. 2 


to external work done by the system. Imagine, now, the pV-plane 
to be covered by a fine network of adiabatics and isothermals (fig. 2). 
If the network is taken arbitrarily fine, the work done may be repre- 
sented by the area enclosed by the zigzag line instead of that bounded 
by the curve itself. The former path is traced by moving from a point 
P, of the curve to a neighbouring point P, along an adiabatic as far 
as the intersection with the isothermal through P,, and then algng this 
isothermal to P,, instead of moving directly from one point to the 
other along the original curve. 

We specify, in addition, that all changes are to be reversible in 
the sense used in connexion with the Carnot cycle. Further, assume 
that the heat supplied or obtained along the isothermals is not ex- 
changed with the boiler or condenser directly, but that the work 
which can be got from it is really obtained with the help of a Carnot 
engine operating between a body at temperature 7, and the system 
itself. The Carnot engine delivers to the boiler the heat generated 
along the isothermals, external work being used up in the process. 
Since only a small segment of each isothermal is traversed, the indi- 
vidual quantities of heat supplied to the system are small and so are 
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denoted by AQ,. The quantities of heat which the Carnot engine 
abstracts from the boiler at temperature JT, are denoted by AQ~. 
Part of this heat is converted into mechanical work, while AQ, is 
delivered to the system in question. By equation (12) (p. 517), 
iis T 
AQs= AQ-, : T. or AQ-) = AQ; qT. «ot (18) 

It remains to show that the quantity of heat which must be sup- 
plied along the zigzag path is the same as that supplied along the 
actual curve. To this end we imagine a cycle performed along one 
of the infinitesimal triangles bordering the curve. The work done is 
given by the area enclosed by the triangle, and this vanishes to a 
higher order than the lengths of are of the curve as the network is 
made finer. Since no heat is supplied along the adiabatic, the sum of 
the heat quantities supplied along the isothermal segment and the 
actual curve must be zero if all sides of the triangle are traversed in 
a given direction; if both segments are traversed in the same sense, 
the two quantities of heat must be equal. 

After completing the cycle, the system under consideration and 
the Carnot engine are back in their original configuration, and sum- 
mation over all heat exchanges gives 


p= or Qo = THE We, 2 e - (17) 
0 a 


In the limit, when the segments are very small, the sum is replaced 
by the integral 
dQ, 


ay 
so that for a closed path the relationship 


Ge or Qy=T, FE (18) 
is valid. If Q-, is negative, this means that heat is being supplied to 
the boiler at the expense of mechanical energy. This is entirely 
possible. On the other hand, a positive value of Q-, would mean 
that heat is taken from the boiler and converted into mechanical 
energy either in the Carnot engine or in the system under consideration. 
But this would be a perpetuwm mobile of the second kind. In the most 
favourable case, i.e. for complete reversibility, Q-, is zero. In this 
instance, the Carnot machine uses just as much work as was done by 
the system in its cycle. Hence, for a reversible process between two 


states, the integral 
eo 
1 Tf, 
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must be independent of the path, for if two curves connecting the 
states 1 and 2 are joined to form a closed cycle, the integral must 
vanish. It follows that, when the initial state 1 is assigned, the 
integral defines a quantity which is a function only at the final state 
2. The integral 


f a 


reckoned from an undetermined initial point, is called the entropy 
S of the system: 


a dQ, (rev) 
s= f=. sonige ne anes tes 


Thus, for a reversible passage from state 1 to state 2, 


d o (rev. 
S, aaa 8, ee if ae ), °° 8s «© e @ (20) 
1 


For an irreversible change the sign of equality (=) is no longer appro- 
priate. Whether it is to be replaced by > or by < is determined by 
supplementing the process by a reversible one in the opposite direc- 
tion, the whole process being cyclic. Since the cycle contains irre- 
versible steps we must have, according to the statements immediately 
following equation (18), 


dQ, 2 dQ. (ict) 1 dQ. (rev) ___ dQ (irs) 
oa=i ret gam ii +8,—8,<0 (21) 


2 : 
or S, a 8, ~f Beis) = 0. ee es a (21’) 
1 
The positive difference 
Ei! 


is then a measure of the irreversibility of a given process. It is easy 
to see, in special cases, why the value of the integral 


f dQ, 

T 

decreases for irreversible cyclic processes: Suppose we supply heat 
to the system by means of a Carnot engine, but, on account of 
friction, only a small part is converted into mechanical energy, or 
heat due to friction is generated in the system itself. Then, in order 
to bring the system back to the initial configuration, more heat 


must be withdrawn from the system than in the case of a reversible 
cycle. 


XXXI_] THE LAW OF ENTROPY 523 


For isolated systems, in which there is no exchange of heat with 
the environment, the integral 


dQ 
T 
is zero; thus, in any change, 
S, —8,> 0. 


All changes within an isolated system proceed in such way that the entropy 
increases; hence changes will occur in such w system until the entropy 
has reached its maximum value. 

Thoughtless application of dS = dQ/T to situations involving no 
heat exchange as such may erroneously lead to the conclusion that 
dS=0. Let us illustrate what is 
meant, using the example of the 
diffusion of two gases mentioned 
earlier. Imagine equal volumes of 
the two gases, one above the other. 
When the separating partition is 
removed they will diffuse through 
each other and nothing else will 
happen. This process, occurring 
spontaneously, is irreversible. In a 
less simple way, but reversibly, the 
same final state can be reached by 
making use of the fact that cer- oars 
tain membranes are semi-permeable. 

Rubber, for example, is readily permeable by carbon dioxide but not 
by hydrogen. For a gas that is readily transmitted by the membrane, 
the latter simply does not exist. Let the two gases now be placed in 
vessels which telescope one into another. The lower vessel has a lid 
that is permeable by the gas in the upper vessel, the upper one has a 
bottom that freely transmits the gas present in the lower vessel (fig. 3). 
The entire apparatus isin a vacuum. Thus no work is required when the 
vessels are moved together. When the two containers have been fully 
telescoped the gases are mixed, but the volume is half that occupied 
when they were mixed by irreversible diffusion. If we wish to attain 
this condition reversibly we must allow the mixture to expand to 
double its volume, in which process it does external work, but we 
must supply the equivalent amount of heat to the mixture in order to 
keep the temperature constant. This quantity of heat, divided by 7, 
gives the change in entropy in the process of irreversible mixing. For 
the state attained by the reversible process, we return to initial con- 
ditions in this way: Using the work done in the expansion we compress 
the mixture, return the resultant heat to the heat reservoir and separate 
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the gases by means of the selectively permeable membranes with- 
out any expenditure of work. 

Entropy is a quantity which, like temperature, may be specified numerically, 
usually in calories per degree. The practice of giving numerical values for this 
quantity is less common because earlier there was no fixed zero point for its 
reckoning. One thus avoided such statements as “The body has a temperature of 
100° and an entropy of 300 cal./deg.” However, since the formulation of the 
Nernst heat theorem (p. 556), a definite reference level for entropy is indicated 
and such specifications are quite in order. 

Ex. 122. Calculate the change in entropy occurring when 10 gm. of water 
at 100° C. are mixed with 20 gm. of water at 15° C. 

Ex. 123. In how many points can an adiabatic intersect an isothermal? 

Ex. 124. What determines the position of the line BC in fig. 1 (p. 498)? 


3. Conditions of Equilibrium for Systems under various Conditions. 
Thermodynamic Potentials. 


Let us write (21’) in differential form and express dQ in terms of 
the First Law, which, of course, holds whether we are dealing with 
reversible or irreversible processes: 

ag — GU OW” yee, een 
vy 

where W- represents the external work, and the sign of equality applies 
when there is reversible conduction of heat. The notation 5W- indi- 
cates that the external work need not be a perfect differential of the 
thermodynamic variables. In the reversible case, for mechanical work, 
5W- amounts to + pdV, where p is the equilibrium pressure—the 
pressure on the system at any instant. This furnishes us with a de- 
finition of entropy in terms of the thermodynamic variables in the form 
of a differential equation: 

__ aU +-pdV 

=——_ Yh ° e e e e e e 


In order to compute the state of equilibrium that a system will 
assume under given external conditions, we proceed as in mechanics 
by using the principle of virtual displacements. For a closed system 
characterized by the auxiliary conditions U = const. and V = const., 
SW- is also zero, and we have 


dS > 0. 


dS (22) 


with the auxiliary conditions 
6U =0 and 8V=0. 
This merely repeats the proposition, given above, that an isolated 


system in equilibrium assumes a condition of maximum entropy. 
In general, however, the systems we deal with are not closed. Most 
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laboratory processes, for example, proceed at constant temperature 
because of heat exchange with the surroundings. For 7' = const. and 
a reversible process, (21’’) yields 


adW- = —d(U — TS) = —dPF, so 6 eo) 


The function F is called the free energy. At constant temperature its 
decrease gives the maximum obtainable external work. Thus the free 
energy has a very vivid interpretation: Of the entire energy content, 
a part is available for any transformation, while the remainder is fixed 
and is converted into heat. In general, according to (21”’), 


Wes dF 2 wns (A 


Now if the volume does not change (isothermal-isometric system) no 
work is done, and on account of ’W- = 0, 


0x<—6F 
or 6F < 0, 
with the auxiliary conditions ror 3)) 
5T = 0, 5V = 0. 


At equilibrium, an isothermal-isometric system has tts minimum value 
of the free energy. Equilibrium is characterized by the sign of equality, 
because changes will take place spontaneously until this minimum 
value is reached and—like any extremum—this is characterized by 
éF=0. 

If the pressure in an isothermal system is held constant, then for 
a reversible process 


SW- = pdV = —d(U — TS), 
or since p = const., 
d(U — TS + pV) =dG@G =0. e e . e (26) 
The function G introduced here is called the free enthalpy, sometimes 
the Gibbs potential. It differs from the free energy by the circumstance 
that the enthalpy appears in place of the energy. According to (24), 
in any isothermal system 
8W- < 8(TS — D), 
but since 5W- < 8(pV) and p = const., we have 
8(pV) < (TS — U), 
or 8(U —TS + pV) = 84S 0, | 
eee 2) 


with auxiliary conditions 
éT = 0, dp = 0. 
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An isothermal-isobaric tends towards a minimum value of the free en- 
thalpy, and this value characterizes the equilibrium. 

The functions introduced here are called thermodynamical potentials. 
The name comes from their formal analogy with the potential in 
mechanics. In the same way as the components of force are obtained 
by differentiation of the mechanical potential with respect to the 
co-ordinates, so all other thermodynamic variables are obtained by 
differentiation of the thermodynamic potentials. This makes un- 
necessary the introduction of new constants of integration which 
might give rise to difficulties. The potentials must be given as func- 
tions of two properly selected independent variables. The appropriate 
variables are those which, together with the variation of the potential 
in question, occur in the auxiliary conditions. The variables appropriate 
to each potential are as follows: 


Potential* Independent Variables 
Entropy S UpVv 
Free Energy F T,V eg 
Gibbs Function G I, p 


We then find the following relationships: From S = S(U, V) it 
follows that 


_ (28 a8\ ., _dU+pdV 
go) ae la 


Comparison of coefficients gives 
1 /°S\ . po fe8 
T —— Gr), T — GF): e e e e (29) 


In the same way, it follows from F = F(T, V) that 


OF oF 
oe (57),a2 a (Gy) a? Fi = tes sae. 


which, by equation (22) (p. 524) is equal to 
dU — dU — pdV — Sat. 


Comparing coefficients, 


=—(r) »=— (54), s+ (30) 


* The notation used here for the potentials is largely that of Clausius. Gibbs called 

tee Sr ar bs gt Cin bea above order. He also denoted the internal energy 

y e and the absolu ermodynamic temperature by t. See J. W. Gibbs, Collected 
Works, 1, New York, Longmans, Green & Co. (1928). ; - 
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Also, from G(T, p) we find 


ag — (29) ar + (22) ap = aU — TaS — SAT + paV + Vap, 
oT}, Op/s 


which is equal to 
—SdT + Vdp 
by equation (22). Hence 


-- (59); v= (5). (51) 


The relationships derived from H = H(S, p) are less important. It 
follows from equations (31) and (32) that the free energy and the 
Gibbs Potential satisfy the differential equations 


r=u+?(s), Oe. ee 


@= U+ pV +2(55) Sn ee (83) 
Dp 
These are obtained by substituting the expressions for S in the 
equations defining the functions F and G. 

All expressions entering into these thermodynamic potentials are 
such that they merely add when two systems are placed in contact 
and allowed to come to equilibrium. For this reason the potentials 
themselves are additive quantities. In particular, if the mass of a 
system is multiplied by n, the values of the potentials increase by this 
same factor. 


4, Connexion between the Internal Energy and the Equation of State. 

The Second Law is capable of giving a purely thermodynamic 
derivation of the dependence of the energy u on 7 and y—a connexion 
which was obtained in the previous chapter (p. 503) from partly kinetic 
considerations. If we take 7 and v as independent variables, we have 
for one mol: 


ge : (22) ts (Gs) ve pa]. .. (4) 


1 fou 
() 
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If we differentiate (35) with respect to v and differentiate (36) with 
respect to 7’, comparison gives ; 


Gr) -2 (G5) P=” “eI. 189 


Using the equation of state of an ideal gas, this relationship leads to 
the independence of the internal energy and the volume; if the van der 
Waals equation is used, we obtain equation (18) (p. 505). From equation 
(11) (p. 504), we obtain the general relationship for the difference of 


the specific heats: 
7 (oP, (2 38) 
Cy aa Cy = dt 3) Gr). ry e . e ( , 


Ex. 125. In a voltaic cell whose electromotive force is ® an amount of work 
@de is done when a quantity of electricity de passes. The expression Dde thus 
appears in place of the mechanical work pdv. The energy change is determined 
by the fact that an amount of heat equal to the heat of reaction per gramme equi- 
valent is generated when 96,496 coulombs of charge have been transported. 
What relationship exists between the heat of reaction, the electromotive force, 
and its temperature coefficient? Hint: Introduce the charge e and the tempera- 
ture 7’ as independent variables. 

Fx. 126. Show that for 7’ and p as independent variables the enthalpy h takes 
the place of w and that for (2h/dp)r, we get a formula analogous to (37). 


5. Electrocaloric and Magnetocaloric Phenomena. 


In our considerations of energy relating to electrical phenomena 
we did not take heat energy into account. Strictly speaking, we would 
be concerned with the quantity designated there by u—the free energy; 
but since free energy and true energy differ but little at room temper- 
ature (they are identical at absolute zero), little error is involved. It is 
only when we study the thermal effects connected with polarization 
that this difference must be kept in mind. 

As a starting point we use equation (36’), p. 290, according to 
which an amount of energy EdP is supplied to each cubic centimetre of 
a body when its polarization is changed. If, in addition, heat is sup- 
plied (but not mechanical energy), then the First Law prescribes that 


du=éq+HdP. . .... . (89) 


We are able to work with merely the magnitudes of the vectors, since 
P and E have the same direction. Comparing this formula with the 
one that holds for mechanical work, we see that —E appears in place 
of p and P replaces v. Inasmuch as the polarization P usually refers 
to unit volume, the formula as it stands is valid for a single cubic centi- 
metre of material. However, it may be thought of as applying to one 
mol if we interpret P to be the polarization per mol. The same equation 
is valid for the magnetic case also. In order to avoid confusion with 
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other quantities, let the magnetization per mol be denoted by I. Since 
the magnetic case is of much greater practical importance, the further 
development will be given in terms of these phenomena. If the me- 
chanical quantities in the equations of the last section are replaced 
by the magnetic ones, we obtain at once the difference of the specific 
heats at constant magnetization and at constant field. To interpret 
the result, consider a paramagnetic substance placed between the 
poles of a magnet and warmed. This lowers its paramagnetic sus- 
ceptibility and so, at constant field strength, its magnetization. In- 
stead, however, we could hold the magnetization constant by increas- 
ing the field. The detailed computation is not difficult (cf. Hx. 127, 
p. 530). 

Of considerable experimental importance in recent years is the 
temperature change accompanying adiabatic processes, because by 
their use we are able to approach closer to the absolute zero than by 
any other means. Since adiabatic processes are characterized by 
constant entropy, we must write down this function for a magnetized 
body. Transcription of equation (37) yields 


(ae 


In studying paramagnetic susceptibility we found that as long as the 
elementary magnets do not influence each other—and hence the Curie 
law rather than the Weiss law is valid—t is a function only of H/T. 
Reciprocally, H/T is then a function of J alone and so the derivative 
on the right side of the above equation vanishes. Thus the internal 
energy of a magnetized body is independent of the magnetization, Just 
as the internal energy of an ideal gas is independent of the volume. 
We conclude that a material obeying the Curie law corresponds to an 
ideal gas. As in the case of gases, the departures from the law, which 
manifest themselves in an internal field, become increasingly important 
at low temperatures. For an ideal magnetic material, the transcription 


Tae | al H di . e e e e 41 


The second term in brackets represents the magnetic contribution to 
the entropy. The specific heat is to be substituted for the entire first 
term; and since we deal with solids or liquids no distinction need be 
made between c, and cy. Note that, according to the above, there is 
no influence of the magnetization on the internal energy and hence on 
the specific heat. 

In order to evaluate the magnetic share of the entropy we start 
with the fact that the magnetization | of a paramagnetic body is a 
function of »H/kT', where p is the magnetic moment of the atom im 
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question. If this fraction is introduced as a variable x, the magnetic 
contribution to the entropy becomes, by integration of the second part 
of (41), 


t= —f pa=—= fied=—= fx @de 


=—F |fle) —ffeyae]. (a2 


Putting in the function wZ tanhz which holds in very many cases and 
noting that kL = R, we have 


S, = —R(a tanhz — log coshz) = O (anh . (48) 


In an adiabatic process the total entropy is constant, so that 
ype ge 
s={ par +o(tr) const. .. . (44) 


- On account of the dominance of the first term the function ® is nega- 
tive. If the field is switched on at a given temperature 7 the negative 
term appears and so the first term must increase in order that the 
entropy remain constant. This means that the temperature must 
increase to a value Z' + AT given by 


T+AT H 
Lay ey ie 
f pat = o (tr): _ ee hea 


rT 


For the small term ®(4H/k£T) we may use merely the initial temper- 
ature 7’. Assuming an average value c of the specific heat over the 


interval AT’, (45) yields 
AD A pl ; 
ro 5° (ir) 7 + ee 


Conversely, on suddenly removing the field there must occur a drop 
in temperature whose magnitude is given by this same equation; and 
in the neighbourhood of absolute zero, where other adiabatic processes 
fail, this temperature drop may be of considerable importance, granted 
only that / depends solely on H/T (see above). By this means, temper- 
atures of only a few hundredths of a degree absolute have been attained. 
Since other methods will not work, the measurement of these temper- 
atures is accomplished by means of susceptibility measurements. Here 
the problem arises of computing the true temperatures from readings 
on the Curie scale, the two differing because of the appearance of ferro- 
magnetism. The difficulty has been overcome for a substance such as 
ferric ammonium alum. 


Ex. 127. Compute the difference of the specific heats at constant field and 
constant magnetization in a region where | = CH/T. 


CHAPTER XXXII 


APPLICATION OF THE SECOND Law TO THE CALCULATION OF 
THE EQUILIBRIUM OF THERMODYNAMIC SYSTEMS 


1. Gibbs’ Phase Rule: a General Theorem on the Maximum Number of 
possible Phases. 


Consider a perfectly general system containing a independent 
components (substances) in 8 phases. We shall find presently that B 
has a maximum value, determined by the number of independent com- 
ponents. We indicate the components by subscripts and the phases 
by superscripts attached to the letters. Thus the mass of the «th 
component in the kth phase is represented by M,¥. 

The equilibrium is considered when the system is at a given tem- 
perature and a given pressure; thus we consider it an isothermal- 
isobaric system rather than an isolated one. In this case the Gibbs 
Potential 

G=aU=TS*hpv ow ww ws 1) 


is a minimum, according to p. 525. Of the quantities entering here, 
T and p are entirely independent of the mass of the system. On the 
other hand, U, V and S are proportional to the mass, for given tem- 
perature and pressure. From this, one sees that G is also propor- 
tional to the mass; thus if all masses are doubled, G becomes twice 
as great. In general 


G(qM,, qMy, ...qM.)= qG(M,,M,...M.). - (2) 
But this is the definition of a homogeneous function of first degree 


in the masses. For homogeneous functions of nth degree the Euler 
theorem 


oG oG OG _ 
My soy + Maggy, + ++ Magyg, = MMe Ma) (3) 
is valid. In our case this is 
0G 0G Ga. 
Mi sag + Mest ge Mag 0 a. Me) (4) 


To show this, it is necessary only to differentiate equation (2) with 
581 


532 HEAT. PHENOMENOLOGICAL PART [Cuap. 


respect to g and set g= 1. The right member is a homogeneous func- 
tion of first degree in the masses. In order that the left member be 
such a function also, the derivatives 9G/0M, must be homogeneous 
functions of degree zero, i.e. the derivatives may be functions only of the 
ratios of the masses. 

After these preliminary remarks concerning the properties of the 
function G, we return to the question under consideration. The quan- 
tities U, V and S are additive, e.g. the internal energy of a system is 
equal to the sum of the energies of its parts. Hence if we distinguish 
the Gibbs Potentials of the several phases by accents, we have for the 
entire system 

G=G@4+G4G"+... G48. ¢ 6 ew + 


The G* have, of course, the properties deduced above. Besides, they 
depend also on T and p. The condition of equilibrium is 


8G = 8G’ + 8G" + ...8G8 =0,. . . . (6) 


_ with the supplementary conditions that 6£=0 and 89=0. In 
addition to this, the mass of each component must remain unaltered; 
the distribution of a given substance among the various phases may 
change, but the total mass of the substance remains constant. We 
then have the following a auxiliary conditions also: 


6M,’ os 8M," + eee 5M,? = 0, 
8M,’ + 8M," +... M,° = 0, 


* 


o <r 
8M,’ + 8M." +... 8M P= 0. 

Taking the variation of G while T and p are held constant, we obtain 

the equation 


ee re 6 ee aG’ w, 
OG scigir 0 Games OG" wae : 
age age age 
— B pie —— 
Fenech spre OM + sap OME «Gry SMP* (8) 


Since the variations are not arbitrary, but are subject to the 
conditions (7), wo apply the method of Lagrangian Multipliers 
(cf. p. 115), multiply (7) by Ay, Ag,..., and add them to the principal 

* The partial derivatives occurring here are sometimes referred to collectively as 


the Gibbs Potentials. Gibbs pointed out that they furnish a quantitative measure of 
the concept of chemical affinity. See p. 554i 
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equation (8). Since the coefficients of the 5M/,* must vanish separately, 
we obtain the system of equations 


aa anne ag’ 
= ai Sardi 7 sui + = % 


OG” _ 0G” - OG” 

amr N= % gap th—O--- at h=O | oo 
aGe _, a6 ace 

omg 0. Iupt *=% oe 


These equations, a8 in number, must be satisfied. How many variables 
are at our disposal? First there are the a multipliers—then the deri- 
vatives depend on 7’, p and the (a — 1) mass ratios, i.e. on (a + 1) 
variables. Inasmuch as T and p are the same for every phase, we have 
in all a + B (a — 1) + 2 free variables. Since the number of equations 
can at most equal the number of variables, 


aBSa+P(a—1)+2 
Pesgsoe . ws s «ce (10) 


The number of phases may be, at most, two greater than the number of 
independent components. When f is equal to a + 2, T and p are com- 
pletely determined, since solution of the system of equations yields 
definite numerical values for these quantities. Thus a system consist- 
ing of a single substance can have three phases at most. For example, 
at a definite temperature and pressure water, water vapour, and ice 
can co-exist in thermodynamic equilibrium, but a second form of ice can- 
not be included. In the latter instance there could be no equilibrium, 
changes would take place until one phase would be entirely consumed. 

If there are but two phases we still have one variable at our dis- 
posal. In a system consisting of water and water vapour the tempera- 
ture, for example, is at our disposal, but the pressure is uniquely 
determined by the temperature and is not a second independent 
variable as in the case of a single phase system—say a gas. In general, 
the difference between the highest possible number of phases and the 
number of phases actually present is the number of degrees of freedom, 


f. Thus 
= a+ 2— 8. ° e e e ° C (11) 


As an example of a system consisting of two substances, consider a 
solution of sal ammoniac in water. Assume a very dilute solution with 
a second phase consisting of the water vapour above the solution. 
If the solution is cooled, ice begins to form at a temperature a little 


or 
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below 0° C. We now have a third phase: ice. According to the phase 
rule there is still one variable free; take this to be the temperature. 
The concentration is determined by this variable, for if we continue 
to cool the system, more ice is formed, the solution becomes more 
concentrated and so its freezing-point sinks. The last fact is one of 
experience; a thermodynamic derivation of the result will be given 
on p. 545. Finally, the solution becomes saturated and the solid salt 
also precipitates from solution. The temperature at which this occurs 
is called the eutectic point; this is the lowest temperature the system 
can attain. At this quadruple point the vapour, solution, ice and salt 
are all in equilibrium. If, on the other hand, we start with a highly 
concentrated solution, the solid salt comes out of solution as the third 
phase when the temperature is lowered. Additional cooling causes 
the concentration to decrease further. Thus the curve of concen- 
tration versus temperature is also the solubility curve. If the eutectic 
point is reached from this side, there is again a simultaneous pre- 
cipitation of ice and salt. A solution having the concentration corre- 
- sponding to the eutectic point has the lowest possible freezing-point. 


2. The Vapour Pressure Curve and the Melting-point Curve. 


The method of solving thermodynamic problems which was used in 
the preceding section consists in seeking the extremal value of the 
function S or F or G, whichever is pertinent to the situation at 

hand. The procedure demands 

little thought but does require 

some computational work. It is, 

(T+aT) however, possible to proceed 
otherwise by considering a cyclic 
process for each special case, and 
applying to it the two thermo- 
dynamic laws. We shall compare 
the two methods in deducing the 
vapour pressure curve. Let us 
formulate the problem in this way: 
Consider a quantity of liquid 
Vy, in @ closed vessel together with 

Fig. 1 its vapour. The vapour pressure 
is measured by means of a mano- 

meter. Since we are dealing with a two-phase system involving only 
one substance, there will be but a single degree of freedom, which we 
take to be the temperature. The volume plays no part, for if we de- 
crease the volume the pressure does not increase—as it would if a gas 
alone were present. Instead, some of the vapour condenses. Using the 
device of a cyclic process for determining the relation of p and 7, let 


(1) 


ws — ae ee ee ee 


XXXII] THE SECOND LAW AND EQUILIBRIUM 535 


us consider the cycle represented by fig. 1. Ata temperature 7 + dT 
we vaporize one mol of liquid, thus moving a piston forward against 
the pressure p + dp. Next, we relieve the pressure somewhat by de- 
creasing the application of heat and arrive at the temperature 7. At 
this temperature we reduce the volume until the vapour has again just 
condensed, after which we apply a small amount of heat to bring the 
substance back to the temperature 7 + dT. Neglecting all second- 
order quantities, as well as the minute quantities of heat involved in 
passing between the two neighbouring temperatures, the work obtained 
turns out to be dp(v, — v,), where the subscript 1 refers to the gas and 
2 to the liquid. In the evaporation process an amount of heat equal 
to the heat of vaporization q,, 29 Gp was communicated. By the 
Second Law, a fraction dT/T of this was converted into work, so that 


aT d ; 
dpv, — 0.) = # » OF Gee » (12) 


This Clausius-Clapeyron differential equation of the vapour pressure 
curve is rigorously true, but before performing the integration we make 
some simplifying assumptions. For one thing, we neglect the volume 
v, of the liquid in comparison with that of the vapour; also, we assume 
that the equation of state of an ideal gas applies to the vapour; finally, 
we work with constant specific heats. First consider the liquid to 
evaporate at 7’ = 0 and p = p, and the resulting vapour to be warmed 
to T°. Alternatively, let the liquid first be warmed from 0° to T° and 
then vaporized. We have 


Jot Col = Gr + OT Or Gp= G+ (Cp—6,)T, . (13) 


where gq is the heat of vaporization at T= 0. Then 


Moa |... ita) 
aT kT? 
Integrating, G% . Sp— Ce , 
log p = — py tp log T + log A; « + (15) 
” peer... cme. . comm. (16) 


Since the influence of the last factor is small, the equation shows that 
the vapour pressure rises rapidly—almost exponentially—with the 
erature. 
a: us now deduce the vapour pressure curve by the other method 
as well. In order not to repeat exactly what was done, let us take 
account here of the temperature dependence of the specific heats. At 
equilibrium the temperature is, of course, the same throughout the 
liquid-vapour system. Inasmuch as we seek the equilibrium position 
for a given value of T and of p, we must find the minimum value of 
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G. If there are n, mols of vapour and n, mols of liquid, the total free 
enthalpy is : 
G = m9, + M29, + © + « « + (17) 


where the g, refer to one mol. The variation is to be taken under the 
conditions 
T =const., p = const., nm, + m,—=const. . . (18) 


Since the g, depend only upon T and p, they must remain constant, 
on account of the auxiliary conditions. We have thus 


O = 89, + Sage 2 2 - 2 © © (19) 
We also have O=6n, + 5m, «© « - - 6 « (20) 
The method of undetermined multipliers yields 
9, +A=0~, 9 +A=0, 
or 91 — Ga = My — Uy + P(Y% — %) + T(sg— 8) = 9. (21) 


We must now try to compute the separate terms of this equation. 
For this purpose we treat the vapour as an ideal gas. In the neigh- 
bourhood of the point of condensation this may involve considerable 
error. We also neglect the volume of the liquid in comparison with 
that of the vapour in calculating the factor (vu, —v,). Under these 
conditions, by (13), p. 504, 


r 
m= thot fon AP, | 


oe « « (2D 
t= tot fon ar | 


We have, in addition, 
p,=-RE =f RT. .... . (3) 
0 


The expression (11,9 — %,o) represents the value at absolute zero 
of the difference in energy between vapour and liquid, i.e. the energy 
which must be supplied to the liquid to overcome the internal forces 
of attraction. This is then qo, the value at absolute zero of the work 
of vaporization (or since it is usually given in calories, the heat of vapori- 
ae Using equation (23) and Mayer’s equation [(14) p. 505], there 
results 


T by! 
thy — tly + p(y — %) = Gof op aT —f c, AT. (24) 
0 0 
* For the liquid we start also with the relationship (0u/07T'), = cy; in the case of 


& liquid or @ solid, however, the external work may be neglected, so that the two 
specific heats may be considered equal. 
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To calculate the expression 7's we turn to the differential equation 
for the entropy: 


ds = 7, (du + par). 


For the liquid we can again neglect the work done in expansion, just 
as we need not distinguish between the two specific heats for liquids 
and solids. Then we have 


Integrating between the limits 0 and 7, 
Medd, 
== a LX ee C2) 


The quantity s,)—the entropy of the liquid at the absolute zero—is 
undetermined in the classical thermodynamics. We shall find later 
that for a homogeneous liquid this quantity must be zero. Expressing 
p in terms of v in the term pdv, we have for the vapour 


c,dT | Rdv 
el 
Indefinite integration gives 
Sy af fe + Rlogv 
— + RlogT + RlogR—Rlogp-+ const. . (26) 


Now take the absolute zero as lower limit, and combine all terms not 
dependent upon 7 and p into a single constant s, 9; this represents the 
entropy of the gas at 7 =0 and p= 1. Since 


log ? = fF and c, —c, = fh, 


the entropy at temperature 7 is given by 


—f 42 _ Riogp +s ee 
5 if T SPT sr9 » » (26") 

Now the specific heat of an ideal gas does not vanish at 7’ = 0, and 
so questions of convergence arise in connexion with the integral. In 
order to clarify the situation, consider the specific heat c, to be made 
up of a part c,, which is independent of the temperature and. another 
part Cyp which, according to experience, approaches zero rapidly as T 
decreases. This latter part is absent altogether for a monatomic gas. 


We thus take Cato, Tt Coe ee et Cee ea (27) 
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For p = 1, we have for a very small lower limit, 


v5. 
d 
a4(2, 1) — (To, 1) =f P= + Goelog T — eye log To. (28) 


Because of the rapid decline in the value of Cy, we have written the 
lower limit of the integral as zero. Since the contribution of cy, to the 
integral is negligible even at 7) = 1° absolute, we may interpret 8,9 
approximately as the entropy at 7 =1 and p=1. Strictly, it is the 
limiting value of the difference s,(Z'g, 1) — ¢y- log Ty) as Ty approaches 
zero.* 

Replace also cy by Cy, -+ Cyr and substitute (24), (25) and (26’) in 
equation (21). Solving for logp, we obtain the vapour pressure formula: 


a ee eee 1 (oma 
log p = Rr RT ‘ c,dT a Cyr AT +- =) P 
Coe 1 Os aT §1,0 —- §3.0 a Coe 
a Ce 29) 


If we were to assume constant specific heats we would again obtain 
equation (15), p. 535, except that the constant of integration would be 
written differently. Of course, differentiation would again yield the 
Clausius-Clapeyron equation. 

The constant (5; 9 — 82,9 — Cy-)/R appearing in (29) is called the 
“chemical constant ” of the gas, since it occurs also when considering 
chemical equilibrium. It is not determinable by the two thermo- 
dynamic laws, but may be evaluated theoretically by calculations 
involving quantum statistics. This constant may be determined 
experimentally by means of the observed vapour pressures, however, 
since all remaining quantities in equation (29) are sufficiently known. 

It is customary here to measure the pressure in atmospheres, to 
replace logarithms to base # by ordinary logarithms and to measure 
all quantities in thermal units (R = 1-985 cal). The result is 

— (Cal) | lye a 
108 Pam. = — Gory Ft 7.985 8? + Fort a cae 
1 ea. ; 
+ ra T +4. oe ee (80) 


As we shall find later, sy 4 vanishes, so that 


. 1 
* = F57] (61.0 — Sve) — log (1-013 x 10°), 


For a monatomic gas of atomic weight A the quantum statistics 
(p. 638) gives the value 


— —1-59 + : log A, e e e e a (31) 


* That this difference has a definite limit is a consequence of the empirically verified 
Nernst heat theorem (p. 556), 
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All the equations derived above are valid also for the transition 
from the solid state (subscript 3) to the gaseous state. We need only 
replace the subscript 2 by 3 throughout; q is then the heat of sublima- 
tion. On the other hand, the integrated formule contain an approxi- 
mation which prevents their application to the transition between the 
solid and liquid states, for here the two volumes v, and v, are approxi- 
mately equal, so that it is no longer allowable, as it was in the case 
of a gas, to neglect one as compared with the other. The Clausius- 
Clapeyron equation, however, is exact and may be applied also to 
the phenomenon of melting. Inverting the formula, it gives the 
variation of the melting-point with pressure: 


aT __ T(v_ — 3) 
dp Ir 


The quantity q, represents the energy which must be supplied to the 
system to bring it from the state of higher subscript to the lower— 
in our case the heat of fusion. Since this is always positive, the sign 
of dT'/dp depends only on that of v, — v3. If, as is usually the case, 
the solid is denser than the liquid, v, > vs, and the melting-point rises 
with increasing pressure. In the opposite case, e.g. for water, the 
melting-point falls as the pressure increases. 


so "ee 


3. Chemical Equilibrium in a Mixture of Ideal Gases. The Law of Mass 
Action. 


We now consider a system consisting of only one phase—the gaseous 
—but of several substances, all of which are ideal gases. The gases 
will react with each other chemically to a certain extent, but a chemi- 
cal reaction is never complete in the sense of the equation. For 
example, if hydrogen and oxygen are allowed to combine to form 
water, there remains always a certain amount of the original substances 
H,, and O,. The fraction of the original material remaining increases 
with the temperature. We set ourselves the task of determining the 
distribution in the state of equilibrium as a function of the pressure 
and temperature. Let the volume of the system be V and let the 
number of mols of the ith gas be m,. Represent the possible reaction 
by the equation 


¥4,+ VeAo+... Vin4 m= VmitA mst YmizA mse t+ ++ +L (32) 


In order to avoid mistakes in sign, we agree to write the equation in 
exothermal form, in which the heat of reaction is positive. In altering 
the numbers of mols, it must be remembered that they must satisfy 
the chemical equation, i.e. they must be in the ratio of the number of 
mols formed or removed. On account of the sign, we specify that the 
numbers of mols present before the exothermal reaction (i.e. those 
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on the left) are positive—those on the right, negative. Hence * 
On, 2 Oty 2.0 Om OMe eee 
== + yy i + Yq 200 Uma * m2 tes (33) 


Since we investigate the equilibrium at a given temperature and 
pressure, the variation of the function G = U + pV — TS must again 
vanish. The several terms may be computed as follows: The energy 
of the mixture is, naturally, equal to the sum of the energies of the 
components: 

== Nyy + Ngllg +... = Ln + « » (34) 


For the volume we have, by p. 496, 


V ——— mn, = °° 8s «© © * # @ (35) 


ie 


The calculation of the entropy of the mixture as a function of T and 
is somewhat more difficult. It is true that we know the entropy of 
a single ideal gas (§ 2, p. 537). Moreover, if we have two gases side 
by side, both at the same pressure, their entropy is equal to the sum 
of the individual entropies, but if the gases are allowed to mix, the 
very process of mixing is a self-maintaining one and involves an 
increase of entropy; this process is simply the expansion of both gases 
to the total volume of the vessel, whereby the partial pressure drops 
but the total pressure remains constant. It would seem more plausible 
that the entropy of the mixture should be equal to the sum of the 
entropies of the separate gases when each one occupies the volume of 
the mixture at a pressure equal to its partial pressure, for the process 
described on p. 523 permits the two gases to mix without change of 
entropy in such way that the partial pressure remains the same after 
mixing. 

In order to simplify the calculation, we assume the specific heats 
to be constant and obtain, as in equation (26’) (p. 537), 


8 = c,, log T — Rlogp;+ si, . « « © (36) 


where s,, embraces all constant terms, including the term appearing 
for constant specific heat, c, log Ty, as Ty > 0! 
Expressing the partial pressure in terms of the total pressure, we 
have, by p. 496, 
& = Cy, log T — R logn, — R log p + R log Un, + si 
=s,(T,p)—Rlogn,+ Rlogin, . . . . .« (87) 


and S = in,s,T, p) — Rin; logn, + Rin, log Un, . (38) 


* With this agreement as to sign, the changes én, signify the numb f 
formed in the endothermal ein. seat aaa ae 
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The entropy of the ith gas at a temperature 7 and pressure p is 
denoted by s,(7', p). Multiplying (35) by p, adding it to equation (34) 
(p. 540) and subtracting (38) multiplied by 7, and making use of the 
fact that RT = pv,, we obtain the Gibbs Potential of the system: 


G = ing(T, p) + RTXIn, logn, — RTXn,; log Xin, (39) 
where the g,(7', ») denote the Gibbs Potentials of the separate gases at 
temperature 7 and pressure p. In order to determine the equilibrium 
it is necessary to take the variation of G with the auxiliary conditions 
(33) (p. 540), as well as with 57 = 5p = 0. Since the g,; depend only 
upon 7 and » their variations vanish and we obtain 

6G =) = Ldng; a RTX8n, log n, -- RTX bn, 
—RTX on, log un, Pras RT bn, e e e e (40) 


or, on account of (33), 


Lv, log n, — Xv, log In, = — - « (41) 
é M4 
or since R= En, P, 
xy, log p; = — trail.) + Zy, log p = log K,(p, T). 


It remains only to calculate the right-hand member. By equations 
(22) and (23) (p. 536) and equation (36) we have, for c, constant, 


—ivg,(p, T) + RTXy, log p = —Lv lig — Uvjloel' — Lv, RT 
4+ T log Tive,; — RT log pXv; + TX 89 + RT log pXy, 
= —XvUip — TUv ly: -- T log Tivey; to TXv Sy. G (48) 


According to our convention regarding the sign, 2v,u,. represents 
the difference in energy at ZT’ = 0 of the system before and after the 
reaction (written in exothermal form), i.e. the heat of reaction q~» at 
the absolute zero. After dividing by RT we note the pressence of the 
combination (sj) — ¢,:)/R, the “chemical constant ‘4 4% of the indi- 
vidual gases which we already met in connexion with the vapour 
pressure curve. Hence, by analogy with equation (30) (p. 538), 


log T : 
agg UY + Eri, (44) 


Lv; log Ps(atm.) = — ready 7 


or using a constant B which depends only upon the 1, we have, similar 
to (16) (p. 535),* 


* Formule (30) and (44) are intended for practical use, while (16) and (44’) give a 
better indication of the theoretical basis. 
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Upp ne PO ene — Kaan ee 
MW sion 

Equation (44’) expresses the celebrated Law of Mass Action, deduced 
by Guldberg and Waage from kinetic considerations. These investi- 
gators, however, were not able to give an expression for the mass 
action “ constant’ K,, which really depends on T and p, and so is a 
constant only at a given temperature and pressure. The name “ Law 
of Mass Action ” comes from the fact that a change in the mass (and 
hence the partial pressure) of one of the factors in the reaction imme- 
diately causes a change in the partial pressures of the others. If, for 
example, we have an equilibrium between an exothermal compound 
1-2, (subscript 3), with its two constituents 1 and 2, and if T and p 
remain constant, the addition of one of the constituents immediately 
causes the partial pressure of the compound to increase, since the 
fraction p,p./p3 Temains constant. This means that the addition of 
one of the products of dissociation lowers the degree of dissociation.* 

For many purposes it is more useful to write the Law of Mass 
action not in terms of partial pressures but in terms of relative con- 
centrations c, (mol fractions) which are defined by 


ny 
ie 


ae Te 


C; = 
Using p,; = c,p and v= 2X», there follows 


Tet = 22" + Bee RT P2riepIR p—» = K,(p, T). (46) 


Vin+) ,Vm+2 
m+1 m+2° °° 


For reactions which involve no change in the number of mols, v be- 
comes zero and hence K,= K, and the equilibrium does not depend 
on the pressure. If one compares equation (44’) with the vapour 
pressure formula (16) (p. 535) deduced under the same simplifying 
assumptions (constancy of specific heats), the similarity becomes 
evident. This is not fortuitous. In the following sections We shall 
derive a generalized law of mass action for polyphase systems, in 
which category the simple process of evaporation of a single substance 
is also included. As in the case of the vapour pressure formula, we 
can set up differential relationships for the law of mass action which 
are free of approximations. Using the mol fractions ¢,, (41) becomes 
1 


Xv, loge, = — PT 2vg;= + log K,(p, T). . (47) 


* This result, as well as many others, both physical and chemical, comes within 
the scope of a general law given by Le Chatelier: If some stress (e.g. a change of pres- 
sure, temperature, concentration, &c.) is brought to bear on a system in equilibrium 
the equilibrium ts displaced in the direction which tends to undo the effect of the stress. 
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Since (09,/0T), = —s, (cf. p. 527), 


a log K, 1 1 1 
aT )= —. Bp UIT prs = Pye Ui (at Br). (48) 


But the expression Zy,(u;-+ pv,) is the heat of reaction at constant 
pressure, g~,, by equation (38) (p. 511). Hence 


OlogK,.\ >» . 
or )= RT* ° tJ s e e (48 ) 


In the same way, if we denote by v the change in volume occurring in 
the reaction (which is determined by holding the pressure constant), 
i.e. Lvwv,, then we have, since (d9/0p), = », 


dlogK.\ sv 
(ae) = Rr o + © « « (49) 


4. Chemical Equilibrium in a System consisting of Dilute Solutions and 
Ideal Gases. 

Those multiple phase systems which contain, besides the gaseous 
phase, dilute solutions, i.e. phases in which one substance (subscript 0) 
—the solvent—is present in far larger quantity than any of the others, 
lend themselves to detailed investigation. We consider a solution to be 
dilute in the thermodynamical sense if further addition of solvents 
causes no decrease in volume and if no heat exchange (heat of dilution) 
is detectable with further dilution. The more nearly these conditions 
are fulfilled, the better our conclusions will agree with experience. 
We again examine the equilibrium at a given temperature and pres- 
sure and must therefore find the extreme value of the function G. 
The separate terms may be calculated as follows: Denoting the sol- 
vent by the subscript 0, the internal energy is given by 


Op ae nt ee. Se OD) 


On account of the smallness of the mol numbers n,, mg,... We can 
develop this function in a Taylor’s series and obtain 


oU oU 
a aaa iia eat aia ° (51) 
The partial derivatives depend only on the number of mols of the 


solvent, since the derivatives are taken at 7,, m,...=0. Write u, 
for these derivatives: 


U = nollg + myth + gly t+... 2 © « (52) 


In keeping with our original assumptions we neglect the mutual energy 
of the molecules of the solutes; this corresponds to breaking off the 
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series after the linear terms. According to Coulomb’s Law, the mutual 
energy of charged particles (e.g. the ions in electrolytes) is large on 
account of their relatively great charge, even when the particles are 
far apart. Hence our results will not be applicable to electrolytes. 
In the same way we make the analogous abbreviation v, = OV /on,, 


and have V SnD, + NY + NyVo +. eels s . 8 » (53) 


According to our convention, u, and , represent the partial energies 
and partial volumes respectively of the dissolved substances per mol. 
If we were to develop the entropy function in the same way, we 


would have s= NoS8o + m3, -- NoSo ay a (54) 


which would represent the entropy of a system consisting of m) mols 
of solvent side by side with n, mols of the solutes, but the miature of 
the substances would not be represented. Hence there must be, in 
addition, a function of the mol numbers which does not depend on T 
- or p. This function is determined if we know its form for any one state 
of the system. According to p. 541, the value of this function is 
—RXn, loge, for the gaseous state. This value must be retained for 
all temperatures and pressures. Thus, to a first approximation, we 
have the same expression as that derived for gases in § 3 (p. 541): 


G = Ung; cr. p) - RT in; log ¢;. “ e e (55) 


If the solvent does not take part in the reaction we set v) = 0, and 
the chemical equilibrium in a dilute solution is governed by 


Not" pe 2). se. a)» eee) 


The dependence of the equilibrium constant K, on temperature is 
again given by equation (48’) (p. 543). There is no variation with 
pressure, since no change of volume occurs. The most important 
reaction which takes place in the solution is that of electrolytic dis- 
sociation, but in this instance the inter-ionic forces cannot be 
neglected. This is why strong electrolytes, i.e. those which are highly 
dissociated, do not obey the law of mass action. In such solutions the 
interactions give the impression that the dissociation is incomplete, 
while actually it is practically complete at great dilution. On the 
other hand, weak electrolytes—especially organic ones—conform 
very well to the mass action law. 

We can now investigate the equilibrium of multiple phase systems, 
also, provided they consist of ideal gases or dilute solutions. As a 
special case, of course, individual phases may consist each of a single 
substance. We must rule out the presence of liquid and solid phases, 
which comprise several substances in approximately equal concen- 
tration, since it is then no longer allowable to terminate the Taylor 
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expansion with first order terms. We again distinguish the phases 
by dashes and superscripts, and have for the @ function of the entire 
system 


G= in, 9, (p, f) ae anj"9:"" (p, f) ae COL 
+ RT (Xn, loge’ + Un," loge!’ +...) 
= 2, 2,n,g(p, T) + RTXIn™ loge™. . . . (57) 


The determination of the extremal value of @ under the usual auxiliary 
conditions leads, exactly as above, to the equation of the generalized 
law of mass action, which also includes transformations between 
individual phases: 

2, 24r4™ loge = — on U, 2 yg (p,T) = logK,(p,T). (58) 
The same equations are valid for the derivatives of the function log K, 
as in the case of the special mass action rule for single-phase systems. 

We now consider a two-phase system whose liquid phase is a dilute 
solution and whose solid phase is the pure solvent. Characterizing the 
solvent by the subscript 0, we have, for the liquid phase, 


=a, =e = 1a, . . (69 
Cy No. + n,” Co No. + n,’ CG + ( ) 


and for the solid phase 
c,”” = 0, Cy” = 1. eo e@e e e @ (59’) 


The reaction in question is, in the exothermal formulation, the passage 
of one mol of solvent from the solution into the solid phase, whereby 
the heat of fusion is liberated as the “‘ heat of reaction” g~. Hence 
the condition of equilibrium is 


log (1 — ¢,’) — log = logK,(p, T). . . . (60) 


At a given pressure, e.g. atmospheric pressure, this is a relation be- 
tween the equilibrium temperature 7, i.e. the melting-point, and the 
concentration of the solution. For the pure solvent alone, c,’ = 0, and 
the right member becomes zero, since only log1 occurs on the left. 
If, at constant pressure, log K,(p, 7’) is developed in a Taylor’s series 
which we terminate with the first term, and if we replace log (1 — ¢,') 
by the approximate value —c,’ we obtain, by equation (48) (p. 543), 
0 log K, Gap 
—ec¢ = (T-—T, ‘) =(T-T,) = 
at ( o( oT - ( 0 RT,? 
eee) ee 
My +My To My Ws 


Since the conversion of one mol of liquid solvent to the solid state 


or T—T, - (61) 
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liberates heat, g-, is positive, so that the freezing-point is lowered. 
The equation shows the depression of the freezing-point to be propor- 
tional to the ratio of the number of mols of dissolved substance to the 
number of mols of solvent. This is Raoult’s Law. The factor of pro- 
portionality is determined by the melting-pomt Ty of the pure solvent 
and the heat of fusion g,. If several substances are dissolved, we have 
the sum n,/n, in place of n,/7, as may be verified at once. If, for 
example, we dissolve a substance which breaks up into two con- 
stituents, say a binary Z-Z-valent electrolyte, the depression of the 
freezing-point must be twice as great as for the same number of mols 
of a substance which does not decompose. In reality the double value 
is attained only when the dilution is very great, from which we already 
concluded that equilibrium between molecules and ions exists, especi- 
ally since the degree of dissociation as determined by the lowering 
of the freezing-point agrees well with the values obtained from electro- 
lytic conduction. Actually the dissociation of strong electrolytes is 
much greater than that to be expected on this ground; the deviations 
from the value corresponding to complete dissociation are for the most 
part attributable to the electrical forces operating between the particles 
(cf. the following section). 

For substances which do not break up (non-ionogens) we obtain 
the molecular weight from the lowering of the freezing-point. It is 
readily calculated from (61) that one molecular weight of such a sub- 
stance dissolved in one litre of water causes the freezing-point to drop 
to —1-86° C. 

The same calculations hold also for the elevation of the boiling-point, 
the pressure remaining constant. The sign of 7’ — T, is reversed, 
since the solution is now the phase of lesser energy. The calculation 
shows that one mol of a non-ionogen dissolved in one litre of water 
raises the boiling-point to 100-52° C. 

Finally, we wish to derive the formula for the osmotic pressure of 
a solution. Consider a system composed of two liquid phases, the 
solution and the solvent. They are prevented from mixing by a 
separating wall. Let this wall be selectively permeable to the sdlvent. 
The wall may be considered non-existent for a substance whose free 
passage it permits; hence there must be the same number of mols of 
this substance per cubic centimetre on both sides of the membrane, 
as in the case of a gas. But in the system under consideration this is 
certainly not the case; for, besides the solvent, the dissolved sub- 
stance is also present on the solution side, so that the solvent will 
continue to pass through the membrane until there is no longer any 
difference in concentration on the two sides. Thus with a solution of 
finite concentration and equal pressure on the two sides, equilibrium 
cannot exist. However, by placing the solution side under higher 
pressure, the passage of solvent can be prevented. 
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The two phases are thus under different pressures. A system of 
this kind is not included in our previous considerations, and the con- 
ditions for equilibrium must be derived anew. We wish to examine 
the equilibrium at a given temperature, a given pressure and a given 
pressure difference, which we call the osmotic pressure. Hence a virtual 
displacement of equilibrium is free to cause only a change in the 
number of mols in each phase, and it is evident that the condition of 
equilibrium 5G = 0 again leads to the equation 


sah 
RT 


The difference is that the functions g,* refer to different pressures. 
In the case at hand, the reaction consists of the transfer of one mol 
of solvent to the solution side. To distinguish the solution from the 
solvent, the former is denoted by a prime. Then 


= Xv; log o,* = x Xv*g/. 


1 log cy’ — jl log 1 _ log (1 - c,') se oy 
1 i 
= pp 9o(P: T) — pp Io (P + Posm T). . (62) 


Developing the right member in a Taylor’s series which we terminate 
with the first term, and using the relation (31) (p. 527), we obtain 


or Posm = 7 ia} Vo" e ry e e e (63) 


Thus the osmotic pressure 1s equal to the pressure which the same number 
of mols of the substance would exert if they were in the form of @ gas 
occupying the volume of the solution at the same temperature. This was 
first shown by van’t Hoff. The law will be deduced from another point 
of view on p. 585. 


5. Thermodynamic Equilibrium of Dilute Solutions of Strong Elec- 
trolytes. 

As already mentioned, the older theory recognized the existence of 
an equilibrium between the molecules and the ions of strong electro- 
lytes. However, for strong electrolytes, i.e. those which are good 
conductors, the equilibrium does not satisfy the Law of Mass Action. 
The reason is that it is not permissible to neglect the inter-ionic elec- 
trical forces in formulating the thermodynamic functions. The pre- 
viously employed assumption that the individual particles may be 
treated like the molecules of an ideal gas is evidently not justified 
here. We must add to the previously used internal energy Ujg an 
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electrical contribution which, by the method of Debye, may be com- 
puted without undue difficulty. . 

In the case of electrical conduction the situation is more compli- 
cated, and so we refrained from going through the very cumbersome 
calculations when we treated this phenomenon on p. 423. 

The entropy of the system is also altered; as a result the function 
G, which determines all equilibria at a given temperature and pressure, 
also has an added term: 


Ci Aes a — ES, ena 


For condensed systems the term pV is not of consequence, and it 
is not necessary to distinguish between (0G/0T), and (0G/oT),; hence 
by equation (33) (p. 528) we have the following differential equation 


for G: 
. dG 


Since this equation is satisfied by Gj, the added electrical term G* 
must also satisfy it; this serves to determine G,, from U4, for it follows 


by integration of dG 
Gy = Vat TH .. i. ee 
duet G4=—1 [Fare te wo (66) 


This shows that most of the work required to find the function G is 
done if the electrical energy Uy is known as a function of the tem- 
perature. This will now be determined for a binary Z-Z-valent electro- 
lyte. The extension of the calculation to more complicated cases is 
not difficult. Let us consider a single positive ion. As mentioned on 
p. 423, there will be—averaged in time—more negative ions in its 
neighbourhood than positive. The average distribution of charge may 
then be replaced by a continuous space charge determined as follows: 
According to Boltzmann’s Principle (cf. p. 588), the number of par- 
ticles possessing an energy u is proportional to 4 
—u/kT 
é ? 
* The integration is effected by starting with the homogeneous equation 
T oa —- Ga = 0, 


whose integral is G., = a7’. We now vary the parameter, putting Ga = 7: v(7') and 
obtaining the differential equation ; aaiiai i 
dy 
tte = 
T ar + Ua=0 
for » The integral is 


Va 
= pe OT 
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where & is the gas constant per molecule, k = R/L. At a place where 
the potential is y the charge Ze has the energy Zeys, so that the number 
of positive ions in 4 volume element dV at that point is 


Oa ORO WV. oe ss (69) 


The constant C is determined from the fact that uniform distribution 
must result for y= 0; C is thus the average number of positive ions 
per cubic centimetre, which we denote by Ny. In the same way, the 
number of negative ions in the same volume element is 


dN_=N_e'*"? ay. . 2... (68) 


For a Z-Z-valent electrolyte Ny—= N_=N. Hence the space charge 
density at a point where the potential is % is 


Re as) i 


kT 
Now p and y¢ are connected by Poisson’s equation (p. 278 et seq.): 
__ 4ap __ 8nNZe . | Leds 
eens) aa sinh Tr eo e e (70) 


where D is the dielectric constant of the solvent. The value of the 
potential at a distance of one ionic radius from the point in question 
is such that we may develop the term sinh(Ze/kT’) and omit the 
higher powers. In this way we obtain 

877.\ Ze? 


Ay = b= we ee (I) 


- = Ze 
where kK = a 5) i 


The quantity x, which has the dimensions of the reciprocal of a length, 
appears in all the subsequent computations. Its meaning becomes clear if we 
digress for a moment from the problem in hand, viz. that of the distribution of 
charge round a central point, and consider the simpler linear case of a plate at 
the potential ) dipping into a liquid electrolyte. The differential equation is then 


PE. seal os <aggene) 


and its integral is * 
ny = be ° e e e e e ° e . (73) 


Thus 1/x is the distance in which the potential—and hence, by Poisson’s equa- 
tion, the negative space charge—has diminished to 1 /e times its original value, 
i.e. 1/x is a@ measure of the thickness of the compensating layer. The smaller N is, 
i.e. the more dilute the solution, the larger is the quantity 1 |. 


* The letter e is used in two ways here, but there is no possibility of confusion, 
as the base of natural logarithms almost always carries an algebraic exponent, 
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For the spherically symmetric case which interests us here the 
differential equation becomes 


d? 2d 
Mtoe Oh 
As may be verified by substitution, the general solution is 
«I +xr 
e e 
pe A Be ° gee ee iD 


Since the potential must vanish at infinity B= 0. The constant A is 
determined by the fact that the potential in the immediate neighbour- 
hood of the selected ion must be that of the ion alone. The resulting 
value of A is then Ze/D, and the solution becomes 


are 


The second form shows how the potential is made up of one part 
attributable to the central ion and another part due to the presence 
of the surrounding ions of opposite sign—the “ion cloud”. At r= 0, 
ie. at the centre of the selected ion, the cloud generates the potential 


)=-—=>- . <0) 


This is equal to the work required to bring a unit charge from infinity 
to the middle of the spherical cloud. Hence the potential energy 
possessed by the central positive ion is 


22 
M+ Zep — Xs (08) 
Similarly, for a negative ion we would have 
re. Lex 
— = D . 


Since each ion is counted twice over—once as the central ion, once as 
part of the ion cloud—the total energy is 


_ _12NVZe%e NV [BaN Ze 
Ua= = — = ce Te (79) 


Substituting this in equation (66) (p. 548) and performing the integra 
tion. 
2 NVZex« 


Cia 5 D ? eo ef ote 8 


(80) 
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or, for n, mols of solute, 
2 n, LZe*%« , 
Ge ae 3 —a e e . e e (80 ) 
where L is Loschmidt’s (Avogadro’s) Number. Then the Gibbs Poten- 
tial of the electrolytic solution at complete dissociation is 


Mp2 
G = N9q + 2n,9, + RT ng loges+ 2RTn, loge,— 5m “4° Ke 


_  [BaNZeA [Barn LZ Va 
where k= i VDF RS ydyD kT” ° (82) 
The last form shows that « depends on the number of mols of the 
solvent. Once the characteristic function G is determined, all else is 
merely a matter of computation. 

We now calculate the difference between the lowering of the 
freezing-point in this case and that for complete dissociation without 
electrical interaction. The process consists of the conversion of one 
mol of solvent from the liquid state to the solid state. The only quan- 
tities which vary are the numbers of mols of the solvent in each phase; 
it is to be remembered, however, that these enter into the quantity x, 
We shall not yet replace the variations 5n, in the equilibrium formula 
by the conversion numbers », which are proportional to them. Indi- 
cate the liquid phase by one dash attached to the letters and the solid 
phase by two dashes. Then we have, exactly as in § 4 (p. 545), 


(81) 


9ng” logcy” + dnq’ loge,’ 


PC O50 il woe ’ 1 g%LZe* OK 1) 3 
az a Jo + 819'9o 3 D Ono! dng ie . (83) 


Noticing that 
Siig” = —Srg’3 Cp” = 1; Cy = 1 — 2ey’; loges’ HY —2e,', (84) 
we obtain 


1 ; p LZ @ 
20! — sal go a0 ee =. ~ (85) 


If, as in § 4, we develop the functions g,’ and g,” at the point 7, i.e 
the freezing-point of the pure solvent, and if we remember that 


290 aaa a ee gg ee 86 
4) = So > ( i 0 > §% 0 T,’ (86) 


we obtain 
oe! ATH» mL dn 
a 


iS) 
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[f the electrical forces were not taken into account we would have for 
the lowering of the freezing-point, at complete dissociation, 


me 26, RL * . a AT;4 Ts 
AT 4 = i 1.6, 2c, = RT? . e (88) 
Using this expression to compute the relative departure from the 
present value we obtain 
'LZre% 
AT;3 — Bi | AT 2% LZe OK (89) 


a At, “Det oie 
It remains only to compute the value of 0x/On9. From the approxi- 


mate expression 
— (aa 
~ N ng vgDkT 
we have at once 
ad == 4 if e . e e e @ (90) 


7 2 
0 Ng Ny 


and since n,’/n) = c¢, and R= kL, 
AT TP Via fn! DB 
ee” Rep 8 V,, D2(RT,)9* 


We then have the following result: The relative departures from the 
value of the depression of the freezing-point for complete dissociation 
and negligible electrical interaction are directly proportional to the 
square root of the molar concentration n,’/V,’, inversely proportional 
to the 3/2 power of the dielectric constant and—for Z-Z-valent 
electrolytes—directly proportional to the cube of the valence. This 
relationship is well substantiated experimentally for very dilute 
solutions. 

A refinement of the calculation must take into account the finite 
ee this has been done in the complete theory of Debye and 

iickel. : 


1 


(91) 


CHAPTER XXXII 


Tne Nernst Heat THEOREM 


1. Free Energy as a Measure of Chemical Affinity; Determination of 
this Quantity for the Galvanic Cell. 


In the “ classical” thermodynamics, which employs only the two 
fundamental laws discussed in previous chapters, the absolute value 
of the entropy remains undetermined; as a result, the values of the 
functions F and G are fixed only as far as a linear function of T. This 
indeterminacy becomes very inconvenient in certain applications. 
Thus we saw in the preceding chapter (p. 534) that it is not possible 
to calculate the absolute value of the logarithm of the vapour pres- 
sure from a knowledge of the specific heat and heat of vaporization— 
that we required, in addition, a knowledge of the “‘ chemical constant”, 
which is closely connected with the entropy constant. But the latter 
is determined by the two laws of thermodynamics only to the extent 
that a value once given must be preserved in all changes of the system. 
On the other hand, the Nernst theorem leads to a definite statement 
regarding the entropy constant of solid and liquid substances. The 
calculation of the chemical constant of a gas can be performed only 
with the help of the Quantum Theory. It is through a knowledge of 
the entropy constant, or of the chemical constant, that the equilibrium 
formule of the preceding chapter become really of practical use. Only 
when this is known can a chemical equilibrium be computed theoreti- 
cally. 

—_ arrived at his heat theorem through the problem of cal- 
culating chemical affinity. It was a considerable time before a practical 
measure of the somewhat anthropomorphic concept of the chemical 
affinity of two substances—or, as we say to-day, of a chemical re- 
action—was found. One of the foremost demands to be made of such 
a quantity would be that it tell in which direction the reaction pro- 
ceeds. Berthelot took the heat of reaction as a measure of affinity, 
and—as a matter of fact—at room temperature most reactions are 
accompanied by the evolution of heat. Nevertheless, there are some 
very common processes—like the dissolving of most salts in water— 
which are accompanied by cooling, and which are therefore endo- 
thermal. It was van’t Hoff who first recognized that for reactions at 
constant volume the free energy F is the proper measure of affinity, 
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while for reactions proceeding at constant pressure it is the Gibbs 
Potential G. These quantities are a minimum at equilibrium; the 
greater the values of these functions compared with the minimum 
values, the farther the system is from equilibrium—hence the more 
readily will the reaction occur. The free energy of a chemical reaction 
proceeding at constant pressure is easily determined experimentally 
by using the reaction in a simple reversible galvanic cell and measuring 
the electromotive force of the cell. For condensed systems, i.e. those 
not containing the gaseous phase, it is not necessary to distinguish 
between isometric and isobaric reactions and hence between F and G. 
Suppose the chemical change in this cell takes place by the migration 
of an ion bearing a charge of Z units. Then when one mol has been 
transported, a charge ZF has passed. The Faraday equivalent charge 
is denoted by # here to avoid confusing it with the free energy. For 
a difference of potential ®, the work done is given by Z7®, and this 
is equal to the change in free energy: 


ZFD = Fs — fr. “ee © @ #@ @ @ (1) 
Now f satisfies the differential equation 


= of 
J=ut (ss | 
so that . 
7) 0 
A-h=a4-%+T Gy a) oe M2) 
and hence by (1), 


— 7» 7® 
o=Te+T (5). er eer 


This important relationship between the potential difference, the heat 
of reaction of the chemical process and the temperature coefficient of 
the potential difference, may be derived also from the equation 
TdS = dU + dW if the external work is expressed in terms.of the 
electrical quantities (cf. Hx. 125, p. 528). Since it is usual to express 
® in volts and 7 in coulombs, the heat of reaction must be expressed 
in joules. 

By examination of the empirical data, it is found that the electro- 
motive force of most cells at room temperature is fairly accurately 
given by the simple formula 


obtained by setting the change in free energy equal to that of the 
total energy. The lower the temperature at which the measurements 
are taken, the better the agreement is found to be. One would con- 
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clude from this that at absolute zero the differences ti —fo and u, — Uy 
are equal, i.e. that Berthelot’s Principle is strictly true at that tem- 
perature. By equation (2), this means that 


Ofy_ 
ar aT 


remains finite for T = 0, or else that it becomes infinite to so low an 


order that the limit 
p(s 
or oF 


vanishes. But since the agreement is still good at relatively high 
temperatures, Nernst made the hypothesis that the curves f,(7) — f;(T) 
and u,(7') — u,(7) not only intersect at T = 0 but touch each other 
there. Corresponding to the way in which he arrived at his theorem, 
Nernst made a statement concerning only the difference of the 
functions f and u before and after the reaction, but Planck extended 
the hypothesis by assuming that it holds for f, and f, separately, 
ie. that 

lim f (7) = lim u(T) 

T=0 T=0 


° ee @ e 4) 
_ fot\ _ a. (ae eo 


As we shall see in the following section, this serves to determine the 
entropy constant of pure, condensed substances. 


9. Formulation of the Nernst Heat Theorem. 


We obtain a new form of the Nernst theorem by solving the dif- 
ferential equation of free energy (deduced on p. 527) for (0f/0T),: 


(Gh) = Ge. Peds ae 


Since f becomes zero when T' = 0, the expression 0//07' assumes the 
indeterminate form 0/0 under these conditions. The usual means of 
evaluating the fraction is to differentiate numerator and denominator 
separately and then substitute 7 = 0. This yields 


ae if) — (55). BRR i 


Now, by the Nernst-Planck relation, the entire right member is zero, 80 
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that each term on the right must be separately zero in this case. The 
character of the function is represented in fig. 1. 
According to equation (30), p. 526, 


Ci\ amun 
(4), = Bh ce 00> eee 


from which it follows that the entropy S also vanishes at the absolute 
zero. 


T 


Fig. 1 


We may therefore state the Nernst theorem in this way: At the 
absolute zero of temperature the entropy of a pure solid or liquid has 
the value zero. This statement applies only to pure substances, 
since for mixtures there must be an additional term covering the 
increase of entropy which accompanies the process of mixing. We 
must also except gases, as long as we retain the classical gas equation, 
for this equation yields an infinite entropy constant at T = 0 if the 
value of S is to remain finite. In reality, it follows from the new 
statistics (p. 626 e¢ seq.) that the equation of state of a gas is subject 
to a correction which preserves the general validity of the Nernst 
theorem. In particular, there can be no difference in the entrapy of 
two different modifications of a substance at the absolute zero. ~ For 
instance, @ paramagnetic material must have the same zero-point 
entropy whether it is magnetized or not; i.e. it must then behave 
like a permanent magnet even without the field. 

In a statistical interpretation, the Nernst theorem affirms that a 
body must be in its greatest state of order at the absolute zero. It is 
precisely here that the theorem has a limitation as far as its practical 
meaning is concerned, To be sure, the state of maximum order is that 
of equilibrium at 7 = 0, but as to the amount of time required for the 
attainment of that equilibrium, thermodynamics has nothing to say. 
Since the motions of ions and of molecules dwindle at low temperatures, 
states of non-equilibrium can persist indefinitely. For example, glasses 


XXXIIT.] THE NERNST HEAT THEOREM 557 


have a state of higher order—the crystalline—and yet a piece of glass 
is still glass at 7 = 0! Circumstances are otherwise in connexion with 
the motion of electrons and the orientation of the magnetic moments 
connected with them. Their motion is not hindered by any increase of 
internal friction with falling temperature. For this reason the conse- 
quences for magnetization are of especial importance. 


3. Consequences for the Specific Heats and Temperature Coefficients. 
The Chemical Constant of a Gas. 


It follows from 
Os Os ] 
ds = (Fr) at + (5) a= p (du + pao) « (8) 


that at constant volume 


and 
ne e t) e e e ° (10) 


This is a relation we shall need later. Integrating (9) from 0 to T we 
obtain, by Nernst’s theorem, 
=f %aT 11) 
8= f pel: Cee as co. 0 

In order that the integral may converge, the specific heat (for con- 
densed systems it is unnecessary to distinguish between c, and Cp) 
must approach zero sufficiently rapidly as the temperature diminishes. 
Actually, the theory of the specific heats of solids (p. 612) gives a 
decrease as the third power of 7. On the other hand, the value given 
by the classical statistics for the specific heat of a gas is different from 
zero even at 7 =0. Hence we must leave gases out of consideration 
as long as we take the classical statistics to be correct (see preceding 
section). It follows further from the Nernst Heat Theorem that 
all temperature coefficients of condensed substances vanish at the 
absolute zero. We shall demonstrate this for the isometric pressure 
coefficient. It follows from 


—— (3). oa p= — (52). wee (12) 


that (0p/0T), is given by 


Op\ _ fas\ _ 7) Ge. : 
DG). Lhen om 
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and from equations (10) and (13), 


ap\ 7 0% _ £” [0% _ (9P\ _ [ep 
(55).=f ices =, (Fa) at 7 & ' st), T=0, 


whence 
Op 
GF). a 0. eo © 0@© @ er 6 (14) 


As regards gases, it has already been mentioned that theories have 
been developed in recent years which yield the usual gas equation as 
an approximation at higher temperatures, while in the neighbourhood 
of absolute zero neither the equation of state nor the constancy of 
the specific heat of a monatomic gas is retained. This is called the 
degeneration of a gas. Since all gases condense at temperatures con- 
siderably above the absolute zero, attempts to verify this degeneracy 
_ experimentally have not yet succeeded. We shall not take up these 
theories (cf. p. 628) at this point, but shall pursue another line of 
inquiry; this will not yield the value of the entropy at absolute zero, 
but will determine the entropy constant at finite temperatures. For 
this purpose we consider the equilibrium between a gas and its con- 
densed liquid, for which system the vapour pressure formula (29) 
(p. 538) is valid. Here the entropy constant s, y of the liquid is to be 
set equal to zero. Again, we imagine the measurements performed 
at very low temperatures, where the integrals contribute nothing. 
This is because the specific heats of the liquid vanish as 7? and the 
part of the specific heat of the gas which depends on T also approaches 
zero rapidly, and all that is left for any gas is the specific heat of a 
monatomic gas as the part c,, which is independent of the temperature. 
The vapour pressure equation is then 


ae) Gos $10 — Cpe 
logp = — prt pH log? + ro Ue oe) 
Thus, by measuring the vapour pressure, the chemical constant 


fay = tO oe eee © « e@ (16) 


(and therefore the entropy constant) of the gas may be determined.* 
On the other hand, the theoretical calculation of this quantity is 
possible only with the aid of quantum statistics. 


'* The subscript “‘ abs” is appended to ¢ to denote that this is not the usual ¢ in 
which the logarithms of the conversion factors are also included (cf. p. 538). 
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4. Unattainability of the Absolute Zero. 


It is a consequence of the Nerst heat theorem that the absolute 
zero is an asymptotic point—it may be approached indefinitely but 
never strictly reached. Since many interesting phenomena are en- 
countered in the small range between, say, 1° absolute and 0, it would 
be better to use a logarithmic scale of temperature in this region, for 
the scale itself would then have an unattainable zero. 

In order to demonstrate the unattainability, we consider the most 
feasible means of cooling—that of adiabatic demagnetization discussed 
earlier. Assume that the entropy-temperature curves have the form 
shown in fig. 2a, which is contrary to the Nernst theorem, In any case, 


S Ss 
Sy, 
1 
' Ss 
! 'M 
| 
(6) De Ta Ta 7M Omis Ta T 
(a) (b) 


Fig. 2 


at higher temperatures the entropy curve S, of the unmagnetized * 
body must lie above the curve S,, of the magnetized body. The reason 
is that entropy, as will be explained in the following chapter, is a 
measure of the disorder; and this is certainly greater in the unmag- 
netized state, where the elementary magnets are oriented at random. 
Now assume demagnetization to take place adiabatically and reversibly 
at a temperature 7,. The process will be isentropic, for if 8Q is zero in 
the reversible process, then 6S must also be zero. In the diagram, then, 
we proceed along a horizontal line. The point of intersection with S, 
determines the final temperature. If we were to start from a temper- 
ature 7,’ or lower, we would attain the absolute zero by the time the 
§,, curve is reached. However, according to the Nernst theorem there 
can be no entropy difference between the two forms at the zero point, 


* By “ magnetized” we shall mean, more accurately, & paramagnetic body in 
a magnetic field. The coincidence of Sz and Sy at 7’ = 0 means that a body at zero 
behaves as though a field were present, i.e. it becomes ferromagnetic. 
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and so the curves must run as shown in fig. 2b, in which case the zero 
point cannot be reached. Starting from-a temperature 7, the steepness 
of descent of the curve S, determines how close to 7 = 0 one may 
come. 

No matter what adiabatic process is considered, the same con- 
clusion results. If, for instance, in analogy with the expansion of a 
gas, we seek to cool a solid * by sudden extension, we get similar 
curves for two different pressures, since at any given pressure 8 must 
be zero for T = 0. 

Despite the fact that the unattainability of the absolute zero can 
thus be deduced from the Nernst law, the two must not be considered 
equivalent formulations. This is the case only if we add the experi- 
mental fact that the specific heats of all substances approach zero at 
least as ZT? (see p. 612). 


* At low temperatares gases no longer exist as such. 
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CHAPTER XXXIV 
Tue ELEMENTARY Kinetic THEoRyY oF MATTER 


1. Bernoulli's Formula; Boyle’s Law. 


As already indicated on p. 496, an ideal gas is defined from the 
atomistic point of view as an aggregate of particles which have no 
extension, and between which no forces operate. These particles are 
in motion amongst each other with all possible velocities. The ap- 
parently steady pressure exerted by the gas is due to the myriad 
impacts of these particles on the walls, from which they rebound 
elastically. Collisions between molecules are not possible for an ideal 
gas, since the particles have no extension. We wish to calculate the 
pressure. Resolve the velocity c of a molecule into its rectangular 
components ¢,, Cy, ¢,. Consider a portion of a wall normal to the z-axis. 
Each time a molecule collides with this wall it suffers a change in the 
z-component of its momentum amounting to —2me,, while the other 
components are not altered by the elastic collision. But according to 
Newton’s Third Law, the impulse communicated to the wall is also 
of this magnitude. The impacts follow one another in such rapid 
succession that the series of impulses is felt as a constant force. If 
each impact lasts a short time At, the average force F,,’ which the wall 
applies to the molecule is given by (p. 108): 


A 
At 49 At 


According to Newton’s Third Law, the force exerted by the molecule 
on the wall is 


F,=— Ff, = — 2me,. (1’) 


If, instead of a single molecule, Av of them strike the wall in the time 
At, the force is multiplied by Av. The pressure is given by the force 
on unit area. If the number of molecules striking each square centi- 
metre in the time At is AN, the pressure is 


p = —— 2mMeyq. eo eee ee @# @ (2) 


At 
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The quotient AN /Aé is the number of molecules striking each unit 
area of the wall per second. ; 

All possible velocities occur, with respect to both direction and 
magnitude. With regard to the former, there is no uniquely indicated 
direction in space; we may therefore consider that, on the average, 
one-third of all the molecules move in the direction of each axis. Of 
each of these groups, half move in the direction of the positive axis, 
half in the negative direction. Further, we assume here that all the 
molecules have the same speed. In the next second, all those mole- 
cules within a cylinder of base unity and altitude c normal to the wall 
which are moving toward the wall will collide with it, for a molecule 
distant ¢ from the wall and approaching it will just reach it in one 
second, while all those farther away will not. If there are N molecules 
in each cubic centimetre, N/6 of these move toward the wal] which 
is perpendicular to the z-axis. In all, Nc/6 molecules collide with this 
wall each second, so that Nme 

me 
— 5 eee ee « e e (3) 


Since all possible velocities occur, c? is to be replaced by its average 
value c®, the mean square velocity. The square root of this quantity 
—the so-called “root mean square ” velocity—is only approximately 
equal to the mean velocity (cf. p. 593). 


Let us add here a more exact deduction of formula (3)—one that takes into 
account the distribution of the velocities of the molecules. In reality, there is no 
molecule that moves with exactly a given speed in a given direction at any 
instant. Rather, we must assume that in each cubic centimetre there are d?N 
molecules * whose velocities have magnitudes falling between c and ¢ + de, and 
directions lying within a solid angle dQ. 

Since all directions are on a par with each other, the number of molecules 
whose directions fall within a solid angle dQ will be proportional to the size of 
this angle; the number of molecules whose speeds fall between ¢ and ¢ + de will, 
however, depend on c through an as yet undetermined distribution function f(c). 
Thus we may write 

dN = f(c)dcdQ = f(c)desinOd0dd. Soo 0 0 (E)) 


The total number of molecules in a cubic centimetre, given by integrating over 
the unit sphere and over all speeds, is equal to 


NW = 4nf f(oyde. ee © © © 8 © « (4’) 


The number of molecules in dQ hitting unit area of the wall in time Af is the same 
as the number contained in a cylinder whose base has unit area and whose length 


: Me aoe notation d*N is used to indicate that we are dealing with a third-order dif- 
erential. 

The assumptions made here are not hard to understand in terms of an analogy. 
If one asks in a large assemblage of people, “Who among those present is exactly 
forty-five years old this minute?” it is almost certain that no one will respond. But 
if one asks instead, ‘‘ Who is between forty-five and forty-six years old?” several 
individuals may make themselves known, and the greater the interval the greater 
the number of expected responses. 
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is cAt. Since the axis of this cylinder makes an angle 6 with the normal to the 
wall, the number is d?Nc-cos@-At. Each molecule exerts a force 2mccos6/At on 
collision, so that by integrating over all directions and speeds the pressure is found 
to be 


oom il 


If we deal with any multiplying function ¢p of ¢, it is logical to define the mean 
value } as 


n/2 27 4r f) 
"i f(c)desin® . 2me2cost Bdodd = =m i ficjetde. . (5) 
0 0 


i * Wo)fle)de 
‘) * fle) de 


v) 


= == Ylof(c)de. so « © (6) 


Hence, (5) becomes 
Nme? 
Pp a 3 e e e e ° e e e e e (7) 


Consider, now, one mol of gas. This contains Z molecules, so that 
the number of molecules in one cubic centimetre is N= L/v. If we 
substitute this value in Bernoulli’s equation, we obtain 

Ime 
= a an e e es e e e es (8) 


This is the law of Boyle and Mariotte. Identifying the right member 
of (8) with the right member of the gas equation (p. 495), we obtain 
a relation between temperature and mean square molecular velocity: 
2 = 
pr =" or ea Sh stn s sautg 

This shows that the mean square velocity of the molecules is directly 
proportional to the absolute temperature and inversely proportional 
to the molecular weight Lm. 

A complete kinetic theory derivation of the entire equation of state 
requires statistical methods, and will be carried out in the following 
chapter. 


2. Number of Collisions and Mean Free Path for Real Gases. 


The assumption that the molecules are particles with no extension 
in space is of course a drastic simplification of the actual situation. 
We obtain a better representation of the facts if we attribute 
Gnite size to the molecules, considering them to be elastic spheres of 
radius r. The resulting correction of the equation of an ideal gas has 
been considered in detail on p. 497. At this time we wish to consider 


only the collisions between the moving molecules, If all the molecules 
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with the exception of a single one were at rest, it would be a very 
simple matter to calculate the average number of collisions 
experienced by this molecule. This computation will be carried 
out here. There is a collision whenever the distance between the 
centre of the selected molecule and the centre of any other mole- 
cule is less than d= 2r. The sphere of radius d, into which the 
centre of no other molecule can penetrate, is called the “ sphere 
of influence” of the molecule. If the average velocity of the 
selected molecule is ¢, the sphere of influence sweeps out a cylinder 
of volume dé in one second. Let there be N molecules per cubic 
centimetre; this cylinder will then contain Nzd*é molecules and, 
under the assumptions made, there will be 


2 =Wde. . . ea. 2G 


collisions per second. 

In reality, the other molecules are also in motion, and so the mean 
_ velocity of a single molecule must be replaced by the mean relative 
velocity 6, of the molecules with respect to each other. This velocity 
is readily computed if, for simplicity, we neglect the distribution of 
velocities and calculate with a single velocity ¢. But since all possible 
directions between velocity vectors occur, we still obtain a distri- 
bution of relative velocities, the mean value of which we shall caleu- 
late. If 0 is the angle between the velocity vectors of two molecules, 
the relative velocity is 


——— = ; 0 
Cr = Vict + c? — 2c? cos 6 = 2¢ sin 5: 


The spatial average of the trigonometric function sin(@/2) must be 
determined. In general, the mean of a function of the spherical co- 
ordinates is obtained by multiplying the function by the element of 
area of the unit sphere, integrating over the sphere, and dividing by 
the area of the sphere, i.e. by 47: 


~ it 7 nar 2 
f(8, $)= ah if (0, ¢) sin dO dd. 
In the present case we have 


Fe ll) a: am _ 2 
sns— Tf f sin; sin; cos; d0dp = ;. 


Hence the number of collisions per second becomes 


dor a 
= Nav. * © © © @ 8 (11) 
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The more rigorous calculation, taking into account the distribution 
of velocities, leads to the formula 


Z=V20Nd%. 2... ee © (LY) 


The difference in the numerical factors 4/3 = 1:33 and 4/2 = 1-41 
is about 6 per cent. In view of the inaccuracy inherent in the nature 
of the calculation, and in particular the indefiniteness of the concept 
of atomic sphere of influence, the difference is of no practical account. 

The mean free path | is defined as the average distance traversed by 
a molecule between two collisions, i.e. 


c 
i Z AaN a eo 2e« © ee # @ (12) 


or, according to the more rigorous calculation, 


1 4 
t= Tad 5 Sct ee 


Let us investigate in more detail the significance of the mean free 
path. Take W(z) to be the probability that a molecule travel a distance 
@ without suffering a collision. Then the probability of traversing the 
distance x -+ dz is W(«-+dz). This is composed of the probability 
that the path « will be covered and the probability that the added 
segment dz will be traversed also without collision. But according 
to the Theory of Probability, the probability that both events will 
occur is given by the product of the separate probabilities, since the 
two are independent. Then 


Wo + de) = Wa) +O de = W (a) W (de) . (13) 


Now the probability of free passage through a layer of thickness de 
is readily found. Imagine a cylinder whose length dz is parallel to 
the direction of motion and whose cross-sectional area is unity. The 
probability of a collision within the distance da is obviously given by 
the ratio of the combined areas of the front surface, through which 
molecules which later suffer collisions pass, to the entire front surface 
of unit area. The former quantity is equal to the sum of the pro- 
jections, on the front surface, of all the spheres of influence lying 
within the cylinder,* ie. wNd?dx. Hence the probability that the 
segment da is traversed without collision is given by 


W(ds)=1—aN@de. . ~~. ~~ (18) 


* This is valid only for an infinitely thin layer; otherwise, the projections of the 
spheres of influence will overlap. 
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We then have W(zx) + = dz = W(x) — W(x)nNd*dz. 


Integrating, Wieser, wes: ee ) 


The constant C is determined from the fact that the probability is 
unity for a path of zero length. This makes C = 1, so that we have 


W (2) = eaNdx — gil’, 


The expression Nd? is, by (10), the reciprocal of the free path 
when all molecules but one are at rest, as we assume is the case 
in the present instance also. If the motions of all the molecules are 
taken into account, the reciprocal of the free path J is 47Nd?/3, and 
the relationship 

WG) = Ocean ss 5 upemmcagalli) 


remains valid. Thus we may look upon the mean free path as that 
- path over which the probability of passage without collision is e~. 
The distribution function of the free path is of simple exponential 
form, hence the mean free path is not a free path of particularly frequent 
occurrence, but merely the mean value, as may be verified by averaging 
over all free paths, i.e. by evaluation of the expression 


[xe@) dx [re-snde 


be iV (x) dx 7 [emtae 


8. Viscosity and Heat Conduction in Gases. Determination of Avo- 
gadro’s Number and of the Size of the Molecules. 


(a) Viscosity at moderate pressures 


Inasmuch as the results are very different, depending upon whether 
the mean free path is small or large compared with the dimensions of 
the vessel, we treat the case of moderate pressures and that df low 
pressures separately. It should be remarked that the low-pressure 
region for this purpose is that below a few hundredths of a millimetre 
of mercury. 

Let a gas be in motion parallel to the z-axis in such manner that 
all the molecules in a given layer have a common forward speed w. 
Assume a velocity gradient du/dz along the z-axis normal to the z-axis. 
The hydrodynamics of viscous fluids gives for the force between two 
layers of area S, in contact along the plane z = 0, the expression 


Fos ok ee eo ee 8) 
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We wish to compute the coefficient of viscosity 7 on the basis of kinetic 
theory concepts. According to Newton’s Second Law, the force which 
the upper layer exerts on the lower is equal to the rate of change of 
momentum of the latter. But the change of momentum can be calcu- 
lated on the molecular theory. As a result of the thermal agitation, 
individual molecules pass from the upper layer—where the flow 
velocity is greater—into the lower layer. These molecules possess 
forward momentum corresponding to that existing in the layer where 
they experienced their last impact. In the same way, molecules dif- 
fusing from the lower, less rapidly moving layer into the upper stratum 
cause a decrease of forward momentum there. The process may be 
likened to the case of two trains moving in the same direction along 
parallel tracks but with somewhat different speeds. If the passengers 
jump from one train to another, the faster one will be slowed down, 
the slower one will be accelerated. 

We shall now express this idea in mathematical form. Let the 
number of molecules per unit volume having the velocity components 
v, and v, be given by v(v,, v,), Where v is the resultant of the gas- 
kinetic and flow velocities. Then the number of molecules passing 
through unit area of the zy-plane per second is vv,; these molecules 
transport momentum whose z-component amounts to v(Vg, Uz)V,MNV_. 
In all, the force on each square centimetre is 


FF = Sv (09,04) 00m, ee oe ae 


S 


where the summation is to extend over all values of vz and v, which 
occur. The evaluation of this sum is accomplished as follows. First 


we have 
Up—=Ce tu, U=l + - - - > (18) 


If a molecule has experienced its last collision in the layer 2, 


ule) = ty +24, ss <a) 


where , is the velocity in the stratum 2 = 0. Using this value, we 
obtain 


DY (Vg, Vz) MVzV_ = UV(Vgs V,)m (cz + Uy +2 “ c,. (20) 


The terms Lve,c, and Uru, cancel out, since there are just as many 
molecules with positive c, and c, as with negative. However, the sum 
Tv(vg» Vs)2C, does not cancel out, as may be seen by putting z = r cos), 
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c¢, = cos6, in which case the factor cos?@ appears. If we replace 7, 
c and cos?@ in 


Xv (Vg, Vz) MVzV, = Uv(Vq, Vz) mrccos?B = - om, 


by their mean values /,* ¢ and 1/3 respectively, we obtain, on account 
of Xvr(v,, v;) = N, 


F Nwmlédu 
Ss ——— ae dz’ ° e ° e e e e (22) 
whence, by comparison with (16), 
Nmlé 
a oe 


Inserting the value of the mean free path from equation (12) (p. 567), 


me Mé (24) 


1 Gnd 4a Ld” 


where M is the molecular weight of the gas and Z is Avogadro’s 
Number. This formula is of importance on account of the fact that N, 
the number of molecules per cubic centimetre, does not appear in it. 
This means that the viscosity is independent of the density and hence 
of the pressure of the gas. Although this result may seem contrary 
to intuitive views, it is well substantiated by experiment. It is only 
at very low pressures, where the mean free path becomes of the order 
of magnitude of the dimensions of the container, that the theory must 
be modified. In this case there is a dependence on density. Quali- 
tatively, it is easy to see why the viscosity is independent of the density 
under normal conditions: despite the fact that the number of mo- 
mentum carriers increases with the pressure, their mutual hin- 
drance also increases in the same direction, thus tending to offset any 
change. 


(b) Conduction of heat at moderate pressures 


Instead of a velocity gradient, assume that there is now a tem- 
perature gradient in the gas in the direction of the z-axis. According 
to p. 489, the flow of heat through the zy-plane is given by 


aT 
dz’ * 


* At first sight, it may seem questionable whether the mean free path 7 may be 
substituted for the average value of 7, since the next collisions may not take place 
precisely in the plane z = 0. In this connexion it must be remembered that there is 
no propagation of probability for the collisions; i.e. regardless of which point of the 
path we reckon from, the probability of traversing the segment r is e~*?, so that r = I, 
Hence the mean value of all paths described by the molecules after passing the plane 
¢ = 0 is /, and the same is true, of course, for the original question. 


—w =k (25) 


si: ile alien lia 
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where the temperature is denoted by 7. We can calculate the co- 
efficient of heat conduction on the basis of the kinetic theory, just as 
we did for viscosity. Instead of a transport of momentum, the passage 
of molecules from one layer to another effects a transport of thermal 
energy. Again, each molecule is assumed to possess the energy of 
thermal agitation corresponding to the layer in which it experienced 
its last collision. The thermal energy per molecule is 

dT 

nag =$(%+ G2): eee e (26) 


where ¢, is the specific heat. If there are v(u, c,) molecules per cubic 
centimetre with the velocity component c, and thermal energy 4, 
the flow of heat is given by 


—w= Dvr(u, enous (Tot Fe ) = ZDr(u, ¢,) oF ost. (27) 


Replacing c, r and cos?@ by their average values, we obtain 


Nlece ar _ Cel aT 
ST d@ 4nbd dz’? ~*~ * * 


= Coe 
= seb ee ee « ** 


Thus the coefficient of thermal conduction is also independent of the 
pressure. 

It is, of course, not quite correct to replace the quantities ¢, 7 and 
cos? by their mean values in the sum, but again the rigorous theory 
yields a numerical factor which differs but little from that obtained 
here. The resulting factor is 0-247, which replaces 1/4. 


(28) 


i.e. k © « (29) 


(c) Viscosity and heat conduction at low pressures 


Consider next the important case of very low pressures, where the 
free path is large compared with the dimensions of the vessel and so 
essentially only collisions with the wall take place.* 

Imagine the gas placed between two parallel walls, one of which 
moves past the other with a speed wu. The moving plate exerts a force 
on the one at rest, since the gas molecules that hit the moving plate 
have its forward speed added to any velocity they already possess, and 
communicate this to the other plate at their next impact with it. In 
order to compute the momentum communicated, consider the mole- 
cules whose directions of motion lie in a zone forming the angles @ and 
6 + d@ with the normal to the wall. Since we are concerned only with 

*In order to gain an idea of the numerical magnitude, notice that at room tem- 


perature the vapour pressure of meroury is 10-* mm. and that the mean free path in 
this instance is about 10 cm. 
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those molecules that move toward the wall, we must take half the 
number. The number in each cubic centimetre will then be 


dN = Csin@dé, 


where the proportionality factor C, evaluated by integration over a 
hemisphere, turns out to be V/2. If the mean speed is ¢, the number 
of impacts per second per square centimetre becomes 


a Né 
ti a f sin@ cos6 dé = Tt" 


Since each molecule gets an additional speed wu, the momentum transfer 
per second, and hence the viscous force per unit area, amounts to 


| a 


where p is the density and is equal to pM/RT. Then, by (9), p. 565, 
we have approximately 
ap [sit ; 
F — 4 J RT Ue e es ° e e e (30 ) 


Inasmuch as there is no velocity gradient in the space occupied by 
the gas itself, we cannot speak of a coefficient in the sense of equation 
(16); rather, the momentum transfer is independent of the distance 
apart of the walls. 

In the same way, one finds that the heat transfer per unit area at 
very low pressures amounts to 


3 BR 
Wade teh —T + + CD 


where T is to be set equal to #(7, + T,). As long as the mean free path 
is large compared with the dimensions of the vessel, viscosity and 
heat conductivity are proportional to the pressure but independent of 
the dimensions of the container. 


(d) Kinetic Theory determination of Avogadro’s Number 
and of molecular diameter 


Since we may replace é approximately by Ve = /3RT /M (the 
exact relation, as given on p. 592, is é = V8/37. Ve), the only un- 
knowns remaining in equations (24) and (29) are Z and d, Since both 


occur only in the combination Zd?, a further relation is needed to 
determine these quantities separately. Such an equation is that for 
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the van der Waals 6 which, as we already saw on p. 497, is equal to 
four times the space occupied by the spherical molecules: 
4x d3 
b=4.5 gh 2 ee ees 
Solution of the two equations for Z and d yields numbers of the order 
of 10-8 em. for the molecular diameters and about 6 x 10% for L, 
which was first determined in this way by Loschmidt. However, the 
accuracy of this kinetic theory determination of L is not as great as 
that involving the electronic charge e = F/L, from which is obtained 
the generally accepted value 6-02 x 10. With reference to the gas- 
kinetic diameter, it must be remembered that this is not the actual 
diameter of a small, impenetrable sphere, but rather—according to the 
way it was defined—the radius of the sphere of influence for mole- 
cular collisions. In view of the electrical structure of atoms and mole- 
cules, this sphere of influence is a result of the mutual electrical in- 
fluences of the colliding bodies. This does not mean that other methods 
of determining atomic dimensions would necessarily yield the same 
result. We shall find that the linear dimensions of the space occupied 
by the electrons is of the order of magnitude of 10° cm. All experi- 
ments which depend on the electron shells lead to dimensions of this 
magnitude, but experiments on the passage of a-particles through 
matter lead to values of the order of 10-12 cm. for the diameter of the 
“centre ”, ie. the nucleus of the atom. 


(32) 


4. Derivation of some Properties of Crystals on the Molecular Theory. 
(a) Density and lattice constant 


While the beginnings of a molecular theory of liquids have been 
obtained by starting with a van der Waals gas and assuming the 
cohesive forces to be very large, there . 
is no complete theory which explains 
all the main properties, as there is for 
gases. However, for crystals—which 
we may regard as the normal form of 
the solid state—the theory has been 
developed very extensively. On account 
of the elaborate mathematical equipment 
needed, we can give only the simplest 
parts of the theory. M. von Laue’s 
discovery of X-ray interference in crystals 
(p. 385) proved the existence of the lattice 
structure which mineralogists had long 
assumed. To-day a large number of lattice types are known. We shall 
here consider only the simplest case—that of sodium chloride. Measure- 
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ment of the intensity of X-rays reflected from different lattice planes 
shows that the corners of this lattice are occupied not by the neutral 
atoms as is the case for diamond, for example—but by the same Na* and 
Cl- ions as are encountered in electrolysis. The ions of each kind are 
distributed upon a cubic lattice, the two lattices being interspaced, 
so that along any line the ions of the two varieties alternate (“ face- 
centred ” lattice). If no distinction is made between the two kinds 
of ion, the crystal represents a simple cubic lattice, in which only the 
corners of the cubes are occupied (cf. fig. 1). The lattice constant a 
is the distance between two homologous ions of the same kind. An 
elementary cell is the smallest unit by whose translation the entire lattice 
can be generated. In the present case it is a cube of edge a. In order 
to calculate the density all that is necessary is to count the number 
of Na and Cl ions in the elementary cell. It must be borne in mind, 
however, that each corner ion belongs to eight cubes, and so is to be 
counted only as 1/8; similarly, a point on an edge is to be counted 
as 1/4, one on a bounding face, 1/2. Thus there are (8/8 + 6/2) 
Nat ions and (12/4 + 1/1) Cl- ions corresponding to each elementary 
cell. Representing the masses of the individual atoms by My,/Z and 
Mq/L respectively, the density is 


p> =. 72358 a a e e e (33) 


Hence the lattice constant is given by 


ae A. (Ma + Ma) 


Lp 5) 6 era e nae 


This quantity is used to measure the wave-length of X-rays. The 
absolute value is again limited by the accuracy to which the Avogadro 
constant is known. Recently it has been found possible to use ruled 
gratings, of known grating constant, for X-rays, thus measuring the 
wave-length directly. The value of the wave-length may then be used 
to determine the lattice constant; this, together with the density, 
leads to a new determination of Z. The value thus found agrees admir- 
ably with that obtained from recent oil-drop determinations of e. 

The method given here for obtaining an equation connecting the 
density and the lattice constant is, of course, perfectly general although 
equation (33) is not. 


(6) Nature of the cohesive forces in a crystal. Lattice energy 
of polar crystals 


What holds a crystal lattice together? What forces hinder a further 
decrease in volume, so that even very great pressures succeed in pro- 


XXXIV.] KINETIC THEORY OF MATTER 575 


ducing only a slight contraction of a solid body? The first question 
is easy to answer for crystals which are built up of ions, the so-called 
polar crystals: the electrostatic attraction between the ions holds 
the structure together. The second question corresponds to that con- 
cerning the nature of the interatomic or intermolecular forces which 
give rise to the spheres of influence. Instead of regarding the ions as 
spheres of a definite radius, it is more natural to introduce forces of 
repulsion varying as a high inverse power of the distance. The 


: repulsive force 


we 


ae ae ee 


ad 
a 
io 


> attractive force 


Fig. 3 


higher the power, the greater the relative effect at small distances, and 
the better the correspondence to the collision of two rigid spheres, 
where the large forces which come into play at the instant of impact 
prevent a closer approach. The Quantum Theory has made clear the 
nature of the interatomic forces: they must arise when the electron 
shells interpenetrate. For the alkali halides the inverse tenth power 
of the separation proves to be the appropriate law of force. In fact, 
the Quantum Theory shows that a single power 1s really not sufficient 
—the exponent itself depends upon the distance. 

The Quantum Theory has also thrown light on the nature of the 
forces of attraction in non-polar crystals, like diamond. These forces 
correspond to the binding forces between uncharged atoms, e.g. the 
H atoms in the hydrogen molecule, and are explainable on the quan- 


tum basis (cf. p. 712). 
If on Fis put two ions present, the mutual potential energy 
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of an Na ion and a Cl ion, say, would be given by 


where f is a factor not yet determined. It would be incorrect, how- 
ever, to say that.the potential energy of the entire lattice is simply 
the above energy % multiplied by the number of atom pairs present, 
for since the electrostatic potential decreases only with 1/r, the 
more remote ions also contribute to the potential at any point. The 
somewhat troublesome computation of the potential due to alternate 
positive and negative charges was made by Madelung, but cannot be 
reproduced here. The result is that the potential energy per ion bond 
is —0-2905(e?/r). We therefore put 


— — 9.2905 % + 8 
u = — 0:2905 — + + e 2 2 s ey (35) 


If we make a graph of this potential energy function in terms of the 
distance r, we obtain a curve having a minimum, since the negative 
term preponderates for r large, the positive term for r small (fig. 2). 
According to the laws of mechanics, this minimum corresponds to the 
equilibrium distance ro. But the minimum condition du/dr = 0 can 
be interpreted also to mean that the force—which is obtained by 
taking the potential gradient—vanishes at the equilibrium distance; 
i.e. the forces of attraction and repulsion are of equal magnitude. 
This serves to determine 8, for 


— 0-2905 = ie 0, 
i) 


ro: 10 
whence S= ; (0-2905) e*7,8, eotiotwetan «Nae? 
and thus, in general, 
io ooone(t — 1 ro° : 
u=—O0- 905e y. 97 ° ° e ° (37) 


We obtain the total potential energy of the lattice in the position of 
equilibrium (r = 7) in the following way. In the NaCl lattice, six 
bonds connect each ion with the neighbouring ions of opposite sign. 
Since we count each bond but once, we may consider only the ions 
of one sign, say the Nat ions. The lattice contains L Nat ions per 
mol, so that the energy of each pair must be multiplied by 6Z2. We 
then obtain the lattice energy per mol as 


ty = — LBL. eet ce 


0 
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Using the fact that r,—a/2 and employing equation (34) (p. 574), 


we have 
ie 
u,= — BAT x oa 
; My,+ Ma 


» 0 © (39) 
nee 
== Jp ea 
Uy 547 x 10 aie | 
where the energy is expressed in calories.* This lattice energy, valid 
for all salts of the NaCl type, is negative, since energy is liberated 
when the oppositely charged ions approach each other. This is then 
the work which must be done to separate the parts of the lattice and 
scatter them infinitely far apart. It is not equal to the heat of vapori- 
zation, for in that case the lattice is converted into molecules. 


in general, 


(c) The compressibility of polar crystals 

The potential curve shows why a crystal resists changes in volume. 

As soon as the distance between two ions is increased from its equili- 

brium value, a large increase in potential energy occurs, so that a large 

amount of work must be expended. The force per ion pair is 
ere 


<e. we + (40) 


= — 0-2905 - + 02905 


This force vanishes in the equilibrium position. We develop # m a 
Taylor’s Series at the point 7) and obtain 


dF me, 2 2 10r° = 
TO tage Fg) 1 + = = OE e oe) Ty) - 08 
2-324¢e? 
<a (ry — 1%). +2 e (41) 
0 


The work done by the internal forces when one mol of crystal is so 
compressed that all interionic distances are changed from 7p to r is 
W=6L [ Fdr=—6 x 234 2 f(r —r)dr 
To nee To : 
Le? (r — 9)? 
a 


The negative value shows that work must be supplied from without. 
But the work done by the internal forces is given by the integral 


£ pdv. 


* The lattice energy is usually expressed in cal/mol, since it represents & chemical 
heat of reaction. 


= —13-94 - (42) 
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Since the pressure is zero at the start and P at the end, we obtain 
an approximation to the integral by multiplying the total change in 


volume by the mean pressure P/2. But according to equation (33) 
(p. 574) the change in volume is given by 


La 
AOA io) = A(2Lr8) = 6Lr,(r—7). + (48) 


Equating the two expressions for the work, 


13-9 tLe P 
a: 278 (r — 19)? = 6Lry?(r — 19) yp *« (44) 
from which 
P 13-94e2(r—19)_ == '13-94e*Av ——_—13-94e*Av sd Av 
a 6r9° — ole ie 1840 ik 


and the compressibility « becomes 
_ 18%! _e 18) 4 — 3. 1?q4 AB 
K = 75.948 = 9°60 X 10 7° = 9100 San a. e ( ) 
This relation is very well substantiated experimentally, but it should 
be noted that the inverse tenth power, which has no other basis at 
present, is fitted to the compressibility. 


(d) Qualitative explanation of the thermal expansion of crystals 


The thermal motions of the particles constituting a crystal can 
consist only of vibrations of these particles about the equilibrium 
positions to which they are bound. When an atom is in the position 
of equilibrium it is subject to no force, but as soon as it leaves this 
position, restoring forces arise which, by equation (41), are propor- 
tional to the displacement r — 79, and so give rise to harmonic vibra- 
tions. This proportionality between force and elongation, however, 
represents only a very rough first approximation. If we consider the 
potential curve (fig. 2, p. 575), we see that for larger displacements, 
where the higher terms of the power series must be taken into account, 
the forces become unsymmetric, since the curve is much steeper on 
the approaching side than on the receding side. Hence if an atom has 
@ given amount of kinetic energy when it passes through the position 
of equilibrium, this will become equal to the potential energy at a 
smaller distance from the rest position on the near side than on the 
far side. This means that the reversal of motion will take place sooner 
on the near side. On the average, then, the distance between two 
atoms will be increased, and this is the reason for the thermal expan- 
sion of crystals (cf. Ex. 40, p. 103). 


CHAPTER XXXV 
Tur CLASSICAL STATISTICS OF BOLTZMANN 


1. Entropy and Probability. 


We wish now to treat molecular phenomena somewhat more ab- 
stractly by starting from a perfectly general relation which bridges 
the gap between thermodynamics and statistics, and deducing from 
it a large number of consequences. 

From the example of the diffusion of two gases through each other 
—a process involving an increase of entropy—we recognize that there 
must be an intimate connexion between the entropy of a system in 
a given state and the probability of finding it in this state. If an urn 
containing equal numbers of white and red balls is thoroughly shaken, 
the probability of finding a practically uniform mixture is enormously 
greater than that of finding only white balls in the upper half and 
only red balls in the lower. Thus the probability has increased to a 
large extent in the process of mixing; this is equally true for the 
diffusion of two gases, for which this model is intended. Is it possible 
to formulate this relationship mathematically? The entropy of two 
completely independent systems—e.g. 1 cm.’ of oxygen at standard con- 
ditions in London and 1 m. of hydrogen at a pressure of 10 atm. 
and a temperature of 300° abs in Manchester—is, according to the 
definition of entropy as an additive quantity, equal to the sum of the 
separate entropies, if we consider the two systems as a whole. The 
probability of finding both systems at the respective given conditions 
is, by the law of probability for independent events, equal to the pro- 
duct of the separate probabilities. We thus have 


Sa es Pe) 
Wi= WiWs «© © + © » & (2) 
What function satisfies the condition that 
f (2%) =f (ti) +f(@2)? se es (3) 
Obviously the function k log is appropriate. We therefore take 
S=klogW. .-- ++ (4) 
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This is the celebrated Boltzmann Relation—one of the most impor- 
tant equations in physics. We shall find later that the factor of pro- 
portionality & is the “gas constant per molecule” R/L. 

How is the probability of occurrence of a thermodynamical state 
to be expressed? The probability of an event is usually defined in the 
Theory of Probability as the ratio of the number of cases favourable 
to the occurrence of the event to the total number of possible cases. 
This probability has a maximum value of unity, corresponding to 
certainty. In thermodynamics, however, it has been found more con- 
venient to take simply the number of favourable cases as the measure 
of thermodynamic probability. Thus the thermodynamic probability 
is a large number. 

In counting the number of cases favourable to a given thermo- 
dynamical state, the expression N! (“N factorial” = N(N—1) 
(N—2)....1) occurs, as in other branches of combinatorial analysis. 
Since we deal here with numbers of the order of magnitude of J, 1.e. 
1078, the evaluation of N! would be out of the question. 

Fortunately, however, there is an approximate formula due to 
Stirling which gives a good approximation when WN is large. If we 
write 

log N! = log1 + log2 + log3 + log4 +... logN, 


we may. look upon the series as a sum of rectangular strips whose 
breadth is Av=1 and whose height is logx. When z is large the 
intervals of unit width may be regarded as differentials, so that the 
sum may be replaced by the integral , 


N 
f logrda = [x logx — 2],” = N logN — N + 1. 
1 


Neglecting 1 as compared with N and taking the antilogarithm of 
both members, we have the useful approximate formula for large 


values of N:* 
: N\*? 
N} FY J): ° e e e e e » (5) 


2. Calculation of the most Probable Distribution of Density in an Ideal 
Gas. 


We shall calculate the thermodynamic probability and its maximum 
value, corresponding to the state of equilibrium, for the density dis- 
tribution in an ideal gas. Here we already know the result: at equili- 
brium the density must, of course, be the same at all points. Although 
the case is trivial, it is—on account of its simplicity—suitable as 
an explanatory example of the method of computing probabilities. 


* Stirling’s Theorem states more exactly that log(Nl) RY (N + }) log N - N + 
log (2), the error being approximately J /(121’). 
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In the thermodynamic, macroscopic sense we characterize a given 
state by giving the density as a function of position. But for an 
observer capable of seeing and distinguishing between individual 
molecules, a given state would be defined only by stating the co- 
ordinates of each molecule. It is clear that any particular “ macro- 
state ” can be realized by a large number of different “‘ micro-states ”, 
for the interchange of two molecules does not alter the density dis- 
tribution in the least. We therefore look upon the number of micro- 
distributions corresponding to u given macro-state as a measure of the 
probability of occurrence of the thermodynamic state. In order to com- 
pute this number, we divide the volume into a number of equal cells 
of volume Ar. The density is then given by the ratio of the number 
of molecules N, in each cell to the volume of the cell. The cells are to 
be small, but nevertheless large enough to include a great number 
of molecules, so that the density N,/Av remains a continuous function 
of position. If we were to make each cell of the order of magnitude 
of the average space available to a molecule, we would notice relatively 
large discontinuities in density from cell to cell, according as 0, 1, 
2,3... molecules happen to be in each. 

Let the cells and the molecules be numbered, and suppose that 
the molecules are thrown into the subdivided volume much like a 
handful of glass beads. Since the cells are all of equal size, it is equally 
probable whether a molecule X falls into the cell y or the cell z. That 
is, the division into equal cells has assured equal a priors probability 
of the cells, as it is usually expressed. This equal a priori probability 
is not disturbed if there are already several molecules in a cell; it is 
assumed that there is sufficient room for others.* Thus, in order to 
compute the thermodynamic probability, we need only count the 
number of ways in which N molecules can be distributed among Z 
cells in such way that there are N, molecules in the ith cell. How 
often this state can be produced is best seen from an example. Let 
the following distribution be given: 

Cell: if 4 5 

Number of molecules: 1 0 3 

Such a distribution of ten molecules among six cells may be realized, 
for example, in this way: 

Molecule number: 1 2 3 4 5 6 7 8 9 10 

Incell number: 616565 33 5 6. 


Evidently there are as many micro-states as there are permutations 
of the cell numbers of the molecules. It is to be noticed that the change 


* This is exactly the point of difference between the classical statistica and a new 
form due to Fermi. Cf. p. 632, 
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in position of the molecules within one cell does not yield a new micro- 
state (or “complexion ” as it was termed by Gibbs and Boltzmann), 
for the micro-state is determined solely by giving the cell numbers. 
Thus the probability of the distribution is equal to the number of 
permutations of the lower row of the preceding table. If all the cell 
numbers were different this would be N!, but since, for example, the 
number six occurs four times, all permutations of these four numbers 
among each other are omitted. On account of the fourfold occurrence 
of the number six we then have only the 1/4! part. In general, 


NI Mu 
iw. a Oe 


Applying the Stirling approximation and remembering that 2N,= N 
we have 


W= 


V4 bi ' 
W gai a ee 


We now introduce f(t), a density function of the cell index, defined by 
N; = f(HAr, = Sf (Ar. 7“ ee © @ @ (7) 


As long as all the cells have the same volume, we can omit the sub- 
script on Ar. The entropy then becomes 


S=k(N logN — XN, logN,) = k(N logN — Xf (2) At logf (2) 
—Zf(v)ArlogAr) . . (8) 


The equilibrium value is characterized by the vanishing of the first 
variation: 


—3S = 0 = LSf(i)Ar logf(i) + DSf(i)Ar + VSf(i)ArlogAr. (9) 


It is to be remembered that an auxiliary condition is given by the 
fact that the total number of molecules is to remain constant: 


UfliAr=N, ie. DSf(Ar=0. . . . (10) 


The variations of the distribution function are therefore not arbitrary; 
equation (10) must always be satisfied. If we apply the method of 
undetermined coefficients (p. 115), multiplying equation (10) by a and 
adding it to equation (9), the coefficients of the variations may be 
set equal to zero separately, and there results 


logf(t) + a+ 1+logAr=0 or f(t) = const. (11) 


As expected, the most probable distribution is that of uniform density 
throughout. From equation (10), the value of the constant turns out 
to be N/V, where V is the total volume. 

The division into regions of equal a priori probability is too narrow 
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a limitation. In many instances, e.g. in the distribution over the sur- 
face of a sphere, a division into zones of equal size is quite impossible; 
moreover, in quantum statistics it often happens that the individual 
cells must be given different a priori probabilities (weights), which is 
naturally equivalent to making the sizes of the cells different.* How 
are we to proceed in this more general case in which each cell has 
a volume Az, of a priori probability g;? In any case, we set the total 
weight G', equal to the cell volume multiplied by g;. If the distribution 
is such that one of the cells has twice the volume of any of the others 
(which have equal volumes), the probability that a molecule a should 
fall in this cell will be doubled, as will that for molecules b and c. Then 
the probability that all three molecules fall in this cell is the product 
of the individual values, and so increases to 2°. In general, the factor 
to be applied to a combination in which N, molecules fall in a cell 
having a weight G, is G;“*. Thus a combination in which there are N, 
molecules in the first cell, N, in the second, &c., has a factor GG". .., 
and we obtain 
Wiig + _ Nena NATIG,fO4% 19 
W= Tw = TINP = Tango +) 
S = KN logN + Xf(2) Ar, logG, 
— Xf (t) Ar; log f(t) — Bf (v1) Ar; logAz,]. . (13) 


The calculation of the most probable distribution is carried out exactly 
as in the previous example. We have immediately 


88 _ 9 = ESf(i)Ar, log G, — B3f(s) Ar, logf (i) — ZSf(i) Ar, 


k 
— x bf (2) Ar; log At, 2. 26 (14) 
with the auxiliary condition 
oN = >» df(t) Ar; => 0. ._ 2©« © @¢ @ (15) 


Multiplying by —a and adding equation (14), we obtain 
logG, — logf(i) —1—logA7; -a=0, . . (16) 


G, 


or CO Ba pee. Glos Me? Cl 


Since Uf (i) Ar, = N, the constant is N [XG,, so that the most probable 
distribution is represented by the function 
NG, Ng (18) 


— 
e e e e 


fo) ™ Ar iG, i Lg: At, 


sd instances the a priori probabilities have been obtained in such manner 
that Hiteee sion with pea ee aa realized after their introduction, so that here 
we are really dealing with weights deduced from experience—a posteriori probabilities 
—-whose firmer theoretical foundation (and hence transformation into true @ priori 
probabilities) must be left to further developments. 
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With equal a priori probabilities g, = 1, the result is 


fW=s0 => eb ae 


Thus even if the cells differ in size, as long as they otherwise have no 
special a priori probabilities, the most probable distribution is that of 
uniform density. 


Ex. 128. It follows from the formule of p. 580, that, if a paramagnetio sub- 
stance could exist in an unmagnetized state at absolute zero (this is denied by 
the Nernst theorem), its entropy per mol would in the simplest case be greater 
than in the magnetized condition by Rlog2. Deduce this result statistically, 
remembering that in the simplest case only the orientations parallel and anti- 
parallel to the field are permitted. 


3. Representation of the Distribution of Position and Velocity by means 
of Phase Space. Liouville’s Theorem. 


We wish to know not only the position, but also the distribution 
of the velocities of the gas molecules in the state of equilibrium. In 
order to compute the probability of a given state, it is nataral to seek 
to apply the procedure of the last section to this more complicated 
case. To do this, we need only replace actual three-dimensional space 
by a hypothetical six-dimensional space in which the co-ordinates of 
a point are the three space co-ordinates of a molecule together with 
its three velocity components.* Thus every molecule in actual three- 
dimensional space has a representative point in this six-dimensional 
space. One might raise an objection to this procedure. In ordinary 
space it is immediately evident that the a priori probability of a cell 
is proportional to its size, but how can we be certain about the a priori 
probability of a cell in the hyperspace? If, instead of taking the velocity 
components, we choose the general momentum components p, (cf. 
p. 121), the space built up of the position co-ordinates g, and the 
momentum co-ordinates p; is called a phase space. For this space it 
can be shown that the cells of equal a priori probability are ot equal 
size or—what is the same thing—that the a priori probability of a 
cell of phase space is proportional to the size of this cell. For if we 
consider a volume element Az of this space, representative points will 
enter and leave through the bounding surface of the element, and we 
can compute the ‘“source-strength” (divergence) for the element 
exactly as in the three-dimensional case. If 


7 = G2, + 2a + a3 + Pils + Po@s + Prx@e, « (20) 


* For the present, we limit our considerations to monatomic molecules whose 
condition is uniquely determined by the position and velocity of the centre of gravity. 
For polyatomic molecules we have angular co-ordinates and velocities also, 
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the velocity C of a representative point is 
C= Cie, + Ce, + Cre; + C,e, + Cre; + Cre, 


d 
— Be, + Be, + Be, + Be, + Me, Be, (21) 
Choosing a small six-dimensional cube as the element of volume, we 
have, exactly as in the three-dimensional case, 
0) 4 20s 1 Wy 1 20 | 20, | 20, 
Om 99, O43 Op, Op, Ops 


6 dy 8 dg, 0 dqs 0 dp, 0 dp, 


- dp, 0 dps 
a ee one 27 dl ap, 


Now the molecules themselves obey the fundamental laws of mechanics, 
which we may write in the Hamiltonian form: 


div C= 


dt Ode dt 


whence it follows that 


dp, (0H Pats Ree > a. (28) 
k 


Op, dt  Oq, dt 


On account of this last equation, every term in (22) cancels out the 
other term having the same subscript, and so the entire right-hand 
member vanishes. Now the vanishing of the divergence of the velocity 
is characteristic of the flow of an incompressible fluid; if a given 
number of particles (in our case, representative points) occupy an 
element of volume Az, at a certain time, they will occupy another 
volume of equal size at a later time. Thus the relatiouship between 
two equal volume elements in the phase space is such that if one is 
occupied by WN, points the other is also filled with N, points. Since, 
with the passing of time, all elements of the phase space are traversed 
by the flow, all elements of equal size have the same a priori probability. 
This is Liouville’s Theorem. We have thus found a basis for com- 
puting the probability of a distribution in position and velocity. These 
consideration are not limited to a phase space of six dimensions, but 
hold for any hyperspace. 

A diatomic molecule may be visualized by means of a model having 
the form of a dumb-bell. The radius of influence deduced in the elemen- 
tary kinetic theory for spherical molecules is merely an average for 
various orientations of the colliding molecules. In the case of diatomic 
molecules we are concerned also with the orientation of the axis and 
the velocity of rotation about an axis normal to the figure aais, so that 
the appropriate phase space has a greater number of dimensions. But 
since Hamilton’s Equations hold for any two canonically conjugate 
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variables, regardless of how many degrees of freedom the system 
has, the Liouville Theorem concerning the equal probability of equal 
elements is always valid as long as the particles whose representative 
points move in the phase space follow the laws of mechanics. 


4. The Maxwell-Boltzmann Energy Distribution. 


We are now in a position to apply the method of § 2 (p. 580) literally 
to the phase space. By so doing, we can answer the question of how 
the total energy U of a system is distributed among the individual 
particles. The total energy of an ideal, monatomic gas, for example, 
is made up of the kinetic energy of translation of all the atoms. How 
is this energy distributed among the various atoms? Do all atoms 
move with the same speed, as we assumed for simplicity in the pre- 
ceding chapter? A definite energy u(1) corresponds to each cell of the 
phase space; this is the energy possessed by a molecule whose repre- 
sentative point falls within this cell. For generality, assume that the 
cells are of various sizes. Then, by Liouville’s theorem, each will have 
an a priori probability proportional to its size. If, as in § 2 (p. 582), 
we again define a distribution function f(t) by NV, = f(«)At,, the prob- 
ability becomes NYA S04, 


W= tpwar Or? ee 8 8 @ (25) 


and the entropy is 
S= KN logN — ki f(i)Ar, logf(i). .« « « (26) 
The maximum value of S is to be determined under the auxiliary 
conditions that both the number of particles and the total energy U 
are to remain constant. The former condition may be stated 
N= 2Xf(i)Ar, io 5N= DSf(i)A7,=—0. . (27) 
The energy of the particles whose representative points lie in the ith 
cell of energy w(+) is obviously N,u(2), so that the total energy is 
uu(s)f(r)Ar,, whence dU = Lf(s)u(r)A7; = 0. ~_ (28) 
The variation of the entropy again leads to the expression 
5S ; : . 
os 0 = LSf(r) Ar, log f(s) + BSf(r)Ary  . (29) 


If we again apply the method of undetermined multipliers by multi- 
plying the first auxiliary condition by a, the second by £, and adding 
the resulting equations to (29), we obtain 


log f(t) + l+a+t Puli)=0, . . « « (30) 


or setting e °*? = 4 


3 


[Ol = 1 eee es 
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The constant * A, which is connected with the multiplier a, is again 
determined from the total number of particles, for 


= ee) 32 
so that ; mt 
Nem 


IO) = S=mOR, @ see © veyeee (33) 


The sum appearing in the denominator is called the partition sum of 
— system. We shall set this extremely important quantity equal 
Oo: 


c= > aes ee fF @ @ (34) 


To determine the multiplier 8 we must return to the entropy. Putting 
in 


foatemo sce + « AD) 


the entropy becomes 


$= EN logN — KE Xo Ar, (log — Bult) — logo). (85) 


On account of (34), and since 


Me uli) Ari= U, see ee (36) 


our expression simplifies to 
S=kBU+kNlogo. . « « « « (37) 


If S is given as a function of U and V we obtain L by differentiation, 
according to p. 526: 
a= (55 ee a er, 


fT \o0/, 
Further, equation (36) shows that U and f are functionally related 


so that 
aS\ dS/ap\ _dS 1 
(55), 73 (50 Sa <a), a 
ap 


v 


* In comparing the present application of the method of multipliers with that on 
p. 115, where the quantities denoted there by A were functions of z, one may question 
the constancy of « and f. In the earlier example, the auxiliary conditions were given 
as functions of x, and are to be satisfied for any value of x. Here, on the other hand, 
two simple equations are to be satisfied—equations which no longer contain the cell 
subscript, since it was removed by the summation process. 
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Carrying out the differentiation, we have by equation (37): 


dS oU . kN do 
eo OF oe eee -_ e@ @ (40) 
and from (34), a = —Lu(tje PO Ar, = — = o «  oameeea) 


Hence, by (39) there remains 


or B — LT’ e ° ry . » e ° (42) 
The distribution function then becomes 
Ne—“@urT 


fA De-MORT AT, (43) 
This is the celebrated Maxwell-Boltzmann Law of Energy Distri- 
bution. In the next section we shall learn several of its applications. 

Having determined 8, we obtain a simple thermodynamical inter- 
pretation of the quantity 0; putting the value 1/kT for B in equation 
(37), there results 


U 
S = pt kN loge. 


However, the dimensions are not yet correct in this formula. As is 
seen from equation (34), o has the dimensions of a volume of the phase 
space. On the other hand, the argument of a logarithm must be 
dimensionless. Now, in the classical thermodynamics S is determined 
only to an additive constant, so that we are at liberty to add con- 
stants to the right member in order to make its dimension zero. Such 
a constant is —kN log Ar, where Ar is, say, an arbitrary measure of 
the volume of the phase space element. Since the product of a position 
co-ordinate by a momentum co-ordinate has the dimensions of energy 
X time, which we call action, [hf], Av has the dimension [A]* if 
there are s position co-ordinates. If we combine this added term 
with the term kN logo, we see that the unit of phase space volume 
must be taken to be [h]*, where the magnitude of [h]* is still unde- 
termined. But the Quantum Theory will show that [/] has a perfectly 
definite numerical value. We must therefore write 


U o 
S — T -+ kN log [A]* e e e e s (44) 
Then the free energy becomes 
F=U—TS=—KNThg—. .. . (45 
g [h]* ( ) 
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6. Applications of the Maxwell-Boltzmann Energy Distribution. 


(a) Halley’s Law and the equilibrium of sedimentation 


Assume that the energy of a particle of mass m depends only upon 
one position co-ordinate. For example, let the particle be in the earth’s 
gravitational field and have a potential energy mgz. Then, if we take 
as cells the parallelepipeds of base unity and altitude Az, the number 
of particles between the levels z and z + Az is given by (43): 

AN (z) = ere ad eee. . ees) 

or the density is given by 
AN N —mgz/kT 
. Var 


v4 oO 


oe 3 CH 


Instead of the function o we introduce here simply the density po at 
the level z = 0, obtaining 


ee ae are 


This formula includes the Halley formula (p. 192) for the varia- 
tion of density (or pressure) with altitude in an isothermal 
atmosphere, for if we replace py in the exponent of equation (4) 
(p. 192) by the value M/vg—where M is the molecular weight— 
and if we use the relation pjv)—= RT, the exponent becomes 
identical with that of equation (47), since it will be shown later that 
M/R= m/[k.* 

This formula is valid also for the distribution of visible colloid 
particles. If, for example, we are dealing with a mastic emulsion in 
water, the mass m is to be replaced by the actual mass of each particle 
minus the hydrostatic buoyant force. This means that in an emulsion 
of this kind the number of particles must decrease exponentially with 
the height, and this is actually observed. Thus, if the masses of indi- 
vidual particles can be found in any way, the counting of the numbers 
of particles at various levels will serve to determine the Boltzmann 
constant k&, and hence the Avogadro constant L by means of the re- 
lation k= R/L which will be derived below. 


(b) Angular distribution of the axes of elementary magnets in a 
magnetic field 
It is now possible to justify the formula used on p. 455 for the 
distribution of the angle @ which the axis of a dipole makes with the 
* Inasmuch as the temperature is assumed to be the same at all points, the dis- 


tribution of velocities can have no effect on the distribution of particles in altitude, 
eo that the statistical calculations for the z-00-ordinate may be performed separately. 
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field. The potential energy of a small magnet of moment p in a field 
H is given by : 
“L.= —pH cos 6. .- 6© © e© @ « (48) 


The phase space is, in this case, the surface of a unit sphere upon 
which we can mark the several axial positions by points. The division 
into cells is best made by taking zones between the angles 6 and 
6-+- A@. These zones, however, are not of equal size, since their areas, 
for equal intervals AO, are proportional to sin@ A@. We then have for 
the number of magnets whose axes make an angle with the field which 
lies between @ and @ + A@: 


Qa eT oR? gin 8 AB 
—————— 


AN ~. s oe 


Since there is no restriction on the size of the intervals in classical 
statistics, we may make them so small that the sum may be replaced 
by an integral. Hence in the denominator we have 


a= 2n [ “Peon nods. . . . . (50) 
) 
The rest of the computation has already been carried out on p. 456. 


(c) Distribution of velocity in an ideal gas 


We now investigate the distribution of the velocities of the mole- 
cules of an ideal gas, limiting our considerations to the translatory 
motion of the molecular centres of gravity. Any rotational motions 
of polyatomic molecules about their centres of gravity will not be 
considered. These rotations can have no effect on the distribution of 
translational velocities, so that the results hold not only for monatomic 
gases, but for any molecular structures. The momenta are, in rect- 
angular co-ordinates, 


Pu= ML, Py= My, py = mz, i.e. p=mVvi+ P+ A= me, (1) 
and we have 


1 2 
us dnd = 5 (pt+ pit p=E. . . (62) 
The number of molecules whose centres of gravity lie between « and 
a+ Av, y and y+ Ay, z and z+ Az, and whose momenta are 
bout Pz and pz + Ap,, py and py+ Ap,, p, and p, + Ap, is thus 
given by 


N —(put a 3)/2m, 
AN = — ¢ (otha t ReDim? Ax Ay Az Ap, Ap, Ap, (83) 
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Dividing both sides by the element of volume, we obtain the number 
An of molecules per cubic centimetre whose momenta lie between the 
given limits. If we again replace the summation by an integration 
the denominator becomes 


= a tes ee em (Pa +by'+h,"2mkT dn dp, dp, = VI®. (54) 


The integral J, which occurs here three times—with different variables, 
but of the same form—cannot be evaluated as an indefinite integral 
in terms of elementary functions, but the definite integral between 
the limits —oo and + can be computed with the aid of a simple 
artifice. Set 


Taaep = & dp,= V2mkT dé. «. « © (85) 


The integral is then 
+o 
1=V%mkT [ e~Mdé. «we + (86) 


If the same integral is now written with the variable of integration 
and multiplied by the integral in ¢, we obtain 


+a +a 
I= ImkT [ e-Pde fed 
+0 cto 
= ake f fo e@dedn, —. « (8T) 


Now the double integral is readily evaluated in polar co-ordinates: 
If we allow the polar angle to go from 0 to 27 and the radius vector 
trom 0 to «, the plane will be completely covered, just as if the rect- 
angular co-ordinates € and 7 were allowed to vary between the limits 
—oo and -+oo. Hence 


[= demi? [ e-** pdp = —2amkTle"Ip = 2nmkT. (58) 
0 
Then o= ViamkT)?, 2. . + w (69) 


We are less interested in the distribution of the components of the 
momenta (or of the velocities) than in that of the magnitudes. If the 
momenta are represented as radius vectors, we inquire how many end 
points fall in the region between r andr-+ Ar, Obviously, this number 
is obtained by adding all the points in the individual elements 
AzAyAz included within this shell. This summation is very simple 
since, according to (53), the density of distribution depends only upon 
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pat + py? -+ p.2= p*, and so is constant over the surface of a sphere. 
We thus have the sum given by the distribution function multiplied 
by the total number of elements contained in the spherical shell of 
this momentum space, i.e. simply the distribution function into the 
volume of the spherical shell: 


NeW P°2mkT  darp?Ap 


At =e 2 e ° 6 


(60) 


If we express p in terms of c and also set N/V = n we obtain the final 
formula 
A 4. 2 —me*j2kT A 
= = ia = f(c) Ac. . 28 e@ (61) 
va) 


m 


The distribution function f(c) is plotted in fig. 1 for the case of 
nitrogen. Since this function vanishes at c= 0 and at c= ©, it must 


[seared 
500 1000 "Year 
Fig. 1 


have an extremum at some point. In order to locate this extremum 
—which, in this case, is a maximum—we introduce the notation 


QkT : 
a=) se als Sy ees 


for convenience. Setting the first derivative equal to zero gives 


dc a8 4/a a5 4/c 
from which és a oe ce eo Coe 
m 


This may be termed the most probable molecular velocity. More- 
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over, we also wish to compute the mean velocity. This is given by 

4 
a3 / 7 

2a iy 


eee ? — oo? = 2a mee 2a ae 
= Tad xe d(at) = — 7 | ae ear 2a da 


2a 2 
— > Va Cn 1-128 Cm: eo « © « «' ©) « © 48 (64) 


Finally, the mean square velocity is 


_ an ee ae 
C= — dchAn= fl ee do — f gre-@' dz 


oe 2 = z: PM iss __ 20? . — oo 2 
c= zedn= a7, f ofe do= = abe @ d (x*) 


2 Co 20 i : @ 
ar [eee]. + ~ i ze-*' d{a*) = — = [ze*"] 


= Bey VES VD 6 eee ees (65) 


We have thus derived the relation between average velocity and root 
mean square velocity which was given without proof in Chap. XXXIV. 
(d) The equation of state of an ideal gas; Boltzmann Constant and 

Gas Constant 


If the value obtained above for the function o of an ideal gas is 
inserted in the equation for the free energy (p. 588), one obtains 


F=—KNT log 7m ENT log{V (2umkT)*?}+ KNT log{h}. (66) 


Using the second equation of (34) (p. 527), viz. 


OF 
i eons) 655.8. CoS 67 
P OV nt ( ) 


we obtain a eles 


or for one mol (N = L), 
po=kLT=RT. - ++ + es (69) 


Therefore, as already mentioned, k is the gas constant per molecule: 


; 7 
k= = = S518 x 107 ergfiogine = 1-380 x 10-"* erg/deg. (70) 
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(ce) Osmotic pressure 


On p. 547 this phenomenon was treated from a thermodynamic 
point of view. It is possible to attain the same result by a statistical 
approach. 

Unlike the pressure exerted by a gas, evident as the result of mole- 
cular impacts with the walls, osmotic pressure is less readily visualized. 
We can think of the membrane as a field of force affecting only the 
molecules of the solute—an assumption not in the least artificial since, 
in the last analysis, the effect of the walls of a vessel of gas is deter- 
mined by the field of force of the molecules constituting the walls. 
This assumption is particularly apt in the case of a membrane, for there 
must be a certain thickness of membrane material within which the 
selective permeability comes about. A particle approaching the wall 
will then obtain a potential energy u which rises sharply toward in- 
finity as penetration occurs. The force exerted on the particle by the 
- wall is given by 
F = —gradu, o eeietre ewes (ay 


Inasmuch as u increases as the particle approaches the wall, F must 
be directed into the solution, and according to Newton’s Third Law 
the particle exerts an equal and opposite force on the wall. Quali- 
tatively at least, the situation is the same as for the phenomenon of 
gas pressure. It remains to show that the gas laws actually hold for 
osmotic pressure. 

For the present, assume that equilibrium has not yet been reached 
on the solution side. In this condition the full pressure excess does not 
yet exist on the solution side, and the force field of the membrane 
repels the particles. Now, it is known that when a molecule or an ion 
moves in @ liquid, viscosity causes some of the solvent to be dragged 
along (see p. 419). The liquid thus streaming away from the membrane 
is replaced by fresh solvent which passes through the membrane, for 
no barrier exists in so far as the solvent is concerned. The solvent 
streams in until the pressure excess equals the osmotic pressure. At 
equilibrium the Boltzmann distribution law holds, which means that 
the number of particles of energy u in each cubic centimetre is given by 


n= Nyet!* Tr, ee es e e @ @ ( i 2 ) 


Here my is the number of particles per cubic centimetre at a point in 
the solution far from the membrane. The force on an element of volume 
of the solution containing n particles of energy u per cubic centimetre 
iB 


fav = nN grad U dv, *. 8© @ © @ (73) 
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It follows from (72) that 


grad n = — ewer grad u = — iw gradu. . (72’) 


Substituting into (73), the resulting expression for the force per unit 
volume becomes 


f2=iieeds. ...--- (7) 


According to the fundamental hydrostatic equation (p. 191), we have, 
at equilibrium, 
gradp=f=kT gradn. . . - «+ « (75) 


p=kTn+p, + + + « + + (76) 


where , is the pressure corresponding to » = 0, i.e. the pressure on 
the solvent side. The osmotic pressure is p — Pp. If one mol of solute 
+3 dissolved in a volume v of solution, then » = L/v and 


kL RT 
Posm a oe T aaa eo e e e ° ° (77) 


Integrating, 


Thus we have deduced the van’t Hoff law (p. 547) on a statistical basis. 


6. The Law of Equipartition and its Application to the Specific Heats. 


The energy of a single particle is, in most cases occurring in prac- 
tice, a homegeneous function of the squares of a number of position 
or momentum co-ordinates to which we give the unified designation 
4, Lg. ay. The total number f of parameters upon which the energy 
depends is called the number of degrees of freedom. This is unlike 
the usage in mechanics, where the number of position co-ordinates 
alone was called the number of degrees of freedom of the system. 
Under the condition that we have a homogeneous quadratic energy 
function, Euler’s theorem (p. 531) is valid: 

Ou Ou 


Ou 
L. —t+ Se ee Qu. eee 
OX, "255, a Sole, (78) 


Passing directly to integration instead of summation, the total energy 
of the system is given by 


wf ff fi .certituday dry dey. dor _ NZ 


— 
= 


a ee LL f [e-em taadnndes- day o 


(79) 
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The numerator Z may be transformed with the help of Kuler’s theorem. 
We have 


aD fff f...e-mra, PY dade... dey 
1 


Ou 
—u/kT 
+ ff ff. gag, UU 9 Oy 
Ou 
—ul/kT 
+...+ [fff --.e By 5 as ae (80) 
In the first integral we integrate with respect to 2, by parts: 
Ou 
e~WhT y, — day = —KkT [xye-“*T] + kT [e-“*T da, (81) 
fers, Tn [% i 


In general, the limits are —o and -+co—at any rate, there are two 
limits of equal magnitude in x, but of opposite sign. Then, since 
u is proportional to z,?, the bracketed expression vanishes when the 
limits are substituted, so that only the integral remains on the right 
side. Substituting this in (79), the first term yields kT'c. If we proceed 
in this way with every term, we obtain 


2Z = fi kT CG. e © @ © e© @ @ (82) 
Hence 


y= UM pa. e © «© @ © @ (83) 


This is the celebrated Law of the Equipartition of Energy in classical 
statistical mechanics: Hach degree of freedom which enters quadrati- 
cally into the expression for the energy of the entire system contributes, 
on the average, kT/2 to this energy. 

This theorem may be verified in a simple manner by applying it 
to the calculation of the specific heats of gases. Since 


cy = (5 
od a T u e e a e e e s (84) 
the molecular heat becomes, according to (83), 


Lif fR 
¢ = Os caen 


Since R is approximately equal to 2 calories per degree, 
Cy wf. 


The degrees of freedom of a monatomic gas are the three components 
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of the translational velocity; the specific heat per mol is then 


 — “9? 6 eh see ete os (86) 


whence Cy — Cy R — 9 9 . s ¢ e . . (87) 
5 
d ae 
an Cy 3 e . ° t) ° ® ° (88) 


for any monatomic gas. These relations have been verified from the 
lowest to the highest attainable temperatures. 

‘As a model of a diatomic molecule we take a rigid dumb-bell.* In 
addition to translational energy, the molecule has rotational energy. 
The rotation, too, may be resolved into components about three axes, 
The rotation about the figure axis itself does not contribute to the 
kinetic energy, since the moment of inertia about this axis is zero; 
hence there are two additional degrees of freedom of rotation for a 
diatomic gas, and we have 


__5R on, Fh 
Cy ge oy ST eo 28 © © o& 8 (89) 


This relation is also generally valid at room temperature. Neverthe- 
less, it has been observed—especially for hydrogen—that the specific 
heat drops to the value for monatomic gases as the temperature is 
lowered. This does not agree with the Law of Equipartition. 
Molecules consisting of more than two atoms have three degrees 
of rotational freedom, so that as long as we consider such molecules 
rigid (internal vibrations absent), the specific heat at constant volume 


is given by 
a . 8 e ls (90) 


which holds for any such polyatomic molecule. 
‘As we saw on p. 575, the atoms of a solid body are bound to their 
equilibrium positions by quasi-elastic restoring forces. — Thus an 
atom possesses not only kinetic energy but also potential energy 
which, by the results of p. 577, is also a quadratic function of the posi- 
tion co-ordinates. This means that for an atom of a solid there are six 


* Tn reality the two atoms may also vibrate in the line joining them. The reason 
that these vibrations contribute nothing to the specific heat at ordinary temperatures 
will be seen in the next chapter. 
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degrees of freedom contributing to the energy, whence 


Cy = S ~] 6. . e e e ° e r (91) 


This is the same as the empirical Dulong-Petit Law of Atomic Heats. 
At room temperature this law is in general well obeyed—only the 
lighter elements (e.g. diamond) show departures. At lower tempera- 
tures, however, the specific heats decrease—as a matter of fact, to 
zero—which is what the Nernst Heat Theorem requires. But this 
decrease is also contrary to the Law of Equipartition. Thus it seems 
as if this law is valid at higher temperatures, but that at lower tem- 
peratures an ankylosis * of degrees of freedom takes place. This indi- 
cates that the classical statistics must be modified in some way. 


9. Fluctuations. Transition from Microscopic to Macroscopic Motion. 


If thermodynamical equilibrium, corresponding to the maximum 
. value of the entropy, is of a statistical nature only, departures from 
the most probable values are to be expected when very small regions 
are observed. For example, if it were possible to observe an element 
of volume containing but one hundred molecules we would observe 
relatively large fluctuations of density in this space; if but one addi- 
tional molecule should enter, the density would be increased by 1 
per cent. These variations in density are responsible for the scattering 
of light in the atmosphere. A knowledge of the theory of this scatter- 
ing makes it possible to calculate Avogadro’s Number from the spectral 
energy distribution of skylight. Again, imagine a small, movable 
surface element in the wall of a vessel containing a gas. Let the element 
be so small that but a few hundred molecules strike it each second. 
While the element would not respond to each impact separately, the 
likelihood of considerable pressure fluctuations is no longer small, and 
an irregular fluttering of the element is to be expected. This pheno- 
menon was discovered about a century ago by the English botanist 
Brown, but its nature remained unexplained for a long time. “If we 
observe very small, barely visible particles suspended in a liquid 
(colloid particles), these exhibit an irregular vibratory motion because 
of the fact that the impacts of the molecules of the liquid do not exactly 
balance at each instant, so that the particle is urged sometimes in one 
direction, sometimes in another. Looking upon the colloid particle as 
a large molecule, its kinetic energy must, on the average, be equal to 
kT/2, according to the Law of Equipartition. What we observe in 
the microscope, however, are velocities of much lower order of magni- 
tude, if we take the velocity to be the distance covered divided by the 


* Poincaré borrowed this very apt term from pathology to denote the “ freezing 
up” of a degree of freedom. 
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time. In reality, however, the velocity alters its direction so often 
that the observed motion is merely a smoothed-over version of the 
actual zigzag path. The path of such a particle is suggestive of a type 
of curve occurring in higher mathematics—a curve which is everywhere 
continuous but yet has no tangent. It is quite hopeless to attempt— 
say by cinematography—to ascertain the details of the motion in order 
to determine the actual mean kinetic energy. Rather, if we wish to 
give a theory of the phenomenon which is amenable to experimental 
test, we must consider the mean displacement instead of the velocity. 
Consider only displacements in one dimension. Let there be N par- 
ticles per unit volume between « and « + da at the time t = 0. After 
a given time 7 has elapsed, we consider a volume element of the same 
size at the point 2’. Particles not within this volume element at first, 
but now inside it, have entered from the neighbouring elements. The 
probability that a particle enter from an adjoining element is, of 
course, a function of the distance 2’ — 2, and the difference in 
time + of the two observations. Accordingly, we denote it by 
fe’ —a). The function f, includes also the case in which the 
particles were previously in the element «’ if we set 2 —x=0. 
Since the particles must come from some volume element, the 
density at «’ at the time 7 is 
+0 


N(w’, 7) = A N (a, 0)f,(a’ — 2)de.' . » » (92) 
Introducing the displacement X = 2 — 2’, 
Na, 2) =f ING! +X, O1f()4X. « « (03) 


The function f, is even, since positive and negative displacements are 
equally probable: 
f(X) = f,(—X). eeee%e (94) 


We now develop the left member in powers of 7, the right in powers 
of X: 
oN 


N(az', 0) +7 ae 
o 2 
=f" {we y+ x Ny yells... bymdE... (95) 


The derivatives ON /at, ON /oa . . . have fixed values for the time t = 0 
and the point 2’. On account of the symmetry of the function Tas 
the integral 


[OX feax 
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vanishes; further, since each particle which enters must come from 
some other element, the integral j 


f f@ax=1. 
Dividing by 7, we obtain from equation (95): 
1@N — 


ON lei! 2 = 3 
i Gal _Xf(X)aX= a 
The integral on the right represents the mean square displacement 
X?, since it is the sum of the squares of the displacements, each being 
multiplied by the probability of its occurrence. Now it is readily 
shown that the mean square of the displacement is proportional to the 
time interval of observation, so that X?/27 is constant: if we observe 
the instantaneous positions of a particle at equal time intervals + which 
are not too short, we may look upon the individual displacements as 
independent, on account of the random nature of the impacts.* 
After a series of p observations the resulting displacement is 


X®) = X, 4+ X,=X,+...X>5. °° e e (97) 
The square of the displacement is then 


(XP = (Xj4+Xp +... X= EXP + EXT, (98) 


If we now average over the displacements experienced by a large 
number of particles, the double sum will vanish on account of 
the equal probability of positive and negative displacements, and so 
we have 


(X@)2 = pX% wf wk (99) 


This means that after the time pr has elapsed we observe a mean 
square displacement of magnitude pX?, i.e. p times the value*corre- 
sponding to the time r. Thus X? is proportional to the interval of 
observation. 

Equation (96) is neither more nor less than the well-known dif- 
ferential equation of diffusion, which is analogous to the equation of 
heat conduction, concentration taking the place of temperature. 
Thus, if the concentration varies from place to place, a stream of 
particles will flow from the points of high concentration to those of 


__* If the observations are made too frequently, a given velocity of the particle will 
still persist after the instant of observation and so will affect the following observation. 


In a practical case, however, it is hardly possible to make observations at such short 
intervals. 
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low concentration. We set the density of this flow proportional to 
the slope of the concentration, ie. to —D grad N, or in the one- 
dimensional case, —D(0N /ox). The change in the number of particles 
within a volume element dz dy is due to the entry of particles from one 
side and the departure of particles from the other. At the point a a 


current 
oN 
(-? 35), 
enters and at the point x + dz the current 
(C D oN a 


Ox x+dx 


leaves. The excess of the number entering over the number leaving 
is the rate at which the particles are diffusing into the volume element, 
so that 


oN oN oN aN 


x 
Thus (cf. (96)) D —— oF ee ef © © @® @ @ (101) 


represents the diffusion coefficient of the particles. If the particles 
are in a field of force, e.g. the earth’s gravitational field, the Boltz- 
mann equilibrium distribution sets in. This is given by 


Nien eee ee « @ (102) 


If the force is constant, the potential energy is given by Fx, We may 
imagine the equilibrium to result from the motion of the particles due 
to the action of the force together with a diffusion current which seeks 
to satisfy (102). The velocity of a particle which is in equilibrium under 
the action of the applied force and viscosity is given by Stokes’s Law 
(p. 222): 

F 


Se 6n7a oe @ 8® «© 8 © (1 03) 


Vv 


where a is the radius of the particle and 7 is the coefficient of viscosity 
of the solvent. The density of this stream of particles is then 
NF 
ae ee # @ @ 0: 
8 on (104) 


But a diffusion current of equal strength flows in the opposite direc- 
tion, tending to keep the distribution of concentration constant. The 
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density of this flow is given by —D(0N/ex). Equating these two flow 
densities, 
ON NF 


a’ da ~~ 6xna" e e e e e e 


On the other hand, it follows from (102), for uw = Fz, that 


fa 


(105) 


Inserting this expression in (105) and using (101), we obtain the im- 
portant equation 


D 1 

kT a 62r7a’ e ° e e e e (107) 
or 

xX? kT 

+. == 3x70" e e e e e ° (108) 


This is a general expression for the mean square of the displacement 
of a particle.* 


* The above theory was developed by Einstein, and the final formula (108) was 
experimentally checked by Perrin and others. Consult A. Einstein, Ann. der Physik, 
17, p. 549 (1905); E. Bloch, The Kinetic Theory of Gases, English translation by P. A. 
Smith (London, Methuen & Co., 1924). Einstein also developed a formula for the 
rotational Brownian movement experienced by particles of irregular shape. This 
formula, too, was verified experimentally. This is discussed by Bloch, loc. cit. 


CHAPTER XXXVI 


Tur CiLassicaL QuaNTUM STATISTICS 


1. The Quantum Condition for the Subdivision of the Phase Space of 
an Oscillator. 


As we saw in § 6 (p. 595) of the preceding chapter, the Law of 
Equipartition leads to conflict with experiment when applied to the 
calculation of specific heats. The results are entirely incorrect when 
the theorem is applied to a volume filled with radiation (see p. 622). 
In connexion with this problem, Planck was led to advance the hypo- 
thesis, in 1900, that a simple, linear, harmonic oscillator can absorb 
energy only in integral multiples of a minimum quantity of energy 
which is proportional to the frequency.* Thus the energy possessed 
by such a system is always an integral multiple of the quantity hv: 


upon. oa se ee es » (LY 


The factor of proportionality, h, is the most important of all con- 
stants in atomic physics. It occurs universally, and is not connected 
merely with the linear oscillator, as might be inferred from the manner 
in which it was introduced. Its numerical value is 


h= 6-62 x 10-*’ erg sec. 


This constant is usually referred to as the Planck quantum of action. 
since it has the dimensions of action (energy X time). We encountered 
this constant for the first time in the theory of discharges in gases 
(p. 432). The greater the natural frequency v, the greater are the 
intervals in energy content, and the greater is the difference between 
the quantum theory and the classical statistics, where a continuous 
series of energy states was tacitly assumed. 

What is the significance of the Planck hypothesis for the phase 
space of a system consisting of oscillators? It is obvious that for an 
arbitrary division into cells there can no longer be equal probability 
for cells of equal size, for if we mark the points in which the oscillator 
has exactly the energy nhy, it will always be possible to find volume 
elements containing no points (i.e. elements whose probability is zero) 
+f the subdivision is arbitrary. Nevertheless, it is possible to preserve 


* M. Planck, Ann. der Physik, 4, p. 563 (1901). 
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the validity of the Liouville theorem by subdividing the phase space 
in a particular way. For the linear oscillator, which has but one posi- 
tion co-ordinate and one momentum component, the phase space is 
the pq-plane. The potential and kinetic energies are 


1 
2 2 
$fq? and ve p 


respectively. In an energy state in which the total energy is nhv we 
have the relation 


nhy = tha + =p =e 6 eee ey 


or 
aslo a MY 
ie ene age igs 
f 
This is the equation of an ellipse whose semi axes are 
Qnhv 


me and ~/2mnhv. 


This ellipse is termed the phase orlit, since the phase point traverses 
this path once during a complete vibration of the oscillator, as long 
as the energy remains constant. The area enclosed by the phase orbit 
is given by the phase integral (cf. p. 129): 


I= f pig = aba = 2anhv | es aed 


Since Se i iA 


Qa Nm’ 
this becomes 
BF — nh. ° . © © © 16ume (4) 


In the case of the oscillator, the Planck hypothesis leads to the condition 
that only those states occur for which the value of the phase integral is 
an integral multiple of h. This is the general formulation of the quantum 
condition. It is only by chance that for the oscillator this condition is 
equivalent to the energy condition; for other systems the two con- 
ditions are quite distinct. If we now draw the ellipses corresponding 
to n= 1, 2, 3... we obtain a division of the plane into elliptical 
rings, each of area h. If we ascribe to each of these rings the energy 
value corresponding to its inner boundary, the innermost ring has 
the energy 0, the next one lhv, &c. Thus we again arrive at a division 
of the phase space into elements of equal size; if all quantum 
states are looked upon as equally likely, each element has the same 
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@ priori probability and we can proceed as in the classical statistics. 

If the elementary particle has several co-ordinates, the condition 
that the phase integrals be integers holds for each co-ordinate, and 
the element of phase space becomes h’. Thus the value of the dimen- 
sional constant [h] introduced on p. 588 is determined. We write h 
for it in the future. 

The chief difference between the present procedure and the classi- 
cal statistics is that the prescribed division of phase space into cells 
of definite size no longer permits the replacement of the partition 
sum o by an integral, since the latter implies a continuous change of 
energy. We thus obtain for the partition sum of the oscillator (p. 587) 


c= hDe~mvikT — A(1 + e—hvikT + em ZAvikT + e7 ShvikT AA ey: (5) 


The sum of this geometrical progression is 


h 
ti er 2 +e els 8) 
This expression for o has important applications to specific heats, as 
will be shown in the following section. 


2. Temperature Variation of the Vibrational Contribution to the Specific 
Heats. 
(a) Diatomic molecules 

The two atoms which constitute a diatomic molecule are not 
rigidly connected to one another, but execute vibrations about their 
common centre of gravity in the direction of the axis of figure. The 
evidence for these vibrations is obtained from observations on band 
spectra (cf. p. 680). Why do not the two degrees of freedom of vibra- 
tional kinetic and potential energy contribute to the specific heat, 
which apparently comes out correctly when only the translational 
and rotational degrees of freedom are taken into account? The quan- 
tum theory furnishes information on this point. With regard to the 
vibrational contribution to the total energy, we can consider the 
diatomic gas to be a system of linear oscillators, since only vibrations 
along the axis of figure of each molecule are possible. We have already 
calculated the partition sum for an oscillator. The free energy of one 
mol of such oscillators is then (p. 588) 


f =—kLT logy = —RT logh + RT log(1—e7™"*7) + RT logh, (7) 


g 
h 
whence, by differentiation, 

R Te—WIkT hy 


Chis - eee SS 6 dis 
( a B log(1 — e ) (een "7 ar" (8) 
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The energy then becomes 


= of Rhve- IAT __ Rhy it 
u=f—T (Gn).= Ra — k(1— e-PIRT) 7 ie (gu iaT — 1) (9) 


For high temperatures, the exponential function in the denominator 
may be developed in a power series ending with the second term, thus 
giving 


cP Lak, ee 


But this is the value of the energy corresponding to the two degrees 
of freedom according to the equipartition of energy. The classical 
statistics remains valid when the temperature is high; at low tempera- 
tures the finite differences of the quantum states manifest themselves 
by the fact that their contributions are not as large as the classical 
value. The contributions vanish entirely for very small values of T, 
and this degree of freedom is “ ankylosed” (p. 596). It is evidently 
a question of the ratio of the temperature to a temperature © which is 
characteristic of the oscillator: 
hv 
© = k° e e ee @ @-.¢ e@ (11) 

We have 


Ou\ 1 © ee!T 
ae (r),= = RO =, er — Rn) - ‘(erp 


=Ro(7), ae a 


where we introduce the function 


== (e* — 1) ° (12a) 


For small values of 2, i.e. for high temperatures, the value of ® ap- 
proaches unity, while for large values of 2, i.e. for low temperatures, 
® vanishes. At room temperature (about 300° abs) the state of affairs 
is this: 
For «> 10, ®(z) < 0-005; © > 3000°, 
ie. v > 6-2 xX 108sec.! or A< 4:8 yu. 


For 2 < 0:5, O(x) > 0-975; © < 150°, 
ie. v< 31 X 10! sec.-! or A> Bm. 


The accompanying wave-lengths are those of electromagnetic waves 
of the given frequencies; these are measured spectroscopically as 
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the infra-red characteristic radiation of the system. Thus we see that 
an infra-red characteristic vibration whose wave-length is less than 
4°8 u is practically absent at room temperature. This is actually the 
case for diatomic gases. The function ® (z) steadily decreases from 1 to 0 
as w increases from 0 to 0. Hence, according to equation (12) there must 
be an increase of the specific heat as the temperature is raised. This is 
observed for HCl, in good agreement with the theory. If we insert 
in (12) the frequency corresponding to the infra-red characteristic 
vibration at A = 3-47 p, there results 


T Cy calc. Cy obs. 
1500° 6-41 6-45 
2000° 5-66 5-68 


2600° 5-82 5-90 


(b) The solid state 


If we represent the structure of a solid by atoms vibrating about 
centres of equilibrium, we must remember that there are three direc- 
tions of vibration; we used this fact in deriving the Law of Dulong 
and Petit. This means that one mol of a solid substance is equivalent 
to 3L oscillators, and we obtain for the molecular heat of a solid, 
exactly as above, 


@\2 ee/T 2) 
Co = 3R (7) (er — 1)? = 3R® () 5 ee (13) 


In this instance the characteristic temperature © is generally so low 
that all vibrations are fully stimulated at room temperature, and so 
the limiting value 3R holds for c,. Since the mass occurs in the de- 
nominator of the formula for », it is only for the lightest elements that 
the characteristic frequency is so great that the full value of c, is not 
attained at room temperature. 

These simple considerations give a good qualitative representation 
of the variation of the specific heat of a solid, but cannot be connected 
with an individual characteristic vibration. If we take several charac- 
teristic frequencies, we obtain so many free constants that the formula 
is merely of the nature of a good interpolation formula. It is evident 
that the assumption of a single frequency resulting from independent 
oscillators cannot lead to quantitatively correct results, for the oscil- 
lators are by no means independent. In fact, a disturbance applied 
to one lattice point is transmitted to the neighbouring points, for we 
are dealing with a system of coupled oscillators. The calculation for 
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this case is rather troublesome, but has been carried out by Born and 
Thirring for simple lattices.* 


Ex. 129. Determine, according to the conditions given above, the quantum 
levels of the rotational motion of a rigid dumb-bell (diatomic molecule) of 
moment of inertia J. Investigate the falling off in the rotational part of the 
specific heat of Hy. 


3. The Debye Theory of the Specific Heats of Solids. 


The law of variation of the specific heats of solids is obtained with 
much less calculation by a method due to Debye. In Debye’s theory 
the atomistic structure is thrust into the background and the coupled 
vibrations of the system of oscillators are considered to be elastic 
waves which traverse the body and are reflected at its boundaries, 
thus giving a system of standing waves. A wave corresponding to a 
given frequency has the same determining properties as a linear 
oscillator; firstly, a frequency v, and secondly, two energy components, 
corresponding to the potential and kinetic energy of the oscillator. 
For elastic waves there is a part corresponding to compression and 
one to motion; for electromagnetic waves we have the energy den- 
sities of the electric and magnetic fields. These properties completely 
determine a longitudinal wave, but for transverse waves the plane 
of polarization of the vibrations must be specified also. This may be 
determined by resolving the amplitude along two mutually perpen- 
dicular directions. Thus an unpolarized transverse wave corresponds 
to two oscillators, one for each component of the vibration. 

Following a method given by Rayleigh and Jeans, we now proceed 
to calculate the number of standing waves which can be contained in 
a body whose volume is V. For simplicity, let this be a cube of edge I. 

Imagine a wave travelling parallel to the z-axis. This wave will 
travel to and fro between the walls which are parallel to the yz-plane. 
A system of standing waves results from the superposition of the inci- 
dent and reflected waves. There is either a node or a loop (antinode) 
at the wall, depending upon the nature of the waves and of the walls. 
It is immaterial, in the following computation, whether one dr the 
other condition exists. For electromagnetic waves and metallic re- 
flecting walls, for example, there must be a node of the vector E at 
the wall. In the problem of the specific heats we deal with elastic 
waves representing the vibrations of the lattice pomts. Only those 
waves can travel in the z-direction for which / is an integral multiple 
of half the wave-length (cf. fig. 1). Calling the phase velocity c, we have 


nrX ne 
ly a + oe ee - (14) 


* Consult M. Born, The Mechanics of the Atom, Eng. trans and revision by J. 
Fisher and D. Hartree (London, G. Bell i Sons, 1927). = i 
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For a cubical body, the same relationships are valid for waves 
in the y- and zdirections. But these are not the only possible 
standing waves. Consider, for example, a wave whose normal 
m= -+jcosB-+ cosy lies in the yz-plane. 


This wave will be reflected fromthe zy-plane, 7 
and we must consider the reflected wave as 
well as the incident wave. Now the super- i 


position of the two is, by p. 64, equivalent to Fig. 1 
& wave moving parallel to the y-axis with the 
phase velocity c’ = c/cosB, whose amplitude in the direction of the 
z-axis is modulated with the wave-length A,’ = A/cosy. The boundary 
condition for the planes parallel to the «z-plane thus demands that 
2lv__-2lv cosB 
l— 
should be a whole number, and the boundary condition for the faces 
parallel to the zy-plane requires similarly that 
21 2lv cosy 
AS c 
should be an integer. 
Consider now a wave whose normal direction is quite arbitrary: 
n = cosat + cosfj + cosyk. The superposition of the incident wave 
and that reflected from the yz-plane yields 


A+ Al = Apeiett— cosa ty cosh + coy)ic) Argent a com ele= “G7 come Tx coe y)/¢) 


— 2Ay cos (=<**) gio(t—(y cosp +2 cos y)/c), 


This wave, whose front is modulated in the direction of the z-axis, is now 
zeflected at the ze-plane; superposition of the two waves then gives 


wa cosa\ 5, - 
A+ A’+ A” = 24, cos (“22 ciw(t—y cos B/e— # cos y/e) 
+ 2A, cos (==) gio(t + y cos Ble—x cosyle) 
wy cos B\ og 
a (Go) a (Goad) pees 


This wave front with lattice-like modulation, when combined with the 
wave reflected from the zy-plane, gives the system of standing waves 


A+A’+A"+ A” 
= 8A, cos (==*) cos (a=) cos me et, (15) 
c c 0 
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The fulfilment of the boundary conditions at the walls requires that 
2vl cosa, _ a Qui =! i 2ul 0087 == ny . (16) 


or cosa = =, cos B sp SSY=ay °° (16’) 


Squaring and adding, 
: 3 oh 
e 


+ eee gel 


n? + nq? + ng? = 


To every frequency v there correspond triads of positive integers which 
satisfy (17), and to each triad there corresponds one direction which 
may serve a8 a wave normal. We now seek to determine the number 
of waves between the frequency limits v and v-+ dy. In order to 
compute this number we need only look upon m,, m,, and mg as rect- 
angular co-ordinates. Then (17) represents the equation of a sphere 
of radius 2vl/c. Since one integral lattice point corresponds to each 
cube of edge unity, the number of allowed vibrations in the range v to 
v + dv is evidently equal to the volume of one octant* of the spherical 
shell included between the radii 2vl/e and 2(v-+ dv)l/e. This is 


4r . 4y218 , Qdp hes Aayl8 


Za dy, -. 3 2108} 


3 3 
or, per cubic centimetre of the body, there will be 
2 
o = a ee 


vibrations between the limits v and v-+ dy, and this number is inde- 
pendent of the particular form of the body, which fact may be rigorously 
demonstrated. 

For the elastic waves corresponding to the thermal agitation of 
the atoms of 5 solid we have (p. 181) longitudinal as well as transverse 
waves. These have different velocities, which we denote by c,; and cy 
respectively. On account of their two azimuths of polarization, the 
transverse waves must be counted twice. Accordingly, we have for 
the total number of waves in the volume v of one mol, between the 
frequencies v and wv -+- dy, 


d= dmot( 5+ = ‘ 


According to this formula, the number of waves increases as the square 
of vy and without limit, so that the number of oscillators becomes 
infinite, while in reality one mol of a solid contains only 3Z oscillators. 
Debye arbitrarily assumed that the total number of waves should be 


* Since only positive integral n, are allowed. 
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precisely 3Z. This assumption, which at first sight seems rather 
forced, is justified by its results. Moreover, it results quite automati- 
cally by the rigorous computation for a system of coupled oscillators 
(see end of the preceding section). The total number of waves is ob- 
tained by integrating over all frequency intervals from 0 to the 
limiting frequency »v,. Thus v, is determined by the equation 


vo 1 2 4crv {1 2 
5 —< — = _ — 8 = 
‘ 4rvv CG + me dv 5 (2 + *) v= 3L. (20) 


lf we treat each wave as an oscillator we can proceed exactly as in 
§ 2 (p. 605). The intrinsic energy of a system of N oscillators of 
frequency v is, by equation (9) (p. 606),* 


Nhv 
U = aan} 
Thus for dz oscillators we have an amount of energy 
1 2 hv dv 9L hidv 


and the total energy of one mol is 


9h pe dv 
= —7s e e e e e 22 
u f (22) 


ve gwikT —_ ]° 
We introduce the following variables into the integrand: 
_ hv hy | __ bey © 93 
c= TP Tamas Cg 7 jv wneud) 


Thus vy, enters into the characteristic temperature in place of the 
characteristic frequency v of the preceding section. We then have 


(3) 1 ede 
_ 4 —— , 24 
u= 9RTY (3) where ‘Y(z) a i (24) 


For small values of 2, i.e. high temperatures, development of the 
denominator in a power series yields 


1 se a dx 
Yw=—f 
xe zo 
ra tet ee 

1 x, @ 
23 felt f4 8-4.) 
pee! (25 
= 5 — 3 en ee, ste voce (28) 


© In equation (9) we were dealing with L = R/k oscillators. 
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9RO , 3 RO? 
and w= 3RT— + 5g pe eee e (26) 


If the series is terminated with the first term, differentiation again 
gives the specific heat in harmony with the Law of Dulong and Petit. 
The higher terms thus give the drop in the specific heat for smaller 
temperatures. 

For the lower portion of the curve c, = f(T), i.e. for large values of 
z, we can write © as the upper limit, since the high values of x con- 
tribute very little to the integral on account of the occurrence of e* 
in the denominator. The power series development of 2§(e7— 1) 
yields 

x8 (e® — 1)" = a8e-#(1 — €-*)-1 = a8e 8 + abe e+ aie Set 


and term by term integration between 0 and © gives the series * 
6 1. le). 
Y@)=S(+at+atat) 


The sum of the series X(1/n*) is */90 = 1-0825. Finally, in the neigh- 
bourhood of the zero point, we have 


T8 
i= 58°45 Jesh . (OEM e e ry e ry ry (27) 
and for c, near T = 0, 
73 
Co 233-85 R G5. <6 6) on 
This is the empirically well substantiated 7% law for the specific heat 
of a solid. 
For further details, consult P. Debye, Ann. der Physik, 89, p. 789 
(1912). 


* Since 
OG @ 0D t ) 
if ete dy = — t Ea ate af 3z8e—nedy = — 3 [sem] 


Bh (be 6 © gg fe 
et aae-nde = - S[ =~] ay a _ 8 
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CHAPTER XXXVII 
Tae THEORY oF THERMAL RADIATION 


1. Analogy between a Gas and Radiation filling an Enclosure. Radia- 
tion Pressure. 


The experiences of everyday life show that a hot body radiates 
light, i.e. electromagnetic waves. The problem of calculating the total 
amount of radiation emitted by unit area of a surface per second, and 
of determining its spectral distribution, is thus as much a matter for 
the Theory of Heat as for Electromagnetism. 

First, we must ask whether the radiation of a hot body depends 
only upon its own properties and not also upon those of the environ- 
ment. At first sight it might appear that, in analogy with thermal 
conduction, the radiation sent to a cool neighbouring body is more 
intense than that sent to a warmer body. An important advance in 
the solution of the problem formulated above was made by Prévost 
when he recognized that the rate of radiation is independent of the 
surroundings, and that the apparent dependence upon the environ- 
ment is due to the fact that the cooler body in turn sends energy back 
to the radiator, but at a smaller rate than does a hot body, so that the 
side of the radiator which is presented to the colder body cools off 
more rapidly. In this manner the number of variables upon which 
the radiation of a hot body depends is considerably reduced. Further, 
we shall find that the radiation from any body may be computed if 
we know that of a perfectly black body, and if we know the absorp- 
tion spectrum of the given body. 

Finally, the problem of calculating the radiation from a perfectly 
black body is solved if we are able to compute the distribution of 
energy in a space bounded by walls which are impermeable to heat. 
In the Theory of Radiation such a space is usually called a cavity or 
enclosure. Let the walls be at a uniform temperature T. Such a cavity 
filled with radiation (the whole space is continually being traversed 
by electromagnetic waves radiated from the walls) has many points 
of similarity to a vessel filled with a gas. It is true that there is one 
point of difference: the density of a gas enclosed in a volume V may 
be changed at will, so that we have the density (or pressure) as a free 
variable, in addition to the temperature. On the other hand, the 
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energy density of the confined radiation is already completely fixed 
by the temperature. But just as the atoms of a gas exert pressure on 
the walls, so likewise does the confined radiation. This radiation 
pressure, whose magnitude will be calculated below, is very small 
under conditions available in the laboratory, but may attain values, 
in the interior of the stars, comparable with the gas pressure. 

We know from experience that the spectrum of a glowing “ black” 
body is continuous, i.e. all frequencies are present in the radiation. 
The problem of calculating the distribution of energy among the 
several frequencies is very similar to that of determining the distri- 
bution of the energy of a gas among the various molecular velocities. 
The superficial similarity between the experimentally determined 
energy distribution curve and the Maxwell distribution curve (fig. 1, 
p. 592) was recognized from the very first. No atom of a gas neces- 
sarily possesses exactly any selected velocity; we can only specify 
the number of atoms whose velocities fall within a given velocity 
interval Ac. In the same way, there is not a given amount of radiant 
energy corresponding to a single frequency »v, but only an energy 
interval AU corresponding to a prescribed range Ay, i.e. it is only 
the quotient AU/Av which is finite. To prevent misunderstandings, 
which occasionally appear in the literature, it must be pointed out 
that these considerations hold only for the continuous spectra result- 
ing from temperature radiation. The statement occasionally made that 
there can be no sharp spectral lines, i.e. finite quantity of energy at 
a single frequency v, on account of thermodynamic reasons, is erroneous. 
If the excitation is not thermal, there is no reason for believing that 
a sharp line cannot be emitted. The fact that even in this case the line 
will really have a finite (but small) width is due to other causes. 

Before attacking the actual problem of computing the distribution 
of energy in a radiation-filled enclosure, we shall deduce the value of 
the radiation pressure from the electrical field equations. We con- 
sider only the simplest case, that of a plane wave incident normally 
upon the plane surface of a perfect conductor. The ideal case ¢o = 0 
implies a perfectly reflecting surface. An electric field cannot exist 
within a perfect conductor, for if a field did exist, it would cause in- 
finite currents to flow; we may suppose, however, for convenience of 
calculation that o is merely very great, not infinite, in which case 
there will be currents very near the surface of the conductor. Allow 
the incident wave to travel in the direction of the positive z-axis, 
and let the surface of the conductor be the yz-plane. The plane of 
vibration of E, which is still undetermined, is taken to be the zy-plane. 
The equation of the incident wave is then 


Ey = Cs le - e@ @© © e@ (1) 
The boundary condition concerning the continuity of the tangential 
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components of E requires that the electric field strength be always 
zero for == 0. (For perpendicular incidence there exists no normal 
component of E whose discontinuity would give rise to a surface 
charge. There is such a component, however, for oblique incidence.) 
The boundary conditions are satisfied by adding a reflected wave of 
— amplitude whose phase differs from that of the original wave 
y 
ee Ss , ee, (2) 


The perfect reflection of the mirror is represented by the equality of 
| Z,’| and | #,|. Exactly as on p. 330, the corresponding magnetio 
vectors are determined from Maxwell’s equations: 


H,= | icles H's de H,= H, =H,= H,/=0. (3) 


This indicates that the magnetic field does not vanish at the surface 
of the conductor, inasmuch as H, and H,’ have the same sign. Since 
currents are flowing very close to the surface of the conductor, the 
magnetic field will exert a force on the conductor. By the results of 
p. 310, the force on a volume element dr traversed by a current whose 
density is z is given by 

ap— "Bae 2... 


Now the vector ¢ may be expressed in terms of curl H. Since E and 
@E/ét vanish within the conductor, the first field equation yields 


per oes ww oI) 
4a 
Since only H, differs from zero, curl H has only a y-component, and 


we have sy 
C 
, — ore = e e e ° ° 5! 
ss An On - (5) 


Substituting this in equation (4), there remains only an z-component 
of the force: 


meme a Oe 


Take as a volume element a cylinder of unit cross-section and altitude 
dz. To find the total force acting on this cylinder, we integrate from 
Oto 0: 


 —  —_——|€ 
Fe=— 7 J H,Setdo=— (M.-C 


* We write dF for the force on the element instead of F, as on p. 310, since we shall 
integrate over a finite volume later. 
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Since even for finite conductivity of the metal the wave penetrates 
but a very small distance, the magnetic field strength becomes zero for 
~ —= 0, while, according to (3), it becomes | 2Ae*t| = 2 | H| for >= 0. 
This is the force acting on unit area of the surface; we may therefore 
call it the pressure of the radiation. Since for a plane wave in a vacuum 


|E|=|H| and |8|=—|8| |B], 
this pressure is, for normal incidence, 


2 
pa = =| B| | B| = ALS! - <a 


In this formula | E|, | H| and | §| signify the instantaneous values 
of the periodically varying quantities. What we observe, however, 
is the average in time, p,. This is obtained by inserting the time 
average of the Poynting vector on the right side of the equation. 
According to equation (60) (p. 341), this is equal to half the maximum 
amplitude, so that we have 


Pa = 2-. e e e ° ° e ° (8’) 


Thus the pressure of radiation is proportional to the normally incident 
energy flux 8. For oblique incidence we have, in addition, an electrical 
force acting on the surface charge. The final formula has cos?@ as an 
additional factor, where 6 is the angle of incidence. 

The existence of such a pressure was first demonstrated experi- 
mentally and measured by Lébedew (1900), and in an extensive series 
of experiments conducted by Nichols and Hull (1903). The pressure 
found is in close agreement with the theoretical value. 


2. The Connexion between Energy Density and Surface Brightness. 


As already mentioned, the surface brightness is the radiation 
quantity which is experimentally measurable, while it is the. energy 
density which is calculated by the theory. We therefore begin by 
finding the connexion between these two quantities. Consider an 
enclosure bounded by walls which are perfect heat insulators. Assume 
that bodies of any kind may be inserted into this space. Assume 
further that the dimensions of these bodies are large compared with 
the wave-length of the radiation, so that diffraction and scattering 
need not be taken into consideration. As a matter of fact, we wish to 
consider even differential segments large compared with the wave- 
length. Likewise, we wish to assume that the time intervals and their 
differentials are large compared with the period of the waves, so that 
the mean values of the radiation quantities are sufficiently defined. 
On account of the finite velocity of propagation of the electromagnetic 
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waves streaming through the space, there is a definite electromagnetic 
energy du in each element of volume. The limit du/dr is called the 
energy density p. This is spectrally analysed, so that the energy 
density p,dv corresponds to the frequency interval dy. The task of 
the theory is to determine p, for each interval as a function of the 
temperature of the enclosure. The surface brightness is defined as the 
amount of energy within the frequency interval dv radiated perpen- 
dicularly from an element of surface, per second per square centi- 
metre, within unit solid angle. This quantity is represented by 
2K,dv; the factor 2 is present because the radiation can be resolved 
in two mutually perpendicular planes of polarization. Thus K, is the 
surface brightness for linearly polarized radiation. Since we are con- 
sidering isotropic bodies only, the surface brightness for unpolar- 
ized radiation is twice this quantity. The introduction of an angle 
of divergence (solid angle) of the pencil of rays is necessary on 
account of the fact that a source of light of finite surface bright- 
ness can produce no exactly parallel 

pencil. In order to obtain such a 


pencil one must have a perfect point 6 
source at the focus of a lens. If the __.------ 

beam coming from the lens is to have Tae 

a finite intensity, the surface brightness Figs 


of the point (i.e. extensionless) source 
must be infinite. If the normal to the surface which is emitting the 
radiation makes an angle @ with the axis of the elementary cone, then— 
as may be seen from fig. 1—the energy flux per square centimetre is 
reduced to cos@ times the value for normal emergence, for at oblique 
emergence the surface concerned in the radiation is increased by the 
factor 1/cos@. This is known as Lambert’s Law. It is a consequence 
of this law, for example, that a glowing cylinder appears to be a uni- 
formly illuminated rectangle and the sun gives the impression of being 
a uniformly bright disc. The portions of the surface near the rim are 
foreshortened, but radiate correspondingly less in the oblique direc- 
tion. Lambert’s Law holds only for “black” thermal radiation, and 
is no longer valid, for example, for the X-radiation produced by the 
impact of electrons upon the anticathode; in this case it is possible 
to obtain increased intensity by observing obliquely. 

Accordingly we have for the energy within the frequency range 
dv radiated in the time dé by the surface do in a solid angle 


dQ = sin6ddd¢, 


whose axis forms an angle @ with the normal to the surface 
d’y = dSu,dv = dvdtdo cos@dQ .2K,. . . . (9) 


As long as we consider only isotropic bodies, K, ia independent of the 
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direction, and we obtain the radiation within dv emitted by do in the 
time dt by integration over the hemisphere: 


/2 pln 
dtu = du,dv = 2dvdtdoK, [” [“cos0 sinadadd 
0 0 
=2ndtdcK,dv. . (10) 
For the total radiation we integrate over the entire spectrum: 
Pu=2ndtde f K,dv . ~~» (1) 
0 


If, now, we consider a volume element dr within a medium which 
is being permeated by radiation, this element 
will be traversed by a large number of 
pencils of rays originating outside it. Con- 
sider a definite portion of the neighbour- 


dT, dQ hood of dr bounded by a sphere of radius 
= Z r whose centre is at the centre of dr (fig. 2). 
46. Li 0 dS Resolve the radiation sent to dr from a very 


small element of surface of this sphere into 
elementary conical pencils. The portions 
of these cones within dr may be considered 
Fig. a to be small cylinders. If the cross-section 
of such a cylinder is dS, the solid angle dQ 
of the small cone is dS/r®, and the amount of energy radiated by do 
into this cone per second is : 
d§y 
aaa 2dvdcK, =. oe ew ey 
This may be looked upon as the part of the energy flux within the 
elementary cone originating at do. The density of the energy flow is 
then obtained by dividing by dS. Now for any flow, the current density 
of any quantity is equal to the product of the density of the quantity 
by the velocity of flow (see, for example, p. 418). ‘The latter is c/n, 
where ” is the index of refraction of the medium. Thus the energy 
density in that part of the volume element pierced by the given cone 
which is due to the radiation from deo is given by 


2dvdo 
r c/n 
This value holds for all parts of the element of volume dr, since the 
other cones which penetrate dr differ infinitesimally in direction; 
hence d8p gives the energy density in dr due to the radiation from do. 
We then have by integration over all surface elements of the sphere 
8K 
c/n 


dp = dp dy— Kees ie Sew (18) 


dp = p,dy= 


a eel 14) 
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whence 


87K, 
Py — c/n ° e e ry e e e ° (15) 


38. The Connexion between Emission and Absorption in Thermo- 
dynamic Equilibrium. Kirchhoff’s Law. 


Consider a uniform medium within the enclosure. At equilibrium, 
every element of volume of this medium will radiate a certain amount 
of energy each second, i.e. will convert a given amount of heat energy 
into radiation, and will absorb an equal amount of radiation delivered 
by the environment, converting it into heat. With regard to the pro- 
cess of emission and absorption, it must be remembered this takes 
place in the atoms of the substance, so that a certain volume is neces- 
sary for the emission of a given quantity of energy. A mathematical 
surface contains no atoms, and so can emit no stated amount of energy. 
It is true that we often speak of the emissive power of a surface; in 
such cases we mean the total energy which streams through the sur- 
face from the interior of the body. Hence we define the emissivity, 
or coefficient of emission «,dv as the energy of linearly polarized radia- 
tion within the frequency interval dv, referred to unit volume and 
unit solid angle, emitted in unit time. Then the total amount of un- 
polarized energy in the range dv emitted in the solid angle 47 in the 
time dt is 

d’u, = 8rdvdtdre, 2 « 2 e + + (16) 


The absorption coefficient a, for frequencies in the range v to v + dv 
is defined in the manner which is usual in optics as the fraction of the 
incident radiation absorbed per second in a thin layer, referred to unit 
thickness. We again surround the element of volume by a sphere of 
radius r. The rays emanating from an element do of the sphere and 
penetrating the element of volume fill a solid angle which again may 
be subdivided into elementary cones; the portions of these cones 
within the volume element may be considered cylinders, as before. 
If these cylinders are of altitude dl, and of cross-section dS,, then the 
total amount of energy absorbed in the time dé from the unpolarized 
pencil coming from do is given by 


Pu, = 2dtdvE %! dl,a, doK,. oe 


Now =dS,dl, is the volume of the element dr. Integration over all 
surface elements of the sphere yields the following expression for the 
total amount of energy absorbed from the environment: 


du, = 8rdidvdra,K, . « + + » (18) 
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lt we set the emitted energy equal to that absorbed, we obtain simply 


K, = os ee e©«© eee @ @ (19) 


a, 


For any uniform medium in thermodynamic equilibrium, the ratio of 
the emission coefficient to the absorption coefficient for any spectral region 
is equal to the surface brightness. This statement is often referred to as 
Kirchhoff’s Law, but the latter refers to two other quantities, especially 
in its experimental applications, as we shall see immediately. 

If the enclosure is filled with a medium which is perfectly trans- 
parent to all rays, e.g. a vacuum (or even air, as long as the system is 
at temperatures available in the laboratory), then while it is true that 
RK, is defined by the energy passing through a surface, the fraction 
e,/a, is of the form 0/0. But the enclosure is bounded by walls of some 
kind, from which the radiation comes. We therefore investigate the 
radiation exchange at the boundary. The amount of energy passing 
- through an area do of the wall within a solid angle dQ whose axis makes 
an angle 6 with the normal, in the time di, is 


d’y = 2dvdtdodQ cosOK,, . « « « (20) 


Since there is thermodynamic equilibrium, the same amount of energy 
must pass through this same surface element in the opposite direction. 
Of this energy flow, only a part determined by the emissive power E, 
will come from the interior of the material constituting the wall, the 
rest being radiation which is reflected by the wall. The fraction of the 
incident radiation which is absorbed in the substance of the wall is 
called the absorptive power A, for the frequency range v to v-+ dy. 
The part 1 — A, is reflected at the surface of the wall. The energy 
equation at this surface is then 


2dvdtdodQ cos 6K, = (1 — A,)2dvdtdadQ cos OK, 
+ 2dvdtdodQ cos@E,, . (21) 


whence mG a 


This is Kirchhoff’s Law. The ratio of the emissive power to the absorptive 
power of a body is equal to the surface brightness in the adjacent diather- 
manous medium. The difference between the concepts of emissive and 
absorptive power introduced here and the emission and absorption 
coefficients is that the former depend upon the thickness of the 
body. Even if the absorption coefficient is small, a sufficiently deep 
layer can destroy practically all the incident energy. A body for 
which A, = 1 is called a perfectly black body. For example, a sphere 
of gas—representing, say, a star—may be considered a black body on 
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account of the extremely great depth of material, although the absorp- 
tion coefficient of the gases is very small. 

The fact that the emissive power of a black body is equal to the 
surface brightness in the adjacent medium makes possible the con- 
struction of a black body in a simple way. While black substances 
like platinum black absorb visible light completely, they are no longer 
“black ” for longer waves, so that the use of such substances as black 
bodies may lead to deception. According to what has been said, a 
black body free from these objections is obtained by taking a large 
enclosure in the wall of which there is a small hole whose diameter 
must be so small compared with the size of the container that the 
radiation passing outward through the hole is negligible; its surface 
brightness is that which obtains in the diathermanous medium. The 
surface of this hole then represents that of a perfect black body. The 
effectiveness of this device may be seen by cutting a small hole in the 
side of a box made of black paper. The hole appears to be much 
blacker than the paper. In fact, the emissive power of a black body 
is experimentally determined by measuring the surface brightness of 
a small opening in the side of a uniformly heated furnace. 

According to Kirchhoff’s Law the thermal emission of any other 
body is obtained, for any spectral region, by multiplying the black 
body value by the spectroscopically determined absorptive power. 
The emissivity of a non-black body must be less than that of a black 
body for all colours, and can attain the black body value only in the 
regions of strong selective absorption. In instances where the emis- 
sivity exceeds that of a black body, e.g. for a gas mantle, the excitation 
is not purely thermal. Here, for example, the gas in the region of com- 
bustion is by no means in thermal equilibrium, and the glow is due in 
part to chemiluminescence. The same is true of “cold” flames, e.g. 
the zone of reaction of a sodium vapour jet in chlorine, which gives 
the yellow sodium line with considerable intensity at temperatures 
as low as 500° C. 


4, Planck’s Law of Radiation. 


The relation between the emissive power of a black body and the 
energy density of radiation in an enclosure having been made clear 
in the last two sections, it remains only to calculate the energy density 
according to the methods of statistics. All the necessary computational 
work has already been done in Chap. XXXVI, §3 (p. 603). Consider the 
enclosure to be a cube of edge l. Since the electromagnetic waves 
traversing this space are pure transverse waves, the number of possible 
frequencies in the range v to v + dy is again given by 


ee —~...B 


dZ = 
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Each wave is statistically equivalent to an oscillator, and since, by 
equation (9) (p. 606), the energy of a system consisting of N oscillators 
of frequency v is 

Nhv 


ewikT __ }? ° ® t) ® ® ° 


i= (24) 


the energy density within the interval dv, per cubic centimetre, is 


8rhv3 
pydv = agent —) o 0) of tenes (25) 
Hence for unpolarized radiation the emissive power of a black body, 
in the range dv, becomes 
DA EO al (26) 
v v hd (aaa eae 1) . e e e 
This is the celebrated Planck Radiation Law. The curve £,(v) has 
the typical form of a Maxwell velocity distribution curve (cf. fig. 1, 
p. 592): first, a steep increase to a maximum, then an exponential 
decline toward higher frequencies. This exponential decay is charac- 
teristic of the Quantum Theory. The Rayleigh-Jeans Law, based on the 
equipartition of energy, requires the number of waves in a given 
interval to increase as v*, so that it would yield a continued increase 
of energy toward high frequencies, i.e. toward the ultra-violet, which 
is contrary to experience. 
If it is desired to express Planck’s Law in terms of the wave-length, 
it must be remembered that for a spectral interval expressed in dv 
and again in dd, 


E,dv = E,da, 
and that |dv| =| da |. 
The radiation law (26) then becomes 
2he? 1 ; 
28,dA = 5 « Satya a. ee @# e e (27) 


Fig. 3 is a graphical representation of the content of this equation. 

The Law of Planck contains all other laws of radiation. The Wien 
Displacement Law, which was derived from quite different con- 
siderations by W. Wien before the Planck law was known, relates to 
the position of the maximum of the energy distribution curve. It is 
especially simple when expressed in terms of A: differentiating the 
right member of (27) and setting the result equal to zero, we have 


10he? Zerit ag 
~ HATE) 1 Reem pp EP Qe = 
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Eliminating the common factors and introducing the variable 
a = he/kTX, this becomes the transcendental equation 


ger 


Pe ms 


We see at once that there must be a root in the neighbourhood of 5. 
Applying the usual methods of approximation, the exact value is 
found to be 4-965. This is the only real root, as may be seen readily 
by drawing the curve. Hence we have 


x. cule 
max." 4-965k1" 
he 
or p ae = 4-965 = b = 0:2896 cm. deg. e e (28) 


This is Wien’s Displacement Law, which states that as the temperature 
of a black body 1s increased, the position of maximum emission moves 
in the direction of shorter waves in such way that the product Xmax.T 
remains constant. 

The total radiation is obtained by integrating over all frequencies: 

ao _ 2h pe? dv 2k" (> ota 
a2 erm 5 |, ita oe 

This integral has been evaluated on p. 612, where its value was found 
to be 74/15. Thus we have 


Qar*k4 
15c?A3 


This is the Stefan-Boltzmann Law, according to which the total energy 
emitted by a black body varies as the fourth power of the absolute tem- 
perature. Usually, however, we do not give the energy radiated nor- 
mally into a unit solid angle, but rather the total energy radiated on 
one side of a plane, i.e. into a solid angle 27. The constant of. pro- 
portionality o so defined then has the value zo’, according to equation 
(10) (p. 618), so that 
__ WnPk4 
1568 
Ez. 130. Using a cyclic process, deduce the Stefan-Boltzmann Law, leaving 
the factor of proportionality undetermined. The procedure resembles that by 


which the vapour pressure formula was obtained (on p. 534 e¢ seg.). Show also 
that the pressure of radiation amounts to p = p/3. 


2E = 


teo'T*, . 5 5 « eee 


erg. 
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ae a deg.‘ sec.” 


Gg 


CHAPTER XXXVIII 
Tur Bosz-ErnsTeIn AND THE Fermi-Drrac STATISTIOS 


1. Preliminary Remarks concerning the Duality of Waves and Cor- 
puscles. 


In the preceding chapter we obtained the law of distribution of 
energy in an enclosure filled with radiation by counting the number 
of electromagnetic waves which could exist there. Now there are 
numerous phenomena where radiation is converted into energy which 
is connected with matter—kinetic energy of electrons, chemical energy, 
&c. In such instances light behaves as though it consisted of discrete 
corpuscular elements of energy, light quanta of energy hv. On the other 
hand, the corpuscular idea is not capable of including all properties 
of radiation, for an immense number of interference phenomena 
demonstrate the wave-like character of light. In Part VII of this 
work we shall bring out how the wave concept and the particle con- 
cept are two aspects of the same thing, and how the facts may be 
represented only by a combination of both ideas. We shall arrive at 
the conclusion that the light quanta are guided by the wave field, 
and that it is not possible to specify the positions of the quanta inside 
a wave. In view of the analogy between an enclosure filled with radia- 
tion and one filled with gas, it is to be expected that a corpuscular 
theory will also yield the radiation law correctly. When, however, 
we calculate the energy distribution of the quanta according to the 
Boltzmann statistics, we obtain the incorrect radiation law in which 
the energy is displaced into the short wave end of the spectrum. The 
underlying reason for the failure of this method is that we assume the 
light quanta to be independent of one another when applying the 
Boltzmann method. This independence certainly does not exist; if 
two coherent waves (bundles of quanta) interfere, this implies a mutual 
influence between the quanta, leading to a decrease in intensity at 
certain points and an increase at others. At any rate, a displacement 
of quanta occurs.* The correct radiation law is obtained by a new 
statistical method introduced by Bose. 


* It is well to remember that there is no actual “ destruction” of light in inter- 


ference phenomena. 
625 
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Further, a number of recent experiments indicate that it is 
also incorrect to assume the independence of particles even when 
dealing with electrons and with entire atoms. There are guiding waves 
for these particles too, and these waves exhibit the properties of 
diffraction and interference. These ideas will be discussed in greater 
detail in Chap. XL (p. 687). At this point we wish to say only 
that the “ statistics of direct intuition ”’—as we may call the Boltz- 
mann statistics—is not applicable. We may then build up a new 
form of statistics either in terms of waves or in terms of corpuscles. 
The wave form would have the advantage that its deductions are more 
illuminating, once we assume the existence of the guiding waves. 
Nevertheless, the results are often needed in the corpuscular form. 
It is preferable, therefore; to employ the statistics in terms of cor- 
puscles; this is the form deduced by Bose, by means of a happy arti- 
fice, for light quanta. For ordinary gases the difference between this 
and the classical statistics is so small that it has not yet been found 
possible to distinguish between the two experimentally. For an elec- 
tron gas, however, the situation is such that for densities of the order 
of that attributed to the electron gas inside metals the results accord- 
ing to the two views are totally different. For the case of electrons, 
however, the Bose statistics must be supplemented so as to conform 
with a certain general principle of atomic structure. In this 
way we arrive at a new form of statistics due to Fermi—a form 
which is capable of solving many of the problems relating to electrons 
in metals, 


2. The Bose-Einstein Statistics. 


The essential characteristic of the statistics devised for light quanta 
by Bose * and applied to actual gases by Einstein t is that no dis- 
tinction is made between individual atoms, even in the micro-states. 
In the case of light quanta it seems artificial to distinguish between 
particles; on the other hand, the calculation of probability as carried 
out in classical statistics seemed reasonable and natural, because we 
are accustomed to the concept of individual atoms. The phenomena 
of the diffraction of atoms (p. 695) compel us to give up the idea of 
individually distinguishing the atoms or molecules of a given substance 
also. The way in which this alters the computation of probabilities 
will be illustrated by a very simple example. Suppose we wish to dis- 
tribute three atoms among three cells. A macro-state of classical 
statistics is determined by giving the number of atoms in the first, 


second and third cells. We may summarize the various distributions 
as follows: 


* 8. N. Bose, Zeitsch. f. Phys. 26, p. 178 (1924). 
+ A. Einstein, Berl. Ber. p. 261 (1924). ibid. p, 18 (1926). 
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Cell AS Group 
a ee Ne 


1 
2 
3 


Boltzmann Probability 


As long as we look upon the atoms as distinguishable one from 
another, the distributions of the first group can be realized in but one 
way, the second in three ways, and the third in six ways—for a dis- 
tribution in which Atom 1 is in Cell 1 and Atom 2 is in Cell 2 is taken 
to be different from a distribution in which Atom 2 is in Cell 1 and 
Atom 1 is in Cell 2. In Bose’s statistics no such distinction is made, 
so that each of these distributions has the same probability, and, 
according to Bose, a distribution of this kind represents only a micro- 
state. What, then, is a macro-state in the Bose statistics? A macro- 
state may be represented by various micro-states, and the number of 
these gives its probability. It is natural to discard the distinction 
between the cells and to characterize the macro-state by specifying 
how many cells are occupied by 0, by 1, by 2, &c. atoms. Hence in 
the Bose statistics the macro-states are the groups bearing Roman 
numerals in the above tabulation. Thus State I has the probability 3, 
State II the probability 6, State ITI the probability 1. It is to be 
noticed, however, that we are permitted to give up the distinction 
only between cells which are physically equivalent, e.g. those of equal 
energy. For instance, if we wish to compute the velocity distribution 
of the molecules of an ideal gas according to the new method, the zone 
of the phase space—to which a given interval of molecular energy 
corresponds—already contains so many cells that we may perform 
the above probability computation within it. The general formula 
for the probability of a macro-state defined in such a way that of a 
total of Z cells Z, are occupied by 0 particles, Z, by 1,..- Zn by %, 
is evidently obtained from the following scheme by permuting the 
numbered cells instead of the numbered particles as heretofore: 


Schematic Representation of a Micro-state in the 
Bose Statistics 


Cell number: 1 2 3 4 5 6 
Occupied by: 90 1 0 2 2 3 particles 


3 la A err 
Macro-state: Z,=2, 21=1, Z,=2, Z3=1, Z,=0 forn>3 
Should it happen that two cells are occupied by the same number 
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of particles, the interchange of their numbers will yield no new com- 
plexion, and hence the probability becomes 


2! 
Wa? ere 
where XZ, is equal to Z, the total number of cells and XnZ,, is equal 
to N, the number of particles. 

Let us apply the method to the calculation of the entropy and 
distribution of velocities in an ideal monatomic gas. Since each mole- 
cule has three position and three momentum co-ordinates, the size 
of each cell of phase space must be taken to be A, as in classical statis- 
tics. Since the energy does not depend on the position, we can split 
up the phase space into the product of momentum space by position 
space, just as we did on p. 590—i.e. we take the element of volume of 
momentum space, which alone concerns us in what follows, equal to 


3 
A= Fee ee es 


(1) 


where V is the volume available to the molecules.* The energy of 
a molecule is given by 


1 1 
u= (p+ pt p= 2.» (3) 
Hence the value of the energy is constant over a sphere in the momen- 
tum space. If we divide this space into spherical shells of thickness 
Ap, there will be a large number of elementary cells of size h/V in 
each spherical shell; the Bose statistics can be applied to the distri- 
bution in the several shells, since the cells of each spherical layer 
possess equal energy. Distinguishing the shells by the subscript s, 
the probability of a state in which Z,,, cells of the sth shell each con- 
tain n molecules is given by 


— Za’ eo e« e e e @ « (4) 


* Since Ar = ArAyAzAp,Ap,Ap,, where Az is the volume element of phase space 
it may seem at first sight that we have to set Ar, = h?/AV, but since the Quantum 
Theory prescribes only the volume, not the form, of the element, we can extend the 
domain of the position co-ordinates, upon which the energy does not depend, at the 
expense of the range of the momentum co-ordinates. The deeper reason for being 
able to proceed in this manner is to be found in Heisenberg’s Principle of Uncertainty 
(cf. p. 690), according to which the product of the possible variations of a position 
and a momentum co-ordinate is equal to h. Thus, if we give the position co-ordinate a 
large range of variation, the momentum co-ordinate is, correspondingly, more sharply 
defined. Hence, since the energy does not depend on position in the present instance, 
we can take the entire volume as the range of the position co-ordinates, 
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probabilities. Assume the Boltzmann equation to hold for this 
quantity: 
S=klogW = klogil W, 
= kx logZ,! — kX ZX log Z,,! 
= kxZ, logZ,— kuZ,— kU ns logZn,+ KUIZ yg, 
and since 2 Z,, = Z,, 
R 
S= kxZ, logZ, — kKXXZ,,logZnp «© + «© (5) 
For the condition of equilibrium, W must again be a maximum, with 
the auxiliary conditions 
>>: a. = Z, = const., rs e e e r) e (6) 
for the total number of cells in each spherical layer is, of course, fixed 


by the geometry alone. Equation (6) then amounts to a number of 
auxiliary conditions equal to the number of shells. Further, we must have 


LeanZ aN, 7. 2@« © @© © 8 8 (7) 


where WN is the total number of molecules, and 
DEN, LZ ns <= U~; eee e« e@ @ (8) 


where U is the total energy and u, is the energy of a molecule whose 
representative point lies in the sth cell. We again determine the ex- 
tremal value of the entropy under the given auxiliary conditions by 
applying Lagrange’s method of multipliers. In taking the variation 
of the number of particles in each cell it must be remembered that 
the total number of cells in each layer is fixed, i.e. the numerator of 
the fraction in equation (4) is a constant. Then, from (4) and (5), 


O= EEL qs (logZ+ I= 0. 2 es + (0) 


The variation of the auxiliary conditions gives 
ra 8 Lins = 0 *e © «© e e e ¢ (10) 


for each shell; moreover, for a constant total number of particles and 
constant intrinsic energy, 
DINSZ = 0, ~. « Vee. 


and TInu,sZ,,=5U=0 . .. - « (12) 
sn 


We now multiply each of the equations of (10) by a coefficient which 
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we take to be —(loga,-+ 1), and multiply (11) by f and (12) by y. 
Adding these to the main equation (9)-and setting the coefficients of 
5Zy, equal to zero yields 


logZ,, — loga, + nB + nu,y = 0, 
or Vee = a,e~ "Bt ys), Py © e es ® (13) 


The multipliers a, may be determined by introducing the number of 
cells in each shell: 


Z,= DLny = Daye" Ot) = oR . (14) 


The last form is the sum of the geometric progression. Then 
a,=Z,(l—e—@tm)), . . . . . (14) 


For the number of particles in each shell—which is the goal of our 
computation—we have 


N,= 2nZ,,= a, Uo ne—"(8+ Hs) — en (B+ ys) 
n n 


‘) 
Fo igeea 


0 1 ee ae. . 
- eer: + yu,) 5 = a) 7 fi = e~ tym) (15) 
Inserting the value of a,, this becomes 


Y, Z, 


= Gray ff tt ee (6) 
It remains only to determine the multipliers B and y. Since y is multi- 
plied by the energy of the cells, the total energy is a function of y and, 
reciprocally, y is a function of the total energy U. Inserting (16) 
in the entropy equation and taking the derivative (@S8/0U), = 1 KE, 
we obtain, exactly as on p. 588, the value 1/kT for y.* In order to 
determine 8 we must turn to equation (7), which gives the total number 
of particles. The summation or integration, however, involves com- 
putational difficulties, so that we shall leave 8 undetermined. Setting 
e? = B, we have the distribution formula : 


Zs 
N.= Boat 7° oe" aie Se) 


For an ideal gas, the layers within which the energy may be con- 
sidered constant are the spherical shells included between the radii 
p, and p,+ dp,. The equations connecting energy and momentum are 


1 : 
uv, = om Ds"; 1€. p, = vV 2Mu,, dp, — i du,. (18) 
at | 


* The corresponding multiplier was there denoted by B 
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Hence a shell contains 
Anrv/ 2m8u, du, 

R83 / V e e e e e 
cells of volume h3/V, and, omitting the subscript s, the number of 
particles in the separate shells becomes 


4a V\/2m3u du 
hi (Bewlkt ws 1)’ e e e ¢ & 


dZ,= (19) 


dN = (20) 


Finally, expressing w in terms of the velocity, we have the distribution 


iaeeuls dN = AnVmic? de : 
~ 78(Bem2kT — Ty eo + © © (20’) 
If B > 1, we obtain 
An V anfete— me l2kT 
aN = a) 9 ee ee e (21) 
while the classical statistics gave (p. 592) 
2o—mc*/2kT 
_ (22) 


- _—_—— 
m 


Thus when B is large, the Bose-Hinstein statistics also leads to the 
Maxwell distribution. Equating the two expressions determines B: 


V (2nmkT)3 18 
aes ah ee 


We are justified in equating the two expressions for the reason that 
integration over all velocities must yield the total number N of mole- 
cules in each case. The preceding equation shows that B is inversely 
proportional to N, so that our assumption of B>>1 has greater 
validity—and hence the Bose distribution agrees more nearly with 
the Maxwell form—when N is small, i.e. when the gas is at low pres- 
sure. Actually, deviations are first to be expected at those densities 
and those low temperatures at which all gases begin to exhibit strong 
van der Waals departures from the ideal gas law. Up to the present 
time it has not been found possible to separate the two kinds of devia- 
tions to the extent that one can decide with certainty whether the 
gas obeys the Bose statistics or that of Boltzmann. 


B= 


3. The Fermi-Dirac Statistics and its Application to Electrical Con- 
ductivity. 
While the Bose statistics has not yet become of much practical 
importance on account of the difficulty of testing it experimentally it 
is, nevertheless, of great service in deriving a new form of statistics given 
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by Fermi and independently by Dirac.* This method appears to be 
the appropriate means of treating the électron gas in metals. In the 
theory of the structure of the atom it is shown that a given com- 
bination of quantum numbers can appear but once in each atom. 
This law, which is of fundamental importance, is known as Pauli’s 
Principle (cf. p. 679). Otherwise stated, this law says that a cell of 
phase space can be occupied by only one representative point. Fermi 
applied this principle to the totality of particles in a gas. Thus the 
numbers Z,, vanish for all values of m except 0 and 1. If the compu- 
tation is performed with this added hypothesis, all calculations for 
determining the most probable state remain unaltered. One must 
remember only that the summations for m are to be extended only | 
from 0 to 1. The actual summations are not performed until the 
multipliers a, are determined. At this point the method departs from 
that of the Bose statistics. We have, at first, as for the Bose statistics, 


Zing = ae~Mtry, 5 5 5... (24) 


- To determine the a, we sum over all values of ; in this case the sum 
reduces to 
Z,—a,(i ee Fm), 2. ok. Oe 


The number of particles in the shell of subscript s becomes 


Z, 
N, = 1 ° Li; = a,e— P+) — e@tm) 4 1" . (26) 
As in § 2, (p. 630) y is found to be 1/kT, so that 


Z 


N.= Feet eo e © e 8 


(27) 


This result has a remarkable similarity to the Bose distribution func- 
tion—the difference is only in the sign of the 1 in the denominator. 
This shows that the Fermi distribution, too, approaches the Maxwell- 
Boltzmann for large values of B, i.e. for low densities. Henge for 
ordinary gases we can no more expect to test the validity of the Fermi 
statistics than we could that of the Bose method. But the situation 
is entirely different for an electron gas of the type we are forced to 
assume exists within a metallic conductor (cf. p. 444 e seqg.). If we 
assume that the number of conduction electrons is of the order of 
magnitude of the number of atoms, the density of the electron gas 
becomes so large that B is very small, especially since the small mass 
of the electron operates, according to equation (23), to affect the 
result in the same way. At ordinary temperatures, assuming the Fermi 


*E. Fermi, Atti Lincei (6), 8, p. 145 (1926); Zeitschr. f. Physik. 38, p. 902 (1926). 
P.A.M. Dirac, Proc. Roy. Soc., 112A, p. 661 (1926). a , 
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statistics to be valid, the electron gas is completely degenerate, t.e. t 
obeys a totally different distribution law from that for an ideal gas. 

We now wish to use the Fermi statistics to derive the most impor- 
tant property of the electron gas. First, we must double the number 
of cells belonging to a given energy range, as compared with the number 
for an arbitrary gas. The reason is this: it will be shown in Part VII 
that it is necessary to ascribe to the electron a magnetic moment of 
one Bohr magneton. According to the rules of the Quantum Theory, 
the axis of this moment can set itself either in the same or the opposite 
sense to a given field direction. For each of these positions we have the 
number deduced above for the number of cells of the translational] 
momentum space. If we now pass to a very weak field, the magnetic 
contribution to the energy vanishes and the two orientations become 


us 
Be wkT+1 


Fig. 1 


equal in energy, i.e. the existence of the magnetic moment of the 
electron doubles the number of cells in each shell. We thus have 


8 VV 2m3u, d 
yo Ug. 


aZ, = eo ee ee 


Inserting this value in equation (27) and omitting the subscript 8, we 
obtain the number of electrons whose energy lies between u and u + du: 
8nVV2m5 ul? 

AB * BewlkT + 
We must now seek to express the constant B in terms of N by in- 
tegrating over all values of the energy. The result 1s 
BnVV2m3 fr? ull2du 
=. | ae 
Unfortunately the integral cannot be evaluated in closed form. We 
therefore avail ourselves of a somewhat crude approximation: if we 


dN = duu... (29) 


Nie (30) 
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draw the curve of the integrand function it is seen to be a parabola as 
long as Be“/AT can be neglected in comparison with 1 (cf. fig. 1), but as 
soon as the exponential becomes comparable with unity, the actual curve 
descends and finally approaches the axis of u asymptotically. If we 
erect a vertical line through the point wu», which is determined by 


Bek? = 1 or Ug = —kT log B, 
it is evident that the two shaded areas are approximately equal. We 
may therefore replace our integral approximately by the area under 
the parabola between 0 and tu. In order to avoid difficulties with the 
sign, introduce the constant 1/A in place of B, i.e. 
—logB = +log A. ees ey 
Then the area becomes 
= wldu 
J ts R(T log Ay? gs (82) 


1 
= pulkT 
ie +1 


Inserting this in (30) and solving for log 4, we obtain 


h? 3N \2/8 
log = 5s (Sy ’ ee @ @ (33) 
and hence the distribution function becomes 
3 12 
IN = 8arVV/ 2m ue du (34) 


he * ulkT — (h*2mkT) (3N/8xV 9 1° i 


The result becomes especially vivid if, instead of giving the number 
of electrons whose energy is between u and u-+ du and which are 
in the volume V, we specify their density in the momentum space. 
Since the shells have each a volume 


dr = 4np*dp = 4rV 2msu du, 
the density of points in the momentum space becomes 


_ dN 1 . 
p= oar wamnaNeee yy 7 tt O85) 
For energy values less than 


2 /3N \28 

Sm (7 
the denominator has the value 1 at T= 0; for energies greater than 
this value, it is infinite. Thus at T = 0 the density of the representative 
points as a function of the corresponding energy is constant up to a 


certain point and then drops suddenly to zero. This result can be 
understood on the basis of the Pauli Principle. Since each cell may 
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contain but one electron, all energy levels must be occupied, from the 
lowest upward, until all electrons are provided for. Raising the tem- 
perature then has merely the effect of rounding the edges, as one may 
verify by inserting numerical values of T which are greater than zero. 

In order to compute the energy of the electron gas we must evaluate 


the integral ~ 
U= f udN. etiaee. « « tou) 


In the same way as before we obtain as a first approximation 


SnVV Imi p?_uitdu BV Im tT ee 
a fe u>'? du 
io? eulkT 4. l 0 
A 
8 V/2m3 


. 3(kT log A)®, eeeeeee8 @ @ (37) 


Inserting the value of log A, we obtain, finally, 


1L6nVV 2S HATS? ( 3N\% _ 4nVh? (3N\5% ao 
BR (Qm)S2Rs2T52 “\8rV) 5m \8nV) * ee) 


Thus to a first approximation the energy content of the electron gas 
is independent of the temperature; i.e. the energy found above is 
already present at the absolute zero. But since the specific heat is 
obtained by differentiating the energy with respect to I, it follows 
that the specific heat of the electron gas vanishes, to a first approxi- 
mation. Thus the greatest obstacle in the electron theory of metallic 
conduction is eliminated, for the classical statistics leads to an increase 
of the specific heat of the solid metal from 6R/2 to 9R/2 per mol, 
assuming the same density of electrons as here. This increase is not 
observed. On the other hand, the Fermi-Dirac statistics leads to the 
observed absence of a contribution to the specific heat. It is a matter 
for a more complete calculation to compute the electrical and thermal 
conductivities of metals based on the new distribution. This has been 
done by Sommerfeld and his co-workers in a series of papers, but the 
details cannot be given here.* A further advance was made by taking 
into account the interaction with the lattice ions by the introduction 
of a spatially periodic potential. This computation must be based on 
quantum mechanics and so it is described later (Chap. XLI, p. 707 et seq.). 
In this way we arrive at a semiquantitative understanding of all electrical 
and optical properties of metals except one, whose explanation is lacking, viz. 
superconductivity. This consists in the fact that at a few degrees above absolute 
zero the metals of columns Ib, IIIb, IVa, IVb, Va and VIa of the periodic table 
(p. 676) as well as several alloys suddenly lose all electrical resistance. The tran- 
sition temperature is a characteristic of the material. Connected with the dis- 
appearance of resistivity is the disappearance of the magnetic permeability. 


* Consult A. Sommerfeld, Zeitechr. f. Phys., 47 1-2, pp. 1, 43 (1928). 


UO & 
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4, Entropy Constant and Chemical Constant of an Ideal Monatomic Gas. 


The thermodynamics of the vapour pressure curve and of chemical 
equilibrium peremptorily demands that the absolute value of the 
entropy should be determined (cf. p. 553). Since the Quantum Theory 
leads to a determination of the size of the element of phase space, it 
is to be expected that the absolute value of the entropy may be cal- 
culated readily, for the size of the element enters into this quantity 
(cf. p. 563). However, a difficulty exists in respect that the classical 
quantum statistics yields a quantum condition only for periodic 
motions. Now the translational motion of the atoms of an ideal gas 
(we restrict the present discussion to ideal monatomic gases) is entirely 
non-periodic; if we wish to apply the Quantum Theory we must arti- 
ficially introduce a periodicity, say by treating the to and fro motion 
between the walls as a periodic motion. Moreover, in order to arrive 
at a reasonable result with such considerations, we find ourselves facing 
an inconsistency with the Boltzmann statistics; here we do not dif- 
ferentiate between two states resulting from the interchange of two 
atoms, while in Boltzmann’s method two such complexions are 
taken to constitute two different micro-states. For this reason we 
refrained from deriving the chemical constant on the basis of the 
classical quantum statistics (Boltzmann statistics augmented by the 
quantum condition), since this actually uses the principal feature of 
both the Bose and Fermi methods, viz. the absence of any distinction 
between like atoms, which obtains even in the micro-state. The ab- 
solute value of the entropy follows in a simple manner from the postu- 
lates of the new statistics. The Bose and the Fermi statistics both 
lead to the same result, since according to equation (23) (p. 631), the 
constant B for ordinary gases is large compared with unity, and so 
the “one” in the denominator of each distribution function may 
be dropped. This makes the two forms identical. 

In order to derive the entropy constant we start from the formule 
of § 2 (p. 629): 


S = kBZ, logZ,—kEELZqy logZy° » « + (6) 


with the auxiliary conditions 
LZ n= Ze <6 6 ee 
LinZ,,=N=2XN,, =... a) 
TE nti, Lng = Urea Nu, o « « OS) 
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There we found the most probable distribution to be 
Zn, = ae-*OrukM = gw we 18) 
Zea d) 6 er. we Ce (14) 
N, = Z,(eet“/AT —1)-2, 2 5 os (16) 
Under the assumption that B= e > 1, ie. 1/B =e-* <1, we obtain 


log Z, = log a, + e—8-“s/*T = log a, + peru, « (39) 


N, => - eaeee™, ee ee @ ee # @ (40) 


If we insert the values from (39) and (13) in the logarithms of equation 
(5), we obtain 


SS kd Z, log a, + kd Fe eur — kz z Znzloga, + kX XZ,,nB 
U, 


+ kz a Last kT e e@ © © 8&© © © e@ (41) 


According to equation (6), the first and third terms drop out. By 
equation (40), the second term is equivalent to kXN,= kN; by (7), 
the fourth term is KBN, and according to (8) the last term is U/T. 
Thus the equation simplifies to 


S = KN + KBN + 3. ae) 


Taking one mol, i.e. Z atoms, and putting u = 3RT/2, we obtain 
s=R+ PR+3R=PR+3R. .. . (43) 


Using the expression for 8 = log B given by equation (23) (p. 631) 
we obtain s as a function of v and 7: 


Onmie\3!2 
£ = logy + g log? + $+ loge, - « @) 


In the definition of the chemical constant, s is assumed to be a function 
of p and 7’. Performing the conversion with the help of the equation 
of state we have, since R = kL, 


Qarm)8 124,512 8 
a7 $ log T —logp+ $+ log Se =$logT—logp+ 5, (45) 


and since c, = 5R/2, the chemical constant of an ideal monatomic 


gas becomes (nmys aps 
tabs = ad log — eee (46) 
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Inserting the numerical values of the atomic quantities and intro- 
ducing the logarithms of the factors needed for the conversion to 
practical units (p in atm.), we obtain the formula quoted on p. 538: 


j= —15oseaiee lw. 


Ex. 131. Thermal Ionization: Calculate the chemical constant of the electron 
gas in the non-degenerate (rarefied) state and use the result to compute the 
thermal equilibrium between atoms, ions and electrons in a hot gas in terms of 
the work of ionization of the atom. 


PART VII 


Tur SrrRucTuRE oF ATOMS AND MOLECULES 
AND THE THEORY OF SPECTRA 


CHAPTER XXXIX 
Tar Mrcuanics oF Simete Atomic Moprrs 


1. Investigation of the Structure of the Atom; the Scattering of 
a-Particles. 


The many phenomena in which electrons are released from neutral 
atoms or atomic aggregates—e.g. the photoelectric effect and the 
phenomena of electrical discharge in gases—suggested from the very 
first that the atom is a structure made up of electrons, the charge of 
which is compensated by an equal number of positive elementary 
charges. The question immediately arises of how the two kinds of 
charge are arranged within the atom, and where the inertial mass is 
located. This question was attacked experimentally by probing or 
sounding the atom by means of projectiles of subatomic size. These 
were sent through the atoms, and the arrangement of the charges was 
deduced from the alterations in the paths of the particles. Lenard, 
who first undertook experiments of this kind, used electrons as pro- 
jectiles. He recognized the fact that the volume occupied by an atom 
in gas-kinetic collisions or in liquids and solids is merely the effect of 
electrical fields of force due to charges within the atom, while the 
intrinsic volume of the parts of the atom is vanishingly small. Ruther- 
ford and his associates obtained particularly simple conditions by 
using a-particles expelled from radioactive substances instead of 
electrons. The former carry a positive charge of two elementary 
units and, like the electrons, are of exceedingly small size, but have a 
mass almost 7400 times as great—the same as that of a helium atom. 
For this reason, the deflection of the path of an a-particle requires a 
centre having a large inertial mass, inasmuch as the conservation of 
linear momentum requires that the centre of gravity of the two bodies 
should continue in its original motion. For a collision between an 
a-particle and an electron, the centre of gravity is practically coinci- 
dent with the former, so that an electron is not capable of appreciably 
deflecting an a-particle. Hence the use of a-particles in this way is 
able to furnish information concerning the location of the mass of the 
atom, so far as it is connected with electric charges. C. T. R. Wilson 
found * that if ions are present in supersaturated dust-free air they 


©. T. R. Wilson, Phil. Trans., A, 189, p. 265 (1897). 
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act as centres of condensation for water droplets. This is the principle 
of Wilson’s so-called “cloud chamber”. If the ions are produced by 
the passage of a-particles through the air, the path of the particle is 
outlined as a “ fog track”. Photographs of such tracks show that a 
deflection through a large angle occurs suddenly, rather than by the 
cumulative effect of many smaller deflections. This further simplifies 
the theory of the effect to the extent that we may limit our calculations 
to simple scattering and omit from consideration the rare case of a 
single particle experiencing multiple deflections. 

Consider now what happens to a single particle. We shall ascribe 
to the scattering centre a mass so great that we may consider it at 
rest during the scattering process. Since the central mass can in no 
instance be greater than that of the atom, this holds only for scattering 
by atoms of heavy elements. Actually, the first experiments were 
made with such elements. Assume the scattering centre to have Z 
elementary charges. Then the force acting on the a-particle is 
2Ze?/r2. Since this law of force is the same as that of gravitation, 80 
far as the dependence on r is concerned, we can apply the results of 
p. 91 at once. The path is thus a conic section with the scattering 
centre at one focus. This leaves the question of the sign of the central 
charge open. The hyperbolic orbits in either case differ only to the 
extent that the central body occupies the focus on the concave side 
when the force is attractive, and is at the focal point on the convex 
side when the force is one of repulsion. In harmony with other experi- 
ments, in which the positive charge is always associated with masses 
which are integral multiples of that of a hydrogen atom, we assume 
the central charge to be positive. Comparing the potential energy of 
gravitation —ymM/r with the electrostatic energy +2Ze?/r, we see 
that yM must be replaced by —2Ze*/m in the formule of p. 90, where 
m is the mass of the moving a-particle. In order to avoid confusing it 
with the mass of the electron, we give it the subscript a in what fol- 
lows. According to equation (21) (p. 91), the equation of the orbit 


becomes 7 208m, 7 
27, 
[= ren, 
es 2 pee 
eae Ze rs 15 M.%o a mec ss 


where c is the areal velocity. The negative sign signifies that if the 
positive value of the radical is taken, the branch of the hyperbola 
directed away from the centre is the one described by the particle. 
If, for example, we take ¢ = 0, the corresponding value of ¢ in fig. 1 
is not to be drawn to the right, but to the left. At the beginning of 
the motion the particle is at an infinite distance, i.e. 1/r is zero, and 
its velocity is v9. If the initial direction, which is represented by the 
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asymptote of the hyperbola, is a distance p from the centre, the areal 
velocity at the beginning is vgp/2, since the curve and the asymptote 
are practically coincident at great distances from the centre. This 
areal velocity is represented by the shaded triangle in fig. 1. Because 


ne 


Fig. 1 


of the constancy of the areal velocity we may put this value in equation 
(1) in place of c, thus obtaining 


aa VP "Me 
eZ 
mini: °° 
1 ae “i 2 ia: 
T o7eN\ °° i rN pee 


The numerical eccentricity becomes 
2 
oa Ms oa SEE re) 


2Ze? v-p2m,? 
Denote the acute angle between the initial direction of the particle 
and the positive z-axis by y. Then the angle of deviation, i.e. the angle 
between the asymptote and the one corresponding to the final direc- 
tion of motion, is given by 


sg? “ec 
From the geometry of the hyperbola,* 
8 (7 — == cot an a 
CO ee Nee 


* It follows from the polar equation r = —p/(1 + € 008 ¢) that cos ¢ = —1, 
when r = ©, 
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so that half the angle of deviation is given by 


2Ze? 
2 a v 2 = 4Ze4 as 1 U9 mop 
4Ze4 9 pp 


This simple formula gives the angle of deviation as a function of the 
parameter p; it is impossible, however, to test the validity of the 
equation experimentally, since we cannot directly determine the dis: 
tance of the initial direction of a given particle from an atomic nucleus. 
The result of the computation can be tested only by statistical methods, 
in which the theory of probability is applied to the distribution of the 
various parameters in order to determine that of the angle of de- 
flection. In fact, this marks a weakness in logic of the entire atomic 
mechanics, as based on models: the quantities necessary to determine 
the course of a single process cannot be determined exactly;* then, 
if we pass to a statistical distribution, the quantity p, which cannot be 
observed, again drops out of the calculations. Thus the elementary 
process is used only as an intermediate concept. The direct procedure 
would be to assume that a pencil of a-rays passes into the field of 
atomic nuclei and to inquire into the distribution of the rays after 
passing through this region. This is, in fact, the way in which such 
problems are attacked by the newer quantum mechanics to be dis- 
cussed in the following chapter; there an attempt is made to operate 
only with directly observable quantities. For the moment, however, 
we shall continue to discuss the atomic models, and shall now compute 
the angular distribution of scattered particles by means of such con- 
cepts. 

If the layer of atoms which is penetrated has a thickness s, and if 
there are N atomic centres per unit volume, then a hollow cylinder of 
radii p and p + Ap whose axis is in the direction of the incident rays 
contains, on the average, 


AN =2apsNAp . 6s « ocmeetg) 


nuclei. For the small values of p which are considered, this is a very 
small number, e.g. 0-001. The introduction of an average value is 
justified by the fact that the primary pencil has a finite cross-section, 
so that the layer is penetrated at various points, which is equivalent 
to using an infinitely narrow pencil of rays and moving the bom- 
barded layer of atoms to and fro within the same limits of variability. 
Assume that each particle is scattered once; then, of m primary par- 
ticles, a number 
2 (a) 


* Later we shall find that these quantities are inherently indeterminable, quite 
apart from the insufficiency of our methods of atiuck. Cf. p. 690. 


An=n.2mpsNAp .... . 
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will suffer ‘“‘ impacts ” with a nucleus lying between d 

p and p + Ap. 
“eat (5), p is connected with the angle of scattering, 6, by the 
ormula 


_ 282 8 
Pe Dt, 2 
> eee 8 8 (8) 
2 
re e?Z Ad 


- Vo-m,, sin? 8/2 


so that the fractional number An/n of a-particles scattered between the 
angles 6 and @ + Aé is 


4msN e*Z? cos : 
— Aé. e e ° ® e (9) 


4m, 2 sin3 
UgiMi,” SID" 5 


2|& 


Formula (9) becomes invalid when @ = 0, for then it yields An/n = 00, 
This would mean that practically all a-particles go through without 
being scattered. The discrepancy is explained by the fact that we are 
not permitted to take an infinitely large upper limit for p but must 
use the finite value given by the mean distance apart of the atoms of 
the scattering material. 


9. Conclusions from the Experiments on the Scattering of a-Particles. 


The scattering formula (9) is well confirmed for the heavier elements 
as scattering centres and for finite angles of deflection. The experi- 
mental verification of the scattering formula justifies, for one thing, 
our hypothesis of electrostatic forces between the particles and the 
nuclei and confirms the assumption of simple scattering. Further, a 
comparison of the scattering powers of various substances shows that 
N may be set equal to the number of atoms per unit volume and that 
Z coincides with the place of the element in the periodic system. We 
shall discuss this important result in greater detail below. 

Deflections of 90° are sometimes observed. If we use equation (9) 
to determine the value of p corresponding to a-particle velocities of 
10° cm./sec. and to a deflection angle of 90°, we obtain a value of the 
order of 10-12 cm. This defines the radius of the sphere within which 
the inertial mass of the atom is concentrated, and the Coulomb law of 
force is still valid at these distances. We shall refer to this central 
structure as the nucleus of the atom. Its size is vanishingly small 
compared with the gas-kinetic radius of the atom, which is of the 
order of magnitude of 10-* cm. This extension in space must therefore 
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be maintained by the electrons surrounding the nucleus; their elec- 
trical fields of force prevent the closer approach of other atoms. 

However, the most important result of the scattering experiments 
is the recognition of the fact that the nuclear charge Z consists of a 
number of positive elementary charges equal to the position number of 
the element in the periodic table. Formerly, the elements were arranged 
in the periodic system in the order of atomic weight. At certain places 
this sequence had to be violated in order to satisfy the sequential 
arrangement according to certain chemical properties. We now re- 
cognize that the nuclear charge is the fundamental parameter, and 
this makes the order correct at the places mentioned. Since the atom 
as a whole is normally electrically neutral, the number of electrons 
outside the nucleus must also be equal to Z. The position number Z 
of the element was called the atomic number by Moseley (cf. p. 655). 
We thus have the important relation: 


Nuclear charge = Number of electrons outside the nucleus 
= Atomic number of the element. 


Hydrogen, of atomic number 1, has a nucleus with one elementary 
charge whose mass is that of a hydrogen atom (less the mass of the 
electron). M, is 1:66 x 10-4 gm. The hydrogen nucleus is to be 
looked upon as the atom of positive electricity, which differs from its 
counterpart—the electron—in having a much larger mass. The 
nucleus of the hydrogen atom is called a proton. Further, since helium 
has the atomic number 2, and since the a-particle has a resultant charge 
of +2, and a mass equal to that of the helium atom, we recognize the 
a-particle to be a helium nucleus. One might conclude that the nuclei 
of the heavier elements consist of protons only, but there are two 
serious objections to this idea: since the mass of each proton is that 
of a hydrogen atom (the mass of the electron may be neglected in 
comparison), the atomic number would have to be equal to the atomic 
weight, which is obviously not the case. Prior to the discovery of the 
neutron (p. 750) it was assumed that electrons were present+in the 
nucleus itself, thus serving to reduce its net charge. Supporting this 
view was the fact that in many radioactive changes—which are cer- 
tainly nuclear processes—electrons are emitted in the form of f-rays. 
However, the assumption that electrons exist in the nucleus led to 
such great difficulties that it had to be abandoned, and now we explain 
the difference between atomic weight and nuclear charge in terms of 
neutrons present in the nucleus. 

The second objection—that if the elements are built up of protons 
and electrons all atomic weights, referred to hydrogen, must be whole 
numbers (which is evidently not so)—was removed by the discovery 
of isotopes. As shown especially by Aston in his analysis of canal rays 
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with the mass spectrograph (p. 441), the chemical elements are largely 
mixtures of atoms of different atomic weights, but having the same 
nuclear charge and hence the same number of outer electrons. Apart 
from small deviations, the several atomic weights are integral multiples 
not of that of hydrogen itself, but of a weight about 8 per cent smaller, 
i.e. 1/16 the atomic weight of oxygen. The small departures from the 
integral multiples are to be interpreted on the basis of the principle of 
the inertia of energy as differences in the energy of formation of the 
nuclei. The large value of these energy changes (obtained by multi- 
plying the difference in mass by the square of the velocity of light) 
corresponds with the order of magnitude of the energy released in 
radioactive processes. 


3. The Bohr Model of the Hydrogen Atom. 


Now that we have before us a general rough picture of the atom 
in the form of a heavy nucleus about which electrons cluster, we 
naturally desire more definite information concerning the arrange- 
ment of these electrons. The first question which arises pertains to 
the nature of the force which balances the electrostatic attraction of 
the nucleus, thus preventing the electrons from falling into it. Sumilar 
situations in celestial mechanics suggest that the opposing force is 
centrifugal force. We are thus led to assume that the electrons execute 
rapid motions of revolution about the nucleus. This idea was followed 
out mathematically by Bohr,* first for the simplest case of the hydro- 
gen atom, and with the simplest form of electron orbit—the circle. 
There is one great difficulty. The revolving electron, together with 
the positive nucleus, represents a miniature antenna in which two 
vibrations which differ in phase by 7/2 are taking place. According 
to the laws of electrodynamics, an oscillator of this kind must radiate 
energy in the form of electromagnetic waves. Such an energy loss 
can occur only at the expense of the potential energy, i.e. the orbits 
must decrease in size, so that the electrons traverse spiral orbits which 
ultimately lead into the nucleus. This cataclysm must take place 
within time intervals of the order of 10-® sec., so that stable atoms of 
this kind are out of the question. But the validity of the electro- 
dynamic laws has been demonstrated experimentally only for macro- 
scopic antenne; it may be that other laws obtain for the individually 
unobservable atomic radiation processes, which are limited only by 
the requirement that the average effect be in harmony with the macro- 
scopic electrodynamic results. Bohr thus made a first postulate to the 
effect that of the continuous sequence of mechanically possible orbits, 
only a discrete set is capable of existence. These orbits are assumed 


* N. Bohr, Phil. Mag., 26, p. 1 (1913). 
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to have the property that no radiation takes place when the electron 
is in one of them. The criterion for such an orbit is taken to be the 
condition that the phase integral (p. 130) is an integral multiple of 
Planck’s quantum of action: 


J= § pag = mh. fe 


The second postulate is that the emission or absorption of radiation 
(light) takes place according as the atom passes from a higher to a 
lower energy state or vice versa. At the same time a quantitative re- 
lation found experimentally to hold for all elementary energy trans- 
formations, e.g. the photoelectric effect, must be satisfied: the energy 
difference of the two states must be equal to the quantum hy of the 
emitted or absorbed radiation. No statement is made regarding the 
actual mechanism of the process of radiation or absorption. Also, 
there is apparently no connexion between the frequency of the radia- 
tion and the frequency of revolution of the electron in its orbit; we 
shall find, however, in § 6 (p. 655) that there is an asymptotic con- 
nexion between the two. 

Let us now apply the two postulates to the hydrogen atom, whose 
electron revolves about the nucleus in a circular orbit of radius a. 
The kinetic energy 7’ amounts to 


T = kmarw? = }ma*g?, . 2 2s (11) 
so that the momentum co-ordinate is 
Po = mad = mary. ° e ° ° ° (12) 


The phase integral is to be extended over an entire circuit of the 
position co-ordinate—in this case from 0 to 27: 


I= § pdg= [- marwdp = 2nmare - « (8) 


We then have the quantum condition 
2Qarma?w = nh. Merger he 


In addition, there is the equation of mechanical equilibrium 
> maw". ° ° . ° e ° ° (15) 


There are thus two equations for the two unknowns a and w. Solving 
for these quantities, we obtain 


nh? 
+= (ame 7. © e@ © @ « (16) 
875met 
and w= ae te ee eee (17) 
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pasate numerical values for e, h and m, we obtain for n= 1 the 
value 


a, => 0-528 >4 10-8 cm., e e e e e (18) 


i.e. a value which corresponds very well with the gas-kinetic atomic 
radii. The fact that a purely chance agreement between these quan- 
tities is highly improbable lends plausibility to this model of the 
atom. The values of w correspond to the frequencies of ultra-violet 
light; although the radiated frequencies have no immediate connexion 
with w, it seems significant that they are of the same order of mag- 
nitude. In order to compute the actual radiated frequencies on the 
basis of the second Bohr postulate, we must write down the energy in 
the nth quantum state: 


m e= = QAn*me* = 4 ar*me* 
Hinge! 1 Uaip Gute — = a a 
Q72met 
= oe e e e ° ° Ci e e (19) 


The negative sign arises as a result of taking the zero point of the 
potential energy at infinity. The potential energy, which is exactly 
twice the kinetic energy, is negative in the finite region, since work is 
obtained when the distance between the nucleus and the electron 
decreases from infinity. The magnitude of the energy with a positive 
sign signifies the work which must be done in order to remove the 
electron from its orbit to infinity, ie. to detach it from the atom. 
This work is usually expressed in “ electron volts”, i.e. the difference 
of potential (in volts) through which an electron must fall in order to 
obtain this amount of kinetic energy. The ionization potential of an 
atom is the name given to the energy difference, expressed in electron 
volts, between the normal state and the state of complete removal. The 
former is the state of lowest energy—the one having the lowest quantum 
number; for hydrogen this is 1. The excitation potential of a given state 
is the difference in energy between this and the “ground” state. 

According to the second Bohr postulate the frequency of the light 
emitted or absorbed in a transition from one state of the atom to 
another is given by 

2 
y= FB 8) =" (Z-)  + m 


ne ne 


where the subscripts ¢ and f denote the initial and final states, re- 
spectively, for the case of emission. In point of fact, all the spectral 
lines emitted by the hydrogen atom do actually satisfy this law. The 
sequence of lines with n,;= 2, n, = 3, 4, 6,..., four lines of which 
are in the visible region, has been known for a long time as Balmer’s 
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series. The lines crowd closer together as the “current number” n, 


increases, and at the series limit—given by n,= ©, i.e. vanishing 
variable term—there is an accumulation point of spectral lines, in the 
mathematical sense. Actually the intensity of the lines decreases as 
the series limit is approached. The 
series of lines belonging to n, = 1, 
n,—= 2, 3, 4, ... lies in the far 
ultra-violet region, and was not 
found until later by Lyman. The 
lines corresponding to n= 3, 
n= 4, 5, «so Ge CO Ny = 4, 
n,= 5, 6, 7,...are in the infra- 
red, and are named after their dis- 
coverers the Paschen Series and 
9 the Brackett Series respectively. 

The origin of the individual 


a 


‘ * ines is best visualized with the aid 
Balmer Series of an “ energy level diagram ” as 

Hy. = 6562-8 51, in fig. 2, in which the various energy 

37. Hg = 4861-3 § levels which can be assumed by 
= a ae « the atom according to the first 
R 6 al °S Bohr postulate are represented by 
§ “SN Fuschen Series 5 properly spaced horizontal levels. 
3° Ms S18 754 7§ The transitions are represented by 
< Re 12. 818-4 3 arrows in the direction of tran- 
BS S 10938-0 sition. The central numbers are 


i 
s wave-lengths in Angstroms. 

An outstanding success of the 
theory is to be seen in the fact that 
it not only yields the form of the 
law obeyed by the hydrogen lines, 
but also gives the correct numeri- 
cal value of the constant of the 

u formula, when the numerical Values 

Lyman of e, m and h are inserted. It is 

Fig. 2 true that the accuracy to which e, 

m and h are known is far below 

that available in spectroscopic measurements, so that once we have 

attained confidence in the theory, we shall rather use the constant to 
determine e, m and h. 

It is customary in spectroscopy to use the reciprocal of the wave- 
length, 1/A, rather than the actual frequency, c/A. These so-called 
wave numbers are also designated by v. In order to avoid confusion, 
we write v with a bar over it to denote wave numbers. If the Balmer 
formula is written in these units, 


Brackett Series 
26 300 
40500 


w 


~ BS 
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- 1 1 
p= R(-,— 3) cere je «@ (21) 


the constant R is called the Rydberg Number. By equation (20), this 
constant is given by 


Qretm 
R = il e ° e e e r 
je os (22) 
and its numerical value is 


R= 109737 cm."}, 


4. Consideration of the Motion of the Nucleus. The Spectrum of Hydro- 
gen and the Spectrum of Ionized Helium. 


Even if we neglect the relativistic variability of the electron mass, 
the simple formule derived in § 3 (p. 649) are in need of refinement, 
since we assumed the nucleus to be at rest. This is true only for in- 
finitely heavy nuclei; in reality, the motion takes place about the 
common centre of gravity of nucleus and electron, and in computing 
the energy we must take into account the kinetic energy of the motion 
of the nucleus also. Denoting the mass of the nucleus by M, its dis- 
tance from the centre of gravity by A, and the distance of the electron 
from this point by a, we have 


Mama ke sw 2 (28) 


The condition of mechanical equilibrium for the nucleus is 


an : 
a M Aa, er ee | 
and for the electron, : 
3 ° ° ° e e 25 
Goan mau*. . (25) 


It is found expedient to express both a and A in terms of the distance 
(a + A) between nucleus and electron. From equation (23) it follows 
that 


a+A=a(1+ =), ie: pe gaeee, eaed. ™ es) 
u ie 1 
M M 
We define a “‘ reduced ” mass p» by means of the equation 
1 1 1 
- = are ° ° e 27 
sat (27) 
Then a 
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and the condition of equilibrium for the electron becomes 


2 
apap = ee mews, 5 « « + (29) 
The total energy becomes 
_at é pata, gp? 
T+U = % (MA*+-mai) — 9 = + AP (30) 


Comparing these formule with the corresponding ones of § 3, we see 
that they become identical if we replace the electron mass m by the 
reduced mass p and if we understand a, in § 3 to mean the distance 
between the nucleus and the electron. Then the Rydberg constant 
for hydrogen becomes 


wep, Jif Nee tape 
= : fe _— S=— =} Io 3] 
Ry aA 109677-69 cm.-}, (~ er if, (31) 


For an element with infinite nuclear mass we have the former value 
of this constant: 
Q7r2e4m 

ch? e e e e e e 


[iy (22) 
For a one-electron system whose nucleus has the mass of the helium 
nucleus, we have 


Ontety ( he ee 
Ri.= a aa arlUre ee Sy 
= LHe m z M =) ( ) 


The spectrum of this system is found in nature. If one of the two 
electrons of the helium atom is removed by violent excitation we have 
such a system; electrically this structure differs from a hydrogen atom 
only in having twice the nuclear charge. This means that the factor 
2 must be supplied to ¢? in the equation of mechanical equilibrium. In 
general, for a nucleus having a charge Z, the factor Z must be inserted. 
The formula for the energy levels contains e*, so that the factor 4 (in 
general, Z?) must be supplied; the energy levels of the singly-ionized 
helium atom (He*) become:* 
4X 2netnn,  4Ryhe 
a oe) 

Thus the wave-lengths of the lines which correspond to the hydrogen 
lines are one-fourth those of the hydrogen lines, so that the He* spec- 
trum corresponding to the Lyman and Balmer series lies in the far 
ultra-violet. For ny = 4, however, the lines fall in the visible region. 


* The negative sign is omitted before H,,, since it is customary in spectroscopy to 
reckon the term values as representing work done in removing an electron. 
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Writing this series in the form 


1 1 1 1 
rT G = ) =a ‘i a (yy . «(a8 


we recognize that alternate lines must coincide approximately with 
hydrogen lines. This is the so-called Pickering series, which has been 
known for a long time in stellar spectroscopy. It was formerly attri- 
buted to hydrogen, inasmuch as so close a connexion between the 
spectra of two different elements was looked upon as quite improbable 
before the advent of the Bohr theory. 

The difference between the H and He* wave-lengths is obtained 
by replacing My, approximately by 4M,: 


a 
ons ee eee Eg ee 


This shows that the wave-lengths of the hydrogen lines are 0-04 per 
cent greater than those of the neighbouring He* lines. Reversing the 
procedure, we can use the very accurately measurable difference in 
wave-length to determine e/m spectroscopically, for we have 


e 

m ie . Rage le : ¢_ phatitkn 35 

M, ¢ ¢ Rg—tks! en Ria ka ie) 
m m 


In the exact computation we must introduce—besides the precise 
atomic weight ratios—a series of corrections—e.g. the difference be- 
tween atomic mass and nuclear mass must be taken into consideration. 

Equation (31) is of importance in connexion with the discovery of 
deuterium, the hydrogen isotope of mass 2, whose nucleus is called a 
deuteron. Setting the doubled value in place of M, in this equation 
yields the positions of the deuterium spectrum lines in excellent agree- 
ment with experiment. 


5. X-ray Spectra. Moseley’s Law. 

An atom of atomic number Z which has lost all but one electron 
will emit radiations given by 

v= Z2’R a = 2) ._ © e@ @ @ (36) 
7 

if we neglect the motion of the nucleus, which, moreover, is of less im- 
portance as the atomic number increases. On account of the factor Z’, 
atomic numbers as low as 30 bring these frequencies into the ordinary 
X-ray region. Highly ionized atoms of this kind cannot be produced 
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experimentally; nevertheless, there are X-ray lines which, in part, 
conform to the above law. In order to understand their origin we must 
examine in more detail our ideas concerning the structure of the heavier 
atoms. We have every reason to believe that even when such an 
atom is in its normal state all electrons are not in the lowest quantum 
state, corresponding to m= 1. Rather, there are groups of electrons 
having the same quantum number n which we may provisionally 
imagine to be arranged in various shells of radii a,, d2,...@,. These 
shells have come to be denoted by the letters K, L, M, N .. ., corre- 
sponding to the quantum numbers 1, 2,3,4.... Now the X-ray spectra 
differ experimentally from the visible and ultra-violet spectra in that 
absorption lines do not occur. We observe merely continuous regions 
of absorption having abrupt terminal edges at the long wave-length 
end. This phenomenon can be explained as follows: in the case of 
visible spectra, the outermost electron is brought to a higher orbit 
in the process of absorption. If, however, one of the inner electrons— 
say a K electron—is to be raised to a higher level, we find that all 
' the places in the LZ, M,... shells of a normal atom are occupied, so 
that this electron can find room only at the periphery of the atom. 
But the work necessary to bring it to that point is practically the 
same as that required for complete detachment, assuming the electron 
to possess no kinetic energy after removal. The long wave absorption 
limit, then, corresponds to the work done in detaching the inner elec- 
tron, and the continuous spectrum which follows it corresponds to 
transitions in which the electron possesses varying amounts of kinetic 
energy after leaving the atom. Since the energy of translation of a 
free electron is not of a periodic nature it is not subject to a quantum 
condition of any kind, and so the energy levels form a continuous 
sequence. A similar continuous spectrum is found at the series limit 
of visible spectra, both in absorption and in emission. These continua 
originate in a similar way. 

If, now, an inner electron is detached from a heavy atom by radia- 
tion or by electron impact, its place can be filled by an electron from 
another shell. This results in radiation. Neglecting all interactions 
between the electrons, we would find that the X-ray emission lines 
originating in this way follow the hydrogen formula. In any actual 
case it must be remembered that according to the laws of electro- 
statics the electrons in the inner shells screen the nuclear charge from 
the surroundings, so that we must introduce a screening constant 8, 
for each shell in such way that the energy of an n-quantum electron 
is given by 


E, a (Z aie $0 = ee «© @e e@ e (37) 


The fact that s, is in large measure independent of Z is a justification 
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of this somewhat crudely constructed theory. We can set s=1 for 
the K and L shells; then for the line corresponding to a transition 
from the L to the K shell we have 


b= (2—1R (— 5) = 12-1. . . (38) 


This is the celebrated Moseley Law for the K, line.* This line 
is found in the X-ray spectra of all elements from Z = 4 to Z = 92. 
The atomic number of any element can be determined at once with 
the help of Moseley’s Law. However, the detailed theory of the X-ray 
terms is very complicated, and by no means yet complete. We have 
given here only the broadest outlines of the theory. 


6. The Correspondence Principle. 


Equation (17) (p. 648) states that the orbital frequency of the 
electron in a hydrogen atom is given by 


pa 
a ee an 


h3n? 
According to the classical connexion between radiation and electrical 
oscillations this is the same as the radiated frequency. On the other 
hand, the Quantum Theory gives the expression 
2retm n2— nF 

te ae a cibeuue CeateuD 
for the frequency of the radiation connected with the transition 
n,—>n,. If n,— ny is small compared with n, we can write instead 

47°e4m : 
You = sie (n, = Ny). °° 2© e # e (20 ) 
We see that in the limiting case of large quantum numbers the tran- 
sition An = 1 yields a frequency identical with the classical frequency, 
the transition An = 2 gives the first harmonic 2vy, &c. Thus there 
is an asymptotic connexion between the frequencies given by the 
Quantum Theory and the classical frequencies corresponding to the 
mechanical motions of the system. For this reason a quantum theory 
computation of the radiation from an antenna would lead to the same 
result as that already obtained. The extension of this relationship, 
which is called the Principle of Correspondence, makes it possible to 
fill, in part, a gap in the previous theory. Thus, while the classical 
theory of the radiating oscillator permits a computation not only of 
*H.G. J. Moseley, Phil. Mag., 26, p. 1024 (1913); ibid. 27, p. 703 (1914). 


Since s, shows a certain progression with Z, it is only the middle elements for 
which equation (38) is obeyed exactly. 
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the frequency but also of the intensity, polarization and coherence of 
the emitted radiation from a knowledge of what is occurring in the 
system (cf. p. 335 ef seq.), the Bohr theory gives only the frequency. 
In the language of the Bohr theory, the intensity corresponds to the 
frequency of occurrence of a quantum transition. The two fundamental 
postulates have nothing to say concerning this quantity. 

Bohr then assumes—and his assumption is justified by its success 
—that an asymptotic connexion obtains for intensity and polarization 
also, in such a way that the frequency of the transitions producing 
light of a given state of polarization is determined by the amplitude 
of the radiation as calculated on classical principles. For small numbers 
it is not determined whether the initial or the final orbit is to be taken 
—it is possible only to make an estimate. The results become unique, 
however, if a given harmonic component is absent from both the 
initial and the final states. In that case the corresponding quantum 
transition certainly does not occur. In this way we arrive at principles 
of selection which in many cases limit to a great extent the number 
of possibilities of combination of the various energy levels. 

The Correspondence Principle also points the way to an extension 
of the quantum hypotheses to systems with several degrees of freedom. 
According to the classical theory, the frequencies of a system are given 
by (cf. p. 180) 


"= a7, a= 37. saa ee (39) 


hence any combination frequency is given by” 


OE OE OE 
las AMS ro meUr par « © 2 0) 


where the s, are any positive or negative integers. Again, for a rela- 
tively small energy change, the energy difference is given as a function 
of the changes of the phase integrals. Neglecting higher terms in the 
Taylor expansion, ’ 
oz 0E OE . 
AE = fies = Fa I Tae tg Oe - (41) 

If the asymptotic relation between the classical and the quantum 
frequency is to be retained, the phase integrals for the case of several 
degrees of freedom must change by integral multiples of h. This con- 
dition will certainly obtain if we impose the requirement that not only 
their changes but the quantities themselves are to be integral multiples 
of h. But it follows also from the asymptotic connexion that for de- 
generate systems there are only as many quantum conditions as the 
system has periods. The Kepler ellipse in space is a doubly-degenerate 
problem, for corresponding to the three co-ordinates of the electron 
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there is but a single frequency—that of the motion in the orbit. This 
means that the energy states of the Kepler ellipse depend upon only 
one of the action variables, viz. J, (cf. p. 185). This determines only 
the major axis. Hence all ellipses having the same major axis have the 
same energy. The circular orbit also belongs to this set; therefore the 
formule of § 3 and § 4 are valid also for elliptic orbits, provided we 
understand a to mean the semi major axis. The introduction of elliptic 
orbits is necessary, since with only circular orbits the Correspondence 
Principle would yield the result that on account of the absence of 
overtones in the initial and final states only transitions for which 
An = 1 would be allowed. This means that only the first member of 
each series would appear. For elliptic orbits, on the other hand, all 
higher harmonics are present. 


7. The Atomic Spectra of the Alkalis, the Alkaline Earths and similar 
Systems. 


All calculations of the energy levels of more complicated atoms 
start from the hydrogen terms, and the modifications of the term 
values are approximated to by calculating the perturbations due to 
the other electrons. In order to be able to perform this calculation, 
we require a far-reaching schematization of the atom, whose justifi- 
cation is, moreover, given by the newer Quantum Theory. We consider 
first a system which we have reason to believe, especially from chem- 
istry, consists of a loosely-bound electron—the valence electron—and a 
core consisting of the remaining (Z — 1) electrons, and a nucleus with 
Z charges. The normal atoms of the first column of the periodic table 
—the alkalis and the series Cu, Ag, Au—are represented by such a 
system. Because of the screening effect of the core electrons, the 
valence electron is under the influence of an effective charge of one 
unit. If we neglect entirely the perturbations caused by the core, we 
obtain the hydrogen terms. Now it has been known for a long time 
that the alkali spectra have considerable similarity to the hydrogen 
spectrum. It is to be expected, then, that the deviations can be 
explained as disturbances caused by the electric field of the core. We 
seek to take this field into account by adding to the Coulomb potential 
of the effective unit nuclear charge a spherically symmetric perturbing 
potential in the form of a power series 


Ui= 3+ 3+ 4+... » « « « (42) 


Since the added field also represents a central force directed toward 
the nucleus, the orbit must remain plane, according to p. 89. Thus 
its orientation in space remains fixed and so the angle variable w 
of the Delaunay elements (p. 136) remains constant. However, the 
complete computation of this mechanical problem shows that the 
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perturbing potential causes an advance of the perihelion, i.e. the angle 
variable w, becomes a true variable. As-a result, the energy no longer 
depends on J, = J,+ Jg+ Jy alone, but also on J, = Jy + Jd, and 
we have two independent fundamental frequencies: that of the motion 
in the ellipse and that of the advance of perihelion. On the basis of the 
Quantum Theory we are thus required to introduce, in addition to the 
principal quantum number n connected with the description of the 
ellipse, a secondary quantum number & in such way that J, = kh. 
Now it can be shown that J,/J, = k/n gives the ratio of the minor to 
the major axis of the ellipse, so that we must have 1S kn. The 
precessing ellipse traces a rosette orbit whose energy is found as follows. 
We compare this energy with that of the ellipse which osculates the 
true orbit at aphelion; this is the path which the electron would pursue 
if the perturbing field were absent. Since the potential of the core, 
and still more the field of the core, decrease with a comparatively 
high power of the distance, the potential energies of the two orbits 
may be taken to be approximately equal at aphelion. But the kinetic 
- energies are also the same, for since the centripetal force is the same, 
the centrifugal force mv?/p is also the same in both paths; moreover, 
the radius of curvature p is the same for the two osculating paths, so 
that the kinetic energies are identical. In general, the osculating ellipse 
will not be exactly a quantum orbit. We assign to it a non-integral 
effective quantum number n* by means of the definition of hydrogen- 
like terms: 
Rhe 
=m tt ee we (48) 

Since, by the Law of Areas, the part of the orbit lying close to the 
core is traversed very rapidly, while the perturbations due to the core 
electrons are appreciable only along this part, we can—to a first 
approximation—set the rotational frequencics on the two paths equal 
to each other. For the ellipse, for which there is but one quantum 
number n*, we have 


dE (n*) 
v= hdn®? 7 ¢ © @ e© ee e« (44) 
while for the rosette we must write 
__ OE (n,k) 
——. h on r) e e e e e es e (45) 


since EH depends also on k. From the equality of the two frequencies 
it follows that the difference (n — n*) cannot depend upon n itself, 


but only upon &:} n*=n+d(k). . . « « « « (46) 


* 
t For =; = >> = > iets 
n 


XXXIX.] MECHANICS OF ATOMIC MODELS 659 


We thus arrive at the “ Rydberg Term ” 


_ _ ithe 
~fP+é@Pr °° 


We obtain various term sequences according to the value of k. That 
corresponding to k = 1 is called the S sequence; k= 2 yields the P 
sequence; k = 3, the D sequence; k= 4, the F sequence. The origin 
of this notation will be explained below. 

A further improvement is obtained if, instead of setting the periods 
of ellipse and rosette equal, we assume that their difference depends 
only upon the secondary quantum number k. This assumption is 
justified by the fact that the perturbation takes place mainly on the 
inner portion of the orbit, and this is determined primarily by the 
eccentricity, i.e. by the secondary quantum number k. Thus is obtained 
the ‘‘ Ritz Term ” 


E (47) 


—Rhe 
(k 9) e ee 
E any ia 


which represents each term sequence k= const. by means of two 
constants $(k) and s(k). This formula yields an excellent represen- 
tation of the observed data. 

The possibilities of transition between the energy levels corre- 
sponding to various values of k are drastically limited by the Corre- 
spondence Principle. It is true that the Fourier analysis of the motion 
of a rotating Kepler ellipse yields all harmonics of the orbital fre- 
quency »4, but on account of the uniform advance of perihelion no 
harmonics of the precessional frequency v, result; v, occurs only in 
the combination sv, + vz. In terms of the Correspondence Principle 
this means that a change of the principal quantum number is always 
connected with a change of the secondary quantum number by +1. 
This implies that an S term can combine only with a P term, a P term 
only with an S or a D term. In this way, we interpret the empirically 
found series for which the following notation is usual: 


Pe (48) 


R E 
w= arm or, more precisely, = ee om L 
n+s 
[» 8+ Pr) 
R R 


. or, more precisely, [pte+ a] 


n+ p+ | 
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The series are then written simply: 


Principal Series: yv=18S—*nP, n=2,3,4,...* 
Sharp Series: y=2P—nS, n=2,3,4,... 
Diffuse Series: v=2P—mnD, n=3,4,5,..- 
Fundamental Series: y= 3D — nF, n= 4,5, 6,.... 


This terminology has the following origin. The Principal Series con- 
tains those lines which the normal atom can absorb, since the fixed 
term with which the P sequence combines is the ground term. These 
lines are also the easiest to excite in emission. The names of the Sharp 
and Diffuse series arise from insignificant differences in the sharpness 
of the lines. In the German literature these series are called the ‘‘ Second 
Subordinate Series” and “ First Subordinate Series’ respectively. 
It is to be noticed that they have the same series limit. The Funda- 
mental Series is so called because it was considered of particular sig- 
nificance on account of the fact that its terms differ but little from 
those of hydrogen. German writers refer to this series as the “ Berg- 
mann Series ”’, after its discoverer. All possible combinations are not 
covered by these series, however. Apart from the lines fitting into the 
historic series, a large number of “ combination lines ”’, e.g. 3D — 3P, 
are known. 

Besides the spectra of neutral atoms of the first column of the 
periodic table, the spectra of singly-ionized alkaline earth metals and 
of doubly-ionized atoms of the third column are also of the alkali type. 
We note that in all these cases only one valence electron is present. 
The factor Z? which must be supplied in the term formula is equal to 
4 for the singly-ionized alkaline earths, and 9 for the doubly-ionized 
elements of the third column. But we can distinguish the same series 
also for the elements with two valence electrons, i.e. the neutral atoms 
of the second column.t We must imagine these series to originate when 
one of the two valence electrons occupies the orbits corresponding to 
the several energy levels, the other valence electron being counted as 
part of the core in computing the terms; i.e. for a spherically sym- 
metric perturbing potential we again imagine its charge spread over 
a sphere. The fact that this approximation is better than might be 
expected is explained by the Wave Mechanics. 

Besides the lines fitting into this system, it has been known for a 
long time that there are lines which originate by combination with a 
new sequence of energy levels empirically called the P’ term sequence. 
The remarkable feature of these terms is that they become negative 
for higher values of the current number and converge to a negative 

* These current numbers are not the actual principal quantum numbers, but are 
the nearest integers to the effective quantum numbers. 


} The difference between systems with one and with two valence electrons is mani. 
fested by the “ fine structure ” of the lines. This is discussed below. 
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limit. This evidently has the following meaning. If one of the valence 
electrons is raised to higher and higher P’ levels and finally freed 
from the atom, the amount of work required exceeds the amount 
needed to remove it by way of the normal energy levels by the magni- 
tude of the energy of the negative limit. But this work can be done 
only on the remainder of the atom, i.e. the limit of the P’ terms corre- 
sponds to an ion with an excited electron. Thus the accented terms 
belong to atomic states in which both valence electrons are raised 
simultaneously. Then the difference 0 P — o P’ must correspond to 
the difference between two terms of the ionized atom. As a matter of 
fact, for calcium, for example, this difference is equal to that of the 
1S and 3D states of the ion. 

The distribution of the energy of excitation among several elec- 
trons makes the spectra of elements with a number of equivalent 
electrons very complicated. The development of series becomes less 
and less pronounced, since the energy of excitation is employed to lift 
several electrons, instead of raising a single electron to a high orbit. 
However, the abundance of lines in such a spectrum is due in part also 
to a further difference which we shall examine in the following sections. 

Before we take up these questions we shall attempt to give a more 
complete physical foundation for the potential of the core. If we 
compare the spectroscopically determined values of the functions ¢ 
and w in the Ritz formula with those which would result mathemati- 
cally from given coefficients Cp, Cg, C4, . ++ » We find that for the alkalis, 
from k = 3 onward, the coefficient c, of 1/r* predominates. This may 
be interpreted as follows. Under the influence of the valence electron, 
the electron shell will be displaced slightly in a direction away from 
the valence electron. As a result, the centre of gravity of the positive 
charge will no longer coincide with that of the negative charge, and a 
dipole is formed. If the polarizability of the ion is a, the dipole 
moment will be | #¢| = ae/r®; but its potential at the place occupied 
by the electron is 


yim ees. eee 


Actually we obtain values of a from the Rydberg and Ritz corrections 
which agree well with refraction data on the ion corresponding to 
the core (cf. p. 452). For small values of &, i.e. for S and P terms, the 
Rydberg correction becomes so large that it can no longer be explained 
by polarization of the core. Schrédinger was able to show that large 
Rydberg corrections of this kind result when the valence electron 
penetrates into the region of the core electrons, which we imagine 
distributed over a spherical shell. Our derivation of the Rydberg 
formula makes no special assumptions as to the nature of the per- 
turbing field, and so is valid for both cases. 
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8. Perturbation of Electron Orbits by External Forces. Stark Effect 
and Zeeman Effect. 


The methods of Celestial Mechanics, whose fundamentals were 
derived in Chapter VI, Part II of this book (p. 108), together with the 
quantum conditions, permit us to calculate the perturbations of the 
term values caused by external electric or magnetic fields. The calcu- 
lation becomes particularly simple when based upon two theorems 
which must be given here without proof. 

The first theorem, the so-called Adiabatic Principle, states that if 
perturbations are produced in a system by slowly altering the external 
conditions, the energy is in general changed, but the phase integrals 
retain their former values. If, then, a state is once characterized as 
a quantum state by values of the phase integrals which are integral 
multiples of h, it remains so when the system undergoes an adiabatic 
change. The meaning of the theorem may be illustrated by means of 
the so-called Einstein pendulum. Let a pendulum bob suspended by 
a thread swing with an amplitude corresponding to a quantum state 
nhv of an oscillator. Let the frequency be raised to v’ by slowly 
shortening the thread at the point of support. As may be verified 
readily in this case, the pendulum takes up enough energy to give it 
an amplitude corresponding to nhv’. 

The second theorem, which becomes evident immediately, states 
that if there is a perturbing function in the expression for the energy, 
the value of the additional energy due to this cause is, to a first approxi- 
mation, equal to the mean value of the perturbing energy taken over 
the unperturbed orbit. For example, if a hydrogen atom is brought 
into a homogeneous electric field F whose direction is that of the 
z-axis, a perturbation term —eFz is to be added to the Coulomb term 
—e/r in the expression for the energy, and the average change in 
energy is —eF2. Naturally, this depends on the eccentricity and 
orientation of the orbit, i.e. the orbits having the same major axis— 
which have the same energy in the unperturbed atom—assume dif- 
ferent energy values when the field is applied; in other words, the 
energy levels are subdivided. This subdivision is very complicated in 
the case of hydrogen, and it must be looked upon as one of the finest 
accomplishments of the theory that it makes possible the compu- 
tation of these patterns. This phenomenon is the Stark Effect, dis- 
covered independently by Stark and by Lo Surdo. The theory shows 
at once that the subdivision of the levels occurs in this form only for 
one-electron systems. For multiple-electron systems a splitting into 
orbits having various eccentricities but equal major axes is already 
caused by the field of the core. This is merely the decomposition into 
S, P, D term sequences. The external field can exert but a small 
additional influence which manifests itself in a displacement increasing 
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with the square of the field strength and, occasionally, by splitting. 
On the other hand, the field has a great influence on the intensity of 
the lines of these atoms; the field gives rise to harmonics which, accord- 
ing to the Correspondence Principle, make possible transitions which 
cannot occur in the absence of the field. Since very intense local fields 
occur in condensed spark discharges, we see why many “‘ forbidden ” 
lines appear under such conditions. 

The perturbations caused by a magnetic field are of even greater 
importance in the investigation of the structure of the atom, for a 
field of this kind causes the spectral lines of the atoms to subdivide in 
very characteristic ways. This is the Zeeman Effect. Application of 
the second perturbation theorem leads into difficulty, since the force 
—e[vH]/c exerted by a magnetic field on an electron has no potential. 
One might even believe, at first, that a magnetic field could cause no 
change in energy at all, since the force is always normal to the path, 
and so can do no work on the electron. This is, of course, true for the 
field itself, but it must be remembered that while the magnetic field 
is building up there exists a time derivative OH/ot, and hence, by the 
second Maxwell equation, an electric vorticity (cf. Ha. 89, p. 316). 
This curl determines an energy change, but at the same time the orbit 
remains a quantum orbit on account of the Adiabatic Principle. For 
simplicity, we shall assume the field to increase at a uniform rate, 
attaining its full value after N electronic rotations. Then we may 
replace 0H/dt in the Maxwell equation by H/N,. The work done by 
the electric field during the time of one revolution of the electron is 

W eH 
wT ef Bds= e (curl E)8=- WN. 


where § denotes the area and orientation of the orbit. The total work 
done after N revolutions is then 


meme moe... ... . (50 


8, 


On account of the Law of Areas we can replace 8/T by the areal 
velocity dS/dt and express this in turn by the mechanical moment of 
momentum @. Then we have 


a’ ae | lw we ls 
2mec 


But according to p. 463, the magnetic moment of an electron orbit 
whose moment of momentum is @ is given by 


ae ue 5 
a mae ; (52) 


so that W=-— pu. dpe ahh e mee 
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The work done in increasing the field from zero to tts final value H ts 
equal to the energy of the magnetic dipole of strength p im the field H. 

In what form is this energy present in the atom? Since there is 
no such quantity as potential energy of an electron in a magnetic field, 
this energy can be present only as kinetic energy. To a first approxi- 
mation the change of motion can be given very simply. We prove 
a theorem, given by Larmor, to the effect that to a first approxima- 
tion the only effect of the magnetic field is to cause a uniform rotation 
of the entire electron system about the field as an axis, the direction 
and magnitude of the rotation being given by 


=—= ~— H. eo ee e @ -« ° (54) 


If the co-ordinate system to which the electron motions are referred 
is in rotation with respect to an inertial system, the following inertial 
forces arise (cf. p. 233): the Coriolis force 


F, = — 2m [WVrerl, .- © ee © © @ (55) 
and the centrifugal force 
F, = — m[w[wr7]]. 


If the product [ce] is small compared with the velocity in the moving 
system—which is, of course, the case here—then the centrifugal force 
can be neglected in comparison with the Coriolis force. The force 
exerted by the magnetic field, on the other hand, is 


F,, = — = (vl, Ok ) ae 


where, strictly, w should be replaced by the absolute velocity 
Ve + [wr], but may be replaced approximately by v,.. The two 
forces neutralize each other, i.e. determine the same electron orbits in 
the moving system as those which would be present without the field 
in the system at rest, if ae 


F,+ F,.= — = [Bre H] + 2m [V,10] =0, or ma x H. (57) 


This is known as the Larmor precession. The corresponding change 
in kinetic energy—which may be positive or negative according to 
the relative positions of w and the orbital angular momentum—is the 
work done by the field. In what follows we shall use the convenient 
formula (53) to determine the change of the term values. 

As long as any arbitrary orientation of B—or, what amounts to 
the same thing, of the angular momentum vector @d—with respect to 
the field H is permissible, we obtain a continuous manifold of energy 
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changes. This means that a quantized energy value would become 
diffuse in the field, so that no splitting of lines but only a broadening 
could take place in a magnetic field. However, it must be remembered 
that the Larmor precession of a Kepler ellipse determines a uniform 
rotation of the line of nodes, and the third Delaunay variable w, 
becomes a true variable (cf. p. 136). Then, according to § 6 (p. 656), 
the associated action variable J, must become an integral multiple 
of h. This quantity represents 27 times the z-component of the moment 
of momentum. Since 27 times the total angular momentum is itself 
an action variable J, which is an integral multiple of h, it follows 
that if we set J, = mh the inclination of the orbit is given by 
. dg ™ 
an “al Ee 8 9 eee (58) 

We thus arrive at a directional quantization. For k=1 only the 
values m = +1, 0, —1, i.e. the angles 0, 7/2, 7 are possible. It is to 
be noticed that the quantum numbers n and k are essentially positive 
quantities, but the “ magnetic” quantum number m, on the other 
hand, can assume both positive and negative values since an external 
field determines @ definite sense as well as direction. 

This directional (or spatial) quantization, which is of especial 
importance in the Theory of Paramagnetism, was directly verified by 
the experiments of Stern and Gerlach.* In these experiments a fine 
pencil of atoms of silver or some other metal was produced by 
evaporating the metal in a high vacuum. The beam was sent through 
a non-homogeneous magnetic field whose gradient grad |H]| had 
practically the same direction as H. Such a field exists, for example, 
between two pole pieces, one of which is a flat plate, the other a sharp 
edge.t A magnetic dipole experiences a translational force in such a 
field (cf. Ex. 78, p. 286); this force is in the direction of H and is 


iven b 
ne |F|=|2H|l|grad H|cos(PH) « « - (59) 


If, as would be expected in the classical statistics, all orientations 
of # occurred as a result of the thermal motion, the beam would 
experience a continuous broadening in the magnetic field. In reality, 
however, the beam of silver atoms was found to break up into two 
parts, corresponding to the orientations 0 and 7. There is # particular 
reason for the absence of the orientation 7/2 (cf. p. 670). 

The Quantum Theory provides a fundamental unit for the magni- 
tude of the magnetic moment, the Bohr Magneton. Since the total 
angular momentum is an action variable and so must be an integral 

* ©, Stern and W. Gerlach, Ann. der Physik, 74, p. 673 (1924). : 

+ This type of field is not strictly of zero divergence. In carrying out the experi- 
ment it is even more closely approximated by means of a groove of rectangular cross- 
section that is cut in the plate. 
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multiple of h/2m (this holds for all atoms, not only for hydrogen), it 

follows from the magneto-mechanical parallelism (p. 463) that the 

magnetic moment must also be an integral multiple of the quantity 
eh 


= =927x10%emu. . . . (60) 
4am,\€ 


ba 


The atomic ray experiments actually gave a deviation for silver which 
yielded | # | = 1-p,, but one cannot expect the susceptibility measure- 
ments evaluated according to p. 458 to give integral numbers of mag- 
netons, since the directional quantization is not assumed in this evalua- 
tion (cf. p. 672). 

With the aid of equation (53) (p. 663) and equation (60), we can 
write at once the energy changes experienced in a magnetic field by 
an atom with secondary quantum number &, i.e. with moment of 
momentum kh/27: 

AE = — PH=-+4 p,kH cost = + p,m 
ehH 


— 4am,¢ 


mO<|m|Sk . (61) 


In order to find how the spectral lines are split up, we must derive 
selection principles for the spatial quantum number m. We again 
turn to the Correspondence Principle and use it to determine the 
nature of the light observed in various directions when the radiation 
takes place according to the classical theory. We can determine the 
time rates of change of the components of the dipole moment from 
the motions of the electrons. By p. 335 @& seg. these quantities 
determine the radiation of the “‘ antenna system”. At the same time, 
we must bear in mind the fact that a Hertzian oscillator emits no 
radiation in the direction of its axis. Hence, if we observe in the direc- 
tion of the magnetic field (“‘ longitudinal effect”) we do not perceive 
the z-component of the motion of the electrons, which is not affected 
by the field. The a- and y-components, which execute the Larmor 
precession, are observed completely. The Fourier analysis yields 
combination frequencies of the form sy, + vg + vs. In accordance 
with the Correspondence Principle, this means that only the quantum 
transition Am = -+1 occurs for radiation in the direction of the field, 
and that since the classical radiation is circularly polarized in the 
initial and final orbits, the emitted light is circularly polarized. In 
observing perpendicular to the field (“transverse effect”), the unin- 
fluenced component is observed completely. Its Fourier analysis does 
not contain v3, but only frequencies of the form sv, -+ vg, so that we 
have quantum transitions Am = 0 connected with radiation normal 
to the field. The light vibrations are then parallel to the field. Of 
the transverse components of motion, i.e. the - and y-components, 
the one in the line of sight will not be observed; the light sent out by 
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it is linearly polarized in a direction normal to the field. Since the 
combinations sy, + v, + v3 again occur in the Fourier analysis, 
the transitions Am= +1 correspond to them. Then, on account 
of the fact that m;— m, is limited to +1 or 0, the lines are divided in 
the following way: 

re ehH eH 


= ae: (m,— m,)=0 or Av= + ies. 


(62) 


In the longitudinal effect the value 0 is excluded and the light of both 
components is either right-handed or left-handed circularly polarized,* 
while in the transverse effect the undisplaced lime is polarized in a 
direction parallel to the field, the side components in a direction normal 
to the field. This pattern of lines is called the normal Lorentz Triplet. 
The theory of this pattern was derived by Lorentz using the simple 
linear oscillator as a model of the radiating atom.t The Quantum 
Theory goes no farther; this is strange, since the normal Zeeman 
effect is shown by relatively few lines, and most lines exhibit much 
more complicated patterns containing large numbers of components— 
the so-called anomalous Zeeman effect. Nevertheless, regardless of 
how complicated the atom may be, the total angular momentum being 
constant in time is an action variable, and hence subject to the quan- 
tum condition; thus our formula is generally valid as long as the 
normal connexion between moment of momentum and magnetic 
moment obtains. 


9. Difficulties arising in the Atomic Theory of Magnetism. Explanation 
in Terms of the Spinning Electron. 


The anomalous Zeeman effect is not the only difficulty offered by 
magnetism in the mechanics of the atom. The fine structure of many 
lines, e.g. the division of the familiar yellow line of sodium 1S — 2P 
into two components 5890 and A5896 A.U. even in the absence of a 
field, is still unexplained. The components of this multiplet are really 
connected, and are not formed merely by lines which happen to lie 
near each other: if these lines are examined in a magnetic field of 
increasing strength, the pattern changes when the separation of the 
Zeeman components becomes comparable with that of the original 
lines and passes over into a single normal Lorentz triplet for very strong 
fields. This is known as the Paschen-Back Effect. One would conclude, 
then, that the doublet is caused by an internal magnetic field, and 
the location of this field would be assumed to be the core. But this 
cannot be, for the alkali ions corresponding to the core are known to 
be diamagnetic, and so are incapable of generating a field. 

* It is convenient to remember that the short-wave component v + Av rotates in 


the same sense as the current which would cause the external field. 
¢ H. A. Lorentz, The Theory of Electrons, London, Macmillan & Co. (1909). 
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Atoms with several valence electrons exhibit multiplets of much 
greater complexity. According to our previous computations these 
components should all come together to form a single line. For sim- 
plicity we consider not the splitting of the lines, which are always 
given by the difference of two terms, but rather that of the terms 
themselves. The S term is always single. The multiplicity increases 
with & up to a maximum value and remains constant thereafter; the 
multiplicity does not depend on the principal quantum number, and 
so is a characteristic quantity for each term sequence. The term 
system is designated as singlet, doublet, triplet, . . . according to the 
highest multiplicity. This multiplicity is written as a superscript to 
the left of the term symbol; thus 3S signifies the “triplet S state ” of 
the atom. An atom with several valence electrons has several term 
systems with various multiplicities. For example, the alkaline earths 
possess a singlet system and a triplet system. As we proceed from 
column to column of the periodic table the even and odd multiplicities 
alternate. The multiplicities of a singly-ionized atom correspond to 
those of the preceding neutral atom. The highest multiplicity in the 
term system of an atom is greater by one than the number of valence 
electrons, i.e. one larger than the number of the column of the periodic 
table in which the atom belongs. Thus, for an element of column VII 
—e.g. manganese—octuple terms can occur. Were it not for selection 
rules, 64 lines could result from combinations between two such octet 
levels. Despite the fact that this number is reduced by the existence 
of selection rules, the tremendous richness of the spectra of atoms 
with many equivalently bound electrons is easy to understand. An 
analysis, however, yields a representation of the spectrum as com- 
binations of a moderate number of multiplet terms. The lines re- 
sulting from the division of the terms may be represented formally 
by giving each sub-level a new quantum number j, introduced by 
Sommerfeld as the “inner” quantum number. The selection rule for 
j is 

Aj=0 or +1, with the transition 0 + 0 forbidden. . 


Concerning the physical significance of 7, Sommerfeld surmised at the 
very first that 7h/27 represents the total angular momentum of the 
atom; this may now be considered a proven fact. For an alkali atom, 
whose core is not magnetic and which therefore has no angular momen- 
tum, j would then appear to be identical with k, the angular momentum 
of the orbital motion of the valence electron. But this is evidently 
not the case, for there are two different values of j corresponding 
to the same & in the P term; hence there must be something 
else in the atom which is magnetic and which possesses angular 
momentum. 

A further remarkable fact is the following: The spectra of the one 
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electron systems H and He+ also exhibit “ fine structure” which, how- 
ever, is quantitatively explained by a theory taking into account the 
relativistic variability of mass of the electron. Even in the absence 
of perturbations by the core, the orbits of various eccentricities have 
different energies on this account. For the alkalis, the splitting due to 
the different eccentricities is greatly increased by the core potential 
and the orbits of different eccentricity are separated into S, P, D terms, 
so that the relativistic effect plays a comparatively insignificant part. 
Nevertheless, the alkali doublets follow the same law as the relativistic 
hydrogen doublets as far as the dependence on nuclear charge is con- 
cerned. This might lead one to abandon the magnetic interpretation 
of the alkali doublets, yet there is still the possibility that both types 
of division follow the same law as a matter of chance. 

Finally, we refer in this connexion to the magneto-mechanical 
anomaly found in the Hinstein-de Haas Effect (p. 463), in which values 
of the magnetism of ferromagnetic substances result which are twice 
as great as those to be expected according to the magneto-mechanical 
parallelism. 

All of these difficulties were removed at one stroke by Goudsmit 
and Uhlenbeck by their bold assumption that the electron itself’ possesses 
a magnetic moment and a mechanical angular momentum.* The mag- 
netic moment is assumed to be one Bohr magneton, while the moment 
of momentum is taken to be only 1/2(h/27). These assumptions are 
justified by their results. The magnetic moment may be pictured as 
originating from rotation of the electronic charge about an axis, and 
it is not difficult to find the distribution of charge which gives the 
correct ratio of magnetic moment to angular momentum. However, 
no deeper meaning is to be attached to such a detailed picture of the 
structure of the electron, since it cannot be verified in any way. Never- 
theless, this concept led to the term spinning electron. We refer to the 
inherent angular momentum as the spin of the electron. It is now 
understood that the magneto-mechanical anomaly for ferromagnetic 
substances—which are, without exception, metals—is due to the con- 
duction electrons, while for salts—where the magnetism is the resultant 
of the orbital and spin moments—the factor lies between 1 and 2. 


10. The Theory of Multiplets and of their Zeeman Effects. Quantum 
Theory of Paramagnetic Susceptibility. 

With the aid of the concept of electron spin one can readily bring 
order out of the chaos of multiplets. We limit our considerations to 
so-called normal multiplets for which the interaction of the electrons 
—called LS or Russell-Saunders coupling—may be represented by the 
following vector construction: 

1. All spin vectors s, may be combined algebraically into a resultant 

*S. Goudsmit and G. Uhlenbeck, Zeitsch f. Pays., 35, 8-9, p. 618 (1926). 
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spin s which is an integer or a half-integer (measured in units of h/2z): 
&s= zs; = a ste $. 


Thus for two electrons the resultant spin is either 0 or 1. 

2. All orbital angular momenta are to be combined vectorially to 
yield an integral resultant. Here we must introduce a modification 
which shows, for the first time, the insufficiency of our mechanical 
models: In order to keep the results in harmony with experience we 
find it necessary to decrease the orbital angular momenta by one 
unit. If these were the actual momenta, it would mean that the S 
orbits possess zero angular momentum, and would thus be straight 
lines through the nucleus. Only the newer quantum mechanics, which 
abstains from all special models, is capable of leading compulsorily to 
this numeration. One less than the secondary quantum number for 
each electron is called 1,. Thus l;= k,— 1. 
The integral resultant for several electrons is 
called the group quantum number |. The 
symbols S, P, D will be applied to the group 
quantum numbers, while the corresponding 
small letters will be used for the individual 
electrons. 

3. The resultants s and Z are to be com- 
bined vectorially into a resultant 7 which is 
integral (including zero) or half-integral, ac- 
cording as S$ is one or the other. The various 
integral or half-integral resultants are found by 
means of the following construction. Assume 
l>s. Describe a circle of radius s about the 

Figs terminus of the vector / (fig. 3). The terminus 
of the resultant must lie on this circle. Its in- 
tegral or half-integral values are constructed by drawing circles about 
the initial point of J, using the integers and half-integers as radii. The 
intersections of these circles with that of radius s mark the possible 
end points of the resultant vector 7. It is seen that for 1 > s the number 
of possibilities, for integral or half-integral spin resultant, is 2s + 1. 
This is then the multiplicity r of a term system corresponding to the 
spin resultant s. Since the latter is at most N/2 when there are N 
valence electrons, the maximum multiplicity is N+ 1. The other 
empirical rules given on p. 668 are obtained with equal ease from this 
construction. We attach the quantum number j to the term symbol 
as a subscript, e.g. 27P4/¢. 

4. In a weak external magnetic field (additional magnetic energy 
small compared with the natural multiplet separation) the vector 7 
sets itself with respect to the field in such a way that its projection on 
the field direction is a positive or negative integer or half-integer 
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according as j itself is one or the other. This gives (27 -+ 1) positions, 
since the projection 0 is allowable only when 7 is integral. 

5. In a strong magnetic field, on the other hand, the coupling 
between the orbital and spin vectors is dissolved; the resultant orbital 
angular momentum orients itself in such manner that its projection in 
the direction of the field is a whole number and, similarly, the resultant 
spin sets itself so that its projection on the field is a half-integer. 

These five rules not only embody a correct representation of multi- 
plets, but also lead to a formula for their Zeeman effect which is almost 
exactly correct. 

If we now compute the additional energy due to the magnetic 
field by means of the expression — HH, we are not permitted to assume 
the normal connexion between the total angular momentum jh/2n 
and the magnetic moment, for j is a combina- 
tion of the normal orbital angular momentum 
with the anomalous spin. The true relation- 
ship is obtained from the following considera- 
tions: the invariable axis of the atom is given 
by the direction of the total angular momentum 
vector 7. The vector of the resultant orbital 
angular momentum Z@ precesses about this line. 
Since 7 is by construction the resultant of Z 
and s, this means that the entire triangle OLS 
turns about its longest side. On the average, 
then, only the components of the vectors 7 and 
s in the direction of 7 contribute to the magnetic 
moment. On account of the anomaly of the Fig. « 
spin, the component of s must be included 
twice, so that the magnetic moment becomes (cf. fig. 4) 


eh 


Sl ] e ° ‘ 63 
aa (63) 

and since ee 
, s+ 7—l 64 
cos (s7) = a”. a (64) 

we have ; ' 

_ eh ate") ee 65 
|A| an 4rm.c ( as 9 bal: . (65) 


The factor in brackets, g, which measures the ratio of the actual mag- 
netic moment to the one to be expected in the normal case, is called 
the gyromagnetic ratio. The above value, however, does not yet corres- 
pond with experiment. The strange thing is that the correct formula 
is obtained only after replacing each 2” by x(x + 1), Le. 


{GP 1) +e 2D) — + 1) 
a a. (CT 
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This again demonstrates that the relations derived from models re- 
produce the facts approximately, but not absolutely correctly. It is 
only the new Quantum Theory which is capable of justifying formula 
(66). 

The fact that g has different values in the initial and final states 
gives rise to the large number of components in the multiplet pattern. 
It follows from the energy increments 


AE, = p,9imH and AE,=p,gym,H . . (67) 


that the m components of the transverse effect (polarized with the 
electric vector parallel to H), for which m,= m,= +m, are given by 


hAv, = + psm(9i— 9s), - + 6 + (68) 


and the o components of the transverse effect (polarized with the 
electric vector perpendicular to H), for which m,= m +1, my = +m, 
are given by 


hAv, = +p [m(g; — 9s) £91). « « (69) 


As we see, the normal pattern is obtained for 9; = g, = 1. 

If, however, the magnetic field is very strong, the resultant orbital 
and spin angular momenta orient themselves independently, and we 
have the energy increment given by 


AE = p,m, + 2y,m,H, es er! 


where m, and m, are the projections of Z and s on the direction of H; 
and since m, can have only the values +1/2 or —1/2, the energy 
increment is that found in the normal effect. 

On the basis of these considerations the calculation of magnetic 
susceptibility performed on p. 458 must be revised also. There we 
found that the magnetization of unit volume was given, according to 
the classical statistics, by 


__ NptH—; 
M = iT cos? 6. 


s 


Referring all quantities to one mol, the susceptibility then becomes 


(oo, 
x= GOP cost, * 0. 6 owles oe aay 


Since cos?@ = 1/3 in the classical statistics, we have a unique con- 
nexion between the susceptibility and the atomic moment p. Accord- 
ing to quantum principles, 


A ee ete MSA 
and since only 27 + 1 orientations—viz. those for which the magnetic 
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quantum number m is a whole number—are allowable, the mean value 
cos*@ becomes 


oe sm 25 (9 + 1) (29+ 1) _ 7 eas (73) 
29+ 1435? (29 + 1)j°.6 J 
This formula is valid for integral as well as half-integral values of j, 
as one may verify readily. Then we have 
y= aii + Dost 
3 RT e e e e e e 


On account of (72), the Curie constant, which was L*p?/3R in the 
classical case, is now 


9 — AGH + Dest _ LA G+ Y me 


(74) 


ee 
e e 


3 yr 


In order to calculate the elementary magnetic moment p from the 
observed value of C it would be necessary to know the value of 7 cor- 
responding to the atomic state in question. One must therefore pro- 
ceed in the opposite way by calculating g and then C from the values 
of the quantum numbers l, s and 7 determined in some other way— 
spectroscopically or purely theoretically—and then compare the 
results with observation. A test of (75) which is free from objection 
must be undertaken by means of susceptibility measurements on para- 
magnetic, monatomic gases, since it is only here that disturbing in- 
fluences are excluded. Unfortunately, the experimental obstacles have 
not yet been overcome, so that one must turn to experiments on 
solutions containing paramagnetic ions. Among the ions of the rare 
earths we find very good agreement between theory and experiment; 
this is understandable because, unlike the ions of the iron group, the 
electron shell responsible for paramagnetism is not at the surface and 
so is not subject to disturbances from neighbouring molecules. These 
disturbances prevent application of (75) in the case of the iron group, 
but at the same time they make conditions simpler. To a first 
approximation take all the terms of the ions of the iron group to be 
S terms. In this instance equation (75) becomes 


_ 41°S(S +1) ao. 

hac 3R La > 

i.e. the effective number of Bohr magnetons becomes 
Pert =S V48(S + 1). ._ © © @ @ (75”) 


The LS coupling treated here is not always developed to the exclusion of 
everything else. Among the heavier elements, transition types, representing the 
analogue of an incipient Paschen-Back effect, appear. Here we encounter for the 


c ee CED 
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first time the general principle that the orientation of the spin vectors conforms 
to the magnitude of the energy of interaction. In a weak field the coupling 
between Z and s overshadows that between the magnets and the field, so that 
Zand s are first combined to produce 7, which then orients itself in the field. But 
in a strong field both the coupling between / and the field, and that between s 
and the field, exceed that between Zand s. By the same principle the LS coupling 
is effective only when the energy of coupling between the orbit and spin of an 
electron is small compared with the magnitudes of these energies among the several 
electrons. The spin-orbit coupling energy increases rapidly with the effective 
nuclear charge, so that the conditions no longer apply to heavy atoms, particu- 
larly those with many valence electrons. The other extreme case, called jj coup- 
ling, is encountered, for example, in the spectra of multiply ionized lead. In this 
case the spin and orbital momentum of an individual electron combine into a 
vector 7, = J; +4. The total angular momentum is the integral or half-integral 
vector sum of the 7,;, but there is no resultant / or s, so that the nomenclature 
based on LS coupling cannot be applied at all. If this is occasionally done in 
connexion with, say, Pb terms, it is by analogy with the terms of homologous 
systems having smaller nuclear charge. X-ray terms, too, are of the jj type. Of 
course the g formula becomes quite different for jj coupling. A different g value 
must be substituted in the first part of (75), but the second part remains un- 
changed because it contains only the magnetic moment and the quantum number 
J, which is valid in both cases. 

Ex. 182. Sketch the relative positions of the terms arising in the case of two 
electrons with J, = 1 and J, = 0 for (a) LS coupling, (6) 77 coupling. 

Ex. 133. The Faraday Effect is the rotation of the plane of polarization of 
a beam of light when passed through a dense transparent medium situated in 
a magnetic field, the ray being directed along the field. Develop an approxi- 
mate theory of this effect by combining the results obtained for the Zeeman 
Effect with the dispersion formula of p. 453. 


x 


11. The Structure of the Periodic System of the Elements. Pauli’s 
Principle. 


After arriving at the concept that the electrons of the more com- 
plicated atoms are arranged in shells having various quantum numbers, 
it was natural to assume that a new shell is begun with each period, i.e. 
each time we come to an alkali metal. The principal quantum number 
of the valence electron would therefore have the values Li 2, Na 3, 
K 4, Rb 5, Cs 6. Hence the lowest term of Na, which correspends to 
the normal state, must be given the principal quantum number 3. 
But there is evidence against this, for the effective quantum number 
n* obtained from the spectroscopic term value lies in the neighbour- 
hood of 1-5. There must therefore be a very large Rydberg correction. 
That this is really the case is shown by the following considerations: 
Let us examine the similar systems Mgt, Al*++, Sit8, P+4, §+5* in 
which there is likewise one valence electron and a core consisting of 
ten electrons. It is to be expected that as the effective nuclear charge 
—which amounts to 2 for Mgt, 3 for Al++, &c.—increases, the per- 

* Fowler introduced another notation for the spectra of atoms in various stages 


of ionization: the “arc”, “spark” and “ super-spark ” spectra of an element Z are 
referred to as H,, H,, H,, &c., in this order. - 


ee 
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turbations caused by the core will decrease. If we plot the values of 
the 1S, 2P and 3D terms as functions of the atomic number, at the 
same time dividing each term by Z? in order to bring them to the same 
scale, we see from fig. 5 that both the S and the P terms converge 
toward the value of the three-quantum hydrogen level. Thus for the 
sodium atom the perturbation (caused by penetration of the orbit into the 
core) is really as great as indicated, and the above assignment of principal 
quantum numbers for the valence electron of the alkalis is justified. 
We follow Bohr in assuming an atom to be built up by adding 
electrons successively to a bare nucleus. It is then natural to assume 
that the quantum numbers of 
the orbits of the first, second, y 
third, &c., electrons are in- } 
dependent of Z, so that a 4 
system containing N electrons 
would be a model of the atom 
of atomic number NV.* This 
tule, suggestive of the Funda- 
mental Law of Biogenetics, is in 
general obeyed, but is violated , 
at certain places in the periodic 
table, i.e. for vertain values of 
Z, for which a reconstruction , 
takes place. That is, if we con- 


pee 
i sam 
sider the spectroscopically de- 


termined quantum numbers S| 


corresponding to the lowest Na Mg’ Al** si°* pt s** 
terms—the normal states—of Fig. § 

the atom, we find that the 

electrons in the first row are in s orbits. There is indeed no other 
possibility when n = 1, since k Sn or, otherwise expressed, /<” — 1. 
In the second row we find, besides s orbits, p orbits corresponding 
to the principal quantum number 2. The ground states of the 
atoms of the third row—the elements of which correspond both 
chemically and spectroscopically to those immediately above them— 
also have only s and p orbits, although, a priori, d orbits are also to be 
expected for n = 3. In Row 4 there are certainly 4s orbits for K and 
Ca. Now the following elements, Sc to Cu, exhibit spectroscopic and 
chemical behaviour quite different from that of the elements of the 
preceding row. Spectroscopically they are distinguished by high 
multiplicities of the terms, while in the previous rows the high multi- 
plicities possible according to the number of valence electrons (i.e. the 
column number) are not observed. The elements Sc to Cu are charac- 


* This model would, of course, be of a reduced size because of the greater nuclear 
charge. 
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terized by the occurrence of many valences and by the formation of 
complex ions which are highly coloured and are paramagnetic, while 
the ions of all previous elements absorb light only in the far ultra- 
violet and are diamagnetic. For this reason it has long been held that 
the 3d orbits, which do not appear up to this point, are inserted here. 
Bohr drew this conclusion from an extrapolation which has since been 
confirmed by analysis of the Sct++ spectrum: if the values of the lowest 
S, P and D terms for K and Ca+* are plotted as functions of the atomic 
number, the extrapolation to Sct+ shows that the largest term corre- 
sponding to the lowest energy state is a D term. Thus from Z = 21 
onward, the nineteenth electron is no longer placed in a 4s orbit, but 
in a 3d orbit. The unusual properties of the elements in the sequence 
Sc to Ni are attributable to the fact that all their electrons over 18 
belong to an unclosed group. It is only when we get to Cu that we 
again find the essential spectroscopic features of an atom having one 
valence electron, although the occurrence of additional lines and the 
chemical bivalence indicate that the underlying shell is still vulner- 
able to outside disturbances. Since Cu has 29 electrons and has one 
4s electron, as has K (Z = 19), a total of 10 3d electrons have been 
added in the series Sc to Ni. This subsequent filling out of a pro- 
visionally completed shell repeats in the following periods. The group 
of four-quantum orbits is completed with Kr, but in analogy with the 
other rare gases, this element has only 4s and 4p orbits. Nevertheless, 
the construction of the five-quantum electron group already begins 
at Rb; the filling in of this group is interrupted at Y, i.e. at the place 
corresponding to Sc. Again it is d orbits which are supplied to the 
four-quantum group in the series Y to Pd. It must be remembered, 
however, that the 4f orbits, which are also possible, have not yet 
appeared. Ag, which is definitely univalent, possesses a 5s electron, 
as does Rb. The 5s and 5p orbits are again closed at the element X, 
and the valence electron of Cs travels in a 6s orbit. The filling in of 
the 5d group is resumed with La, the third element of the series. At 
this point there begins a series of elements which are chemically very 
similar and which have no counterparts in the elements above them. 
These are the rare earths. There is every reason to assume that the 
insertion of the 4f group—which is not yet present—begins here. The 
number of 4f electrons to be supplied can be guessed by extrapolation: 
According to what we have seen, the relation between the quantum 
number and the number of electrons in a completed shell is given by 


Principal quantum number” .. 1 2 


Number of electrons .. .. | 2=2-12 | § = 2-2? 


It is to be expected, then, that there wil) be in all 2-42 = 32 four- 


ELECTRON CONFIGURATIONS OF THE ELEMENTS 


1s 4s 4p 4d 4f 5s Bp 5d 68 
1H 1 
49In 2 6 10 2 1 
2 50 Sn 2 6 10 2 2 
23 2p 61 Sb 2 6 10 ‘ : 
: 62Te 2 6 10 
; a : 531 #2 6 10 2 6 
5B 2 1 54 Xe 2 6 10 2 6 
: ¥ : A 55 Cs 2 6 10 2 6 1 
80 29 4 566 Ba 2 6 10 2 6 Oo» 
9F 2 8 57 La 2 6 10 256 1 2 
10 Ne 2 6 68 Ce 2 6 10 2 2 6 1 2 
59 Pr 2 6 #10 3 2 6 (2) (2) 
33_ 3p _3d_ 4s 60 Nd 2 6.10.4 2 6 O 2 
61 Pm 2 6-,10,.5 2 6 (0) (2) 
2 Me “ 62Sm 2 6 10 6 2 6 O 2 
13 Al 2 1 63 Eu 2 6 10 7 2 8 O 2 
148i 2 2 6464 26107 & 6 2 
1P 2 3 6 Tb 2 6 10 9 2 6 1 2 
we 2 4 66 Dy 2 6 10 10 2 6 (1) (2) 
17Cl 2 5 67 Ho 2 B 10 i1 2 6 (1) (2) 
ig A 2 6 68 Er 2 lomice 2 56 1 2 
69Tm 2 6 10 138 2 6 O 2 
I9K 2 6 1 70Y¥b 2 6 1014 2 6 0 2 
22 Ti 2 6 2 2 5s ip 5d 63 6p 6d Ts Of 
BV £6 8 2 
72H 2 6 2 2 ; 
Fs ch A ; 4 : 73Ta 2 6 By PD Te Technetium 
14W 2 6 4 2 Pm Prometheum 
26Fe 2 6 6 2 € 
27Co 2 6 7 2 75 Re 2 6 5 2 At Astatine 
8Ni 2 6 8 2 760s 2 6 6 2 Fr Francium 
29Ca 2 6 10 1 Tid @ 6 7 2 Np Neptunium 
78 Pt 2 6 9 1 Pu Plotonium 
4s 4p 4d _5e | 79 Au 2 6 10 1 Am Americium 
30 Zn 2 80Hg 2 6 10 2 Cm Curium 
31Ga 2 1 81 Tl 2 6 10 2 1{| Bk Berkelium 
32Ge 2 2 g2fb 2 8 io 2 2) 
33 As 2 3 8s Bi 2 6 10 2 3) B Etsteinmum 
34Se 2 4 84 Po 2 6 10 2 4/| Fm Fermium 
35 Br 2 G 8 At 2 6 10 2 6] Mv Mendelevium 
36 Kr 2 6 86 Rn 2 6 10 2 6 
ues 1 | erm 2 6 10 2 6 1 of 
ee os ¢ 1 ao) eee et 6 tee 2°. 
100m 2 6 2 2 89 Ac 2 6 10 2 6 1 2 
anb2 6 41] fh 2 6 10 2 6,2 2 
42Mo 2 6 5 1 91Pa 2 6 10 2 6 1 (2) ~= (2) 
43 To 2 6 (6) (2) 92 U OF 9 2 (3) 
a: 2 eo 93 Np 2 6 10 2 6 (1) (2) (4) 
&ene 6 8 1 04Pu 2 B 10 2 6 (1) (2) (5) 
46 Pd 2 6 10 9% Am 2 6 10 2 6 (1) (2) (6) 
Sm 268 10°41 Cm 2 6 10 2 6 (1) (2) ~ (7) 
48 Ca 2 6 10 2 97 Bk 2 6 10 2 6 (1) (2) = (8) 
es cf 2 6 10 2 6 (1) (2) (9) 
99 E 2 6 10 2 6 (1) (2) (10) 
100 Fm 2 6 10 2 6 (1) (2) (il) 
101 Mv 2 6 10 2 6 (1) (2) (12) 


Closed shells are not repeated in the succeeding parts of the Table. Numbers in 
parentheses are conjectural. 
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quantum electrons, of which 18 have already been placed, leaving 14 
rare earths. This result, found by means of what is in a sense numerical 
mystics, has proved to be of great practical importance—it led to the 
discovery of element 72, which was named Hafnium, after Copen- 
hagen, where Bohr resides. While this element was formerly looked 
for among the rare earths, this suggests that it is homologous with Zr, 
and, as a matter of fact, the zirconium minerals contain halfnium in 
considerable quantity. As in the preceding periods, the filling in of 
the 5d group is resumed with Hf and completed at Pt. Au, like Cs, has 
again a 6s electron, and in the following elements as far as Rn (radium 
emanation) the rare gas configuration, consisting of s and p electrons, 
is again built up, so that the seven-quantum electrons begin with the 
following row. The subsequent insertion of the 6d electrons is resumed 
with Ac. The construction of the five- and six-quantum electron shells is 
not completed, since the periodic table stops at element 92. The reason 
for this termination is undoubtedly that the heavy nuclei are unstable, 
since all elements from 84 onward are radioactive. The “transuranic” 
elements 93 to 98 have recently been produced artificially in the United 
States. As to the electron shells of these elements, the 5f shell appears to 
begin with Ac, so that the atoms from this point onward form a new 
“rare earth” group that has been named the actinide series. 

The number of electrons of the same quantum number n contained 
in a completed shell follows from a simple but far-reaching rule dis- 
covered by Pauli.* If a certain direction is marked by means of an 
external magnetic field, the state of a spinning electron is determined 
by four quantities: major axis, eccentricity, and orientation of the 
plane of the orbit and orientation of the axis of spin. These are charac- 
terized by the quantum numbers n, 1 =k — 1, and the projections 
m, and m,. Now the Pauli principle states that each combination of 
the four quantum numbers can occur but once in any atom, Le. in 
no atom can there be two electron orbits for which all four quantities 
agree. If we remember that m, can have the values +1/2 and —1/2, 
we can dispense with the spin number by saying that in any atom there 
are at most two electrons for which n, J and m, agree. For a quantum 
number / = 1 the projections are m, = 1,0, —1; for] = 2, the possible 
projections are 2,1, 0, —1, —2; in general, 21 + 1 different values of 
m, are possible. Hence, on account of the fact that the number of 
possibilities is doubled by including the spin, there are 2 s electrons, 6 
p electrons, 10 d electrons, &c. Since | assumes all values from 0 to 
nm —1, the number of n-quantum electrons obtained by summation 
over all possible values of J is given by 


N,+E2(l+1)=2nt, .... (76) 
0 


© W. Pauli, Zettschr. f. Phys., 31, p. 765 (1925). 
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i.e. exactly the relation given by what we referred to above as numerical 
mysticism! 

Despite the fact that the Pauli principle offers a simple formula 
for the number of electrons in a completed shell, the problem of the 
periodic system cannot be considered fully solved until it can be 
shown why the construction of the three-quantum orbits, for example, 
is not completed in one step but is resumed at Z = 21. Attempts to 
solve this as a problem in atomic mechanics would lead to the hope- 
less task of computing the energy of each configuration. Fermi made 
a start toward a solution by treating the electrons in the shells as an 
electron gas. They are then subject to the Fermi-Dirac statistics 
(p. 631), and in this way it was found possible to give a very satis- 
factory answer to the above question. 


12. Elements of the Theory of Band Spectra. 


Spectroscopists have distinguished for a long time between line 
spectra, which are due to free atoms, and band spectra, in which a mul- 
titude of lines—sometimes unresolved—present the appearance of a 
grooved or fluted surface. Even before the development of the theory 
it was surmised that band spectra are to be attributed to molecules. 
The theory of these extremely diversified spectra is exceptionally 
complicated and extensive, but offers an unexpected insight into the 
structure of molecules. However, only an outline of the theory can be 
reproduced here. 

The complex nature of band spectra is due to the fact that a mole- 
cule can contain and lose or gain energy not only in the form of elec- 
tronic energy but also as energy of rotation and internal vibration. We 
confine our attention to the theory of spectra of diatomic molecules; 
among emission spectra these occur most frequently. Let us represent 
a diatomic molecule by a dumb-bell model. In addition to the energy 
of the electrons, the energy of this system can consist of rotation 
about an axis normal to the figure axis and oscillation of both nuclei 
along the figure axis. . 

Let us first consider pure rotation spectra, i.e. spectra resulting 
when only the state of rotation of the molecule changes. The quantum 
states of a rotator of moment of inertia I are obtained as follows. 
Since there is but one moment of inertia J normal to the figure axis, 


E=Ey,=t1¢, .... . + (77) 
i.e. i, eri 3) 


If ¢ is constant, the quantum condition is 


fp pydd =24ndl =mh, ie. d= = » « (79) 
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H h ; BE mh? 
ence the energy is moo ft tt ees (80) 

On the classical theory, the rotation of a molecule can result in radia- 
tion only if the molecule is polar, i.e. when the centres of gravity of 
the positive and negative charges do not coincide, in which case the 
molecule has a positive and a negative pole. In this case the system 
represents a combination of two Hertzian oscillators, for which the 
results of p. 341 hold. This is the case, for example, for the halogen 
hydrides, but not for the symmetric molecules N2, 0,, &c. According 
to the Correspondence Principle, then, pure rotation band spectra 
are possible only with polar molecules. It follows, further, from the 
uniform simple rotation (absence of overtones) that m can change only 
by one unit, so that the transition m + 1 -> m takes place in emission. 
For the emitted frequency this gives 


y= ste lim+ 1) — m= (im +d), (81) 


i.e. there is a sequence of lines which are equidistant on the frequency 
scale,* and whose separation is 
h 
Av = ey e © ® (82) 

Substituting this value in (81), we obtain a relation between the fre- 
quencies and their differences which contains only observable quan- 
tities: 

v=Avim+}). . . 2 ee © (83) 
Remarkably enough, experience shows that instead of this relation, 


we must write 

v= Av ~m™m, eee ee @ (83’) 
This form would be obtained by giving m half-integral values, but no 
reason for doing so is indicated. The same result is obtained by re- 


placing m? in (81) by m(m + 1), as we did in the case of the g formula, 
for then we have 


y= hg Lim +1) (m-+2)—m(m-+1)] = pag (m+), (83") 


which means simply an increase of the current number by one, and 


* It should be noticed that these formuls, as they stand, are written in terms of 
actual frequency; it is easy to convert to wave numbers by dividing by ¢ if desired, 
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thus agrees with equation (83’). If we again reduce the current number 
by one and once more call it m, we get the final form 


hm : "e 
v= Tor oye ce Sey 
The newer quantum theory yields precisely this expression for the 
energy of a rotator. Thus we see once more that the theory based on 
models agrees with observation only after introducing a modification. 

We now go a step further and assume that the state of oscillation 
also experiences a change. The resulting bands are called rotation- 
vibration bands. While the pure rotation bands lie in the far infra-red 
—in the neighbourhood of 30 u—the rotation-vibration bands fall in 
the near infra-red, in the vicinity of 5 ». Both types of band are 
observed in absorption, but it is more convenient to develop the theory 
for emission. The absorption lines coincide with the emission lines, 
for a large number of molecules already possess several quanta of 
rotational energy on account of the thermal motion, so that the initial 
levels of a large number of molecules already contain several rotational 
quanta, in contrast with the atoms, where the thermal energy is not 
sufficient to provide an appreciable number of excited atoms. The 
absorption lines are obtained by interchanging the initial and final 
states. 

By p. 94, the quantum states of a harmonic oscillator in which 
a mass M vibrates about a position of equilibrium are given by 


h |[k 
By hy =e | +. ree 


In our model the nuclei vibrate in opposite phase, so that the centre 
of gravity remains at rest. The calculation of the characteristic vibra- 
tion of this system is a problem quite similar to that on p. 651, where 
the motion of the atomic nucleus was taken into account. Here, too, 
we find (cf. Ex. 43, p. 110) that it is only necessary to replace the mass 
of the particle by the reduced mass py, where y 


| i 1 


» My, M, e e e © ° e 


. 


(85) 


Hence the energy states of a molecule which are due to oscillation and 


rotation are h?m(m + 1) 
an 7) T . e ° e e 


En, m = thy, + (86) 

As long as the binding force on the nuclei is strictly harmonic, the 
Correspondence Principle again gives An = +1 as the selection rule 
for n. Nevertheless, on account of the fact that the restoring force is 
not perfectly harmonic, higher quantum transitions also occur; these 
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are referred to as overtone bands, The frequencies of the lines of the 
fundamental band are, according to (83), 


hm 

v= t pay °“ e@ © ee # e 
Here the sign of the rotational part may be either positive or negative. 
Since the oscillational contribution is by far the greater (it displaces 
the system toward the near infra-red), it may happen, in emission, 
that a transition n + 1 — n occurs together with a rotational change 
m — 1-+m without any change in sign of the transformed energy. 
The lines thus appear on both sides of the null line », which is itself 
absent. The quantum mechanical treatment of the oscillator also leads 
to half quantum number n, but this does not alter (87). 

If, in addition to the energy transformations already considered, 
the state of the electron shells of the molecule also changes, the emitted 
radiation falls in the visible region or in the ultra-violet. This repre- 
sents the usual band spectra which have the appearance of illuminated 
columns. The essentially new feature contributed by the electron 
transition is a change in the moment. of inertia and in the interatomic 
bond by penetration of an electron into the electron shell which is 
responsible for the binding force between the atoms. We must there- 
fore distinguish between the moment of inertia in the initial state and 
that in the final state, and also between frequencies of oscillation in 
the two states. Denoting the electronic energy by E., the energies 
of these two states are 


(87) 


j h?m,(m, +1 
By = BE + nghg + Pe, 
« « (88) 
h?m;(m;, +1 
Ey = EP + nghoy + ete 


These constitute the quantum-mechanical expressions for the energy 
states, insofar as the electron shells possess no resultant spin. If the 
latter does not vanish, the total spin j of the molecule is an integral 
multiple of h/2m and, according to the kind of coupling of the indi- 
vidual spin vectors, there will be many small differences which cannot 
be entered into here. In order to keep the formulas manageable in 
such cases, we make use of the fact, mentioned above, that except for 
@ small change in the constant term we get the same result by replacing 
the “ quantum-mechanical square” x(x +1) by (e+ 4)*%. Accord- 


ingly we write ae 
BE, = EQ + nhyt a (js + 4)%, 
: « « (880 
f) h? : 2 
Ey= Ey + nghvy + Say (js + 4)*. | 
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The Correspondence Principle states that transitions to j, =J originate 
in j;=j +1 and j;=j —1. However, in case of a non-vanishing 
electron spin the transition 7->j is also permitted. If we include 
this case, the following formule result for the three branches of 
a band: 


R- (positive) Branch: v = A + 2B(j +1) +C(j +1)*%, 
P- (negative) Branch: »v = A — 2Bj + C7’, . (89) 
Q- (zero) Branch: v = A + Cj + Cj’, 


where the abbreviations A, B and C are defined as follows: 


h fl 1 
A= va tn — mn +h ge(7— 7): 


a oe | 

B= (i +7). « (90) 
h {1 1 

o=3(7 -7)- 


As mentioned, the Q-Branch is absent if the spin of the electron shells 
is zero. The designations R, P and Q are arbitrary and have an historic 
origin, 

‘The positions of individual lines are represented very vividly by 
a diagram due to Fortrat (fig. 6). In a rectangular system of co- 
ordinates take v as abscissa and m as ordinate. For the present assume 
m to be continuously variable. Then we obtain three parabolic arcs 
for the three branches. But only the points whose ordinates are whole 
numbers correspond to spectral lines. We must therefore cut these 
curves by the lines m = 1, 2, 3, . . . and project the points of inter- 
section on to the y-axis. It is then easy to see the way the head of the 
band originates; it is a point toward which the lines crowd together, 
but is not a mathematical accumulation point like a series limit. This 
representation also suggests why a band has the superficial appearance 
of being a spatial configuration. 

If we now consider the bands which belong to various values of 
n, and ”;, we must remember that the harmonic binding is merely 
a first approximation to the power series development of the actual 
law of force. As a result, the selection rule for n is not obeyed. The 
change in the energy levels caused by the higher powers in the law 
of force will not be taken into account here. The contribution of the 
change in the state of oscillation then becomes 


Vos = My Ve — Np Vy = (Ny — Ny) ¥; + Nz(Vg— vy). . (91) 
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The second form yields a subdivision of the doubly infinite manifold if 
the oscillation frequency is not changed very much by the electron 
transition. In that case the second term is small compared with the 
first and we can collect all partial bands corresponding to the same 
change of m into one band group, while the entire band system is ob- 
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Fig. 6 


tained by admitting all possible values of (n,; — ny). All lines belonging 
to the same band system correspond to the same electron transition. 
Thus the event which gives rise to a single line in atomic spectra is 
the cause of a band system consisting of many thousands of lines. 
However, in this connexion it must be remembered that only one 
of the many lines is emitted or absorbed as a quantum hv in each 
elementary process. If the electronic states of molecules were as 
numerous as those of atoms, we would obtain a maze of many band 
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systems. Fortunately the number of possible energy states of the 
electron shells of molecules is, evidently, considerably smaller (except 
for H, and He,), so that a molecule generally possesses only a few 
band systems. The reason is that more violent disturbances of the 
electron shell which effects the bond lead to the decomposition of the 


molecule, 


CHAPTER XL 


Critica, Atomic THEory: THe New Quantum MEcHANICS 


1. The Wave and Particle Aspects of Light. Compton Effect and Raman 
Effect. 


Although the phenomena of interference appear to prove that 
light is of the nature of waves, we have always treated emission and 
absorption as though the light consisted of individual energy centres 
(quanta) of amount hv which could not be subdivided. This quantum- 
like energy transfer has been rigorously demonstrated by an enormous 
number of experiments. Attempts to introduce this process into the 
wave picture by assuming that the atom could store up the electro- 
magnetic energy incident on it until the quantity hv is reached, 
lead to quite impossible accumulation times for X-rays, so that 
this procedure was soon abandoned. Attempts to give the quanta 
themselves such properties that interference phenomena would result 
without waves proved equally unfruitful. There remains no other 
course but to look upon waves and quanta as two observable aspects 
of a single phenomenon whose true nature cannot be described in 
terms of any mechanical model. A crude representation of this dual 
property of light by assuming certain points on the wave front to be 
the seat of the energy also proved impossible. In no way can we 
spatially localize the quanta in a light wave. The true source of these 
difficulties will become apparent in the following section. We shall 
begin with the discussion of a phenomenon which more than any 
other brings into prominence the corpuscular nature of light, and 
which was therefore considered for some time to be the expert- 
mentum crucis for the quantum nature of light. This is the Compton 
effect.* 

If monochromatic X-radiation is allowed to fall on a scattering 
substance—e.g. a block of paraffin—and if the laterally scattered 
radiation is examined spectroscopically, the original line is found to 
have a companion on its long-wave side, the separation of the two 
depending upon the angle between the primary ray and the direction 


* A. H. Compton, Phys. Rev., 21, p. 483 (1923); Phil. Mag., 46, p. 897 (1923). The 
theory was ett almost at the same time by P. Debye, Physikal. Zeitachr., 24, p. 161 


(1923). os 
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of scattering (direction of observation). The position of the secon- 
dary line can be computed in a frankly naive way by considering the 
scattering process to be the collision of a light quantum (or photon) 
with an electron. The energy delivered to the electron according to 
the elementary laws of impact must result in a decrease of energy— 
and hence a decrease in frequency—of the primary ray. We may look 
upon the electron as being free if it is one of the outer electrons of an 
atom, for in the X-ray region the quanta have energies of several 
tens of thousands of electron volts, while the work of removal of an 
outer electron is of the order of but a few electron volts. This, in fact, 
is the reason that the pheno- 
menon is observed only in the 
X-ray region. We now write 
the equations of conservation 
of energy and conservation 
of momentum for this colli- 
sion process. The latter we 
shall decompose into its com- 
ponent equations for the 
direction of the primary ray 
and the direction normal to 
it. Denote by v’ the fre- 
quency of the scattered light, by m the mass of the electron, by ¢ the 
angle between the primary ray and the scattered ray, and by § the 
angle between the primary ray and the velocity vector of the recoil 
electron (cf. fig. 1). By the principle of the inertia of energy 
(p. 258), the “mass” of the photon is 


=e 


Fig. 1 


Mg=—. «© » + 0 Cisne te) 
so that its momentum is 
hy 
mc — an e ° e e & e e (2) 
We then have the energy equation * 


hv=hv'+ 4m, 2 ww we (8) 


and the two component momentum equations 


ve 2 cos¢ + mv cos$ 
hv’ ° e e e e (4) 
0= > sind — mv sind 


Since we are interested only in the frequency v’ of the scattered light 
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as a function of the angle of scattering ¢, we eliminate 5 from the 
two momentum equations and obtain 


h2 
m2 y2 — a (v2 yp? — Qvv’ cos ¢). o e@ (5) 


For light of not too short wave-length we have v—v'< »v (this 
approximation is not justified for y-rays), so that we may replace v’ 
by v in the term mv®/2 of the energy equation. From (5) we then have 


+ ee 
hv= hy -- wat (1 re cos ¢), . ee @ ° . (6) 


Qhy? . 
whence Av= v—- VS We sin? §. ° ee @ e (7) 


This equation may be put in more elegant form by introducing the 
change in wave-length 


ae 
Vv 


in place of the frequency change. Then there results 


2h. . 
AA= 2h sin? £ = 2), sin? &, re mre «| 
The wave-length A, introduced in this way is the wave-length of 
radiation whose photon has an inertial mass equal to that of the elec- 
tron, for then we have 
ee 
a yet ch 
The numerical value of A, is 24 X 10- cm., so that this wave-length 
falls in the y-ray region. Despite the fact that we neglected the rela- 
tivistic variability of mass in deducing equation (7), it is strictly cor- 
rect, for exactly the same final result is obtained when this effect is 
taken into consideration. 

In examining the scattering of visible light by liquids or gases, 
Raman * discovered an effect which is superficially similar to the 
Compton effect, but is fundamentally different from the theoretical 
standpoint. Here again displaced lines are found near the primary 
line, but their displacement does not depend on the direction of 
scattering, as it does in the Compton efiect. This phenomenon, 
too, may be interpreted, in its larger features, as a division of 
the photon into smaller quanta in the scattering process. Part of 
the energy of the primary quantum is given to the scattering mole- 
cule as energy of vibration or of rotation, or else some of the molecular 


*(, V. Raman, Ind. Jour. Phys., 2, March (1928). See also Nature, 121, p. 501 
(1928); ébid, 122, p. 12 (1928). 


Ee aiticdue 9 et 
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energy is added to the primary photon. The equation of energy is 
hyv= hv Jn, sw ee) 


where vy) must be one of the characteristic frequencies of the molecule, 
as determined from its band spectra. The details of this phenomenon 
require a more exact theory, the basic features of which will be given 
in Chap. XLI, § 3 (p. 716). 


2. The Inexactness of Atomic Observations. 


Heisenberg was the first to recognize the fact that the motions of 
electrons in the atom are, as a matter of essential principle, incapable 
of being verified experimentally. In celestial mechanics we can check 
our calculations by computing the future configuration of the heavenly 
bodies from their instantaneous positions and velocities and then 
comparing the results with observation. For the electron system of 
an atom, however, the rigorous determinism of classical mechanics is 
lacking—we cannot ascertain the necessary initial conditions. This is 
inherently impossible, quite apart from technical difficulties, the 
reason being that any means of observation by which atomic pro- 
cesses are conveyed to our perceptions causes a disturbance of the 
electron system of the atom. 

If we allow our imagination free rein and disregard all technical 
difficulties, the first thing we might try is to determine the instan- 
taneous positions of the electrons with the aid of a microscope. The 
limit of resolution of this instrument is given by \/2A, where A is the 
numerical aperture, which we take equal to unity—i.e. we take the 
angular opening of the incident pencil to be 7/2. If we now demand 
that the position of the electron is to be determined to within at least 
1 per cent of the radius of the atom (10-8 cm.), we must employ 
light whose wave-length is of the order of 10-" om., ie. 1 X.U. The 
relative change in wave-length caused by the Compton effect is ex- 
tremely large for such short waves, as one sees from the fact that for 
the characteristic wave-length 24 X.U. and a scattering angle of a /2 
we already have AX= 2. From (5) the momentum of the: recoil 
electron is approximately * . 

my = alli? he 10 
: Bs el we es (10) 
This is the change in momentum of the electron resulting from its 
observation by means of y-rays. Since we assume a range in angle 
of from 0 to 7/2, corresponding to the aperture of the microscope, the 
momentum is determined only to the quantity 


fs Nas se 6 © © © (11) 


* Putting »’ & ». 
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since all the light contributing to the image must be scattered by the 
object and so must participate in the Compton effect. We may measure 
the velocity by analysing the scattered light spectrally, determining 
the velocity of the scattering particle from the change in wave-length 
caused by the Doppler effect. But we do not know how to take into 
account the velocity change due to the Compton effect. The original 
velocity might have been changed by the act of observation, in which 
case the error of observation lies in the range Ap. If we use longer 
waves in order to reduce the Compton effect we make the determination 
of position uncertain. On account of diffraction, the error Aq in the 
position determination is of the order of magnitude of A, hence the 
product of the error in the position co-ordinate by that in the momen- 
tum co-ordinate is 
Aphg wh . « «© 6 « « « (12) 


This equation represents one of the most important principles in 
theoretical physics; it shows us the limits of applicability of mechani- 
cal causality. It has pointed out new paths in atomic physics: no 
longer is it a task of the theory to disclose subatomic processes; rather, 
the theory must—without considering phenomena which are inacces- 
sible to observation—create a mechanics which reproduces the 
observable quantities—the spectral lines and the energy levels—from 
a model, of which we are required to know only the component parts 
and the acting forces but not the mechanical constants of integration. 
From this point of view we can understand, for example, why attempts 
to explain chemical bonds by introducing phase relationships between 
the electron orbits of the constituents were unsuccessful. 

The indeterminacy relation, which holds for any pair of canoni- 
cally conjugate variables, becomes of especial importance when applied 


to energy and time:* 
AE ° At FY h. e e e e e e e (13) 


Since the quantum energy states are usually thought of as being 
absolutely sharp, this implies that we can say nothing regarding the 
time an atom remains in such a state. Actually, it is found that after 
eliminating all broadening influences like the Doppler effect, a spectral 
line still has a finite width, so that the energy levels must be considered 
to have a finite—although very small—breadth. From this we deduce 
a time interval of the order of 10-° sec., which is interpreted as the 
time the state persists. 

These considerations throw new light on the failure of all 
attempts to treat theoretically the process of emission itself on the 
basis of the concepts developed in the preceding chapter. Our ordinary 


* In order to see that these quantities constitute a pair of canonically conjugate 
variables, consider the second of Hamilton’s Equations on p. 122. If we put H = B= 
p it follows that dq/dt = l,ie.g = ¢. 
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ideas would lead us to require of such a theory that it should furnish 
an equation which gives the amount of energy radiated at each instant, 
ie, H ==f(t). However, such a relation could not be tested experi- 
mentally. If, for example, we divide the time of emission, which is 
empirically known to be of the order of 10-8 sec., into 107 intervals— 
a continuous function must permit of any arbitrarily small division 
of the variables—and if we require that it be possible to give the 
energy content of the atom for each of these intervals, we find that 
we are asking the impossible, for the indeterminacy relation gives for 
the error in the energy 
-27 
Ag = SOX I = 66 x 10 erg, 

But the work of excitation of, say, the line 42537 is about 5 electron 
volts, or 

BX 48 x 10-20 


sa 300 


=8 x 10°" erg. 


Comparison of the results shows that the error in the energy is about 
as large as the entire amount of energy available. Parenthetically, it 
might be remarked that for the radiation from a macroscopic antenna, 
on the other hand, neither the error in the time nor that in the energy 
is important, on account of the magnitude of these quantities, so that 
the description of the process of emission by means of a Hertzian 
oscillator adequately represents the facts. 

If we extend the indeterminacy relation, which was originally 
proved for electrons, to all the elementary particles—electrons, nuclei, 
photons—for which analogous hypothetical experiments can be devised, 
we see at once why it is experimentally impossible to localize the 
quantum in a monochromatic wave train of frequency v. In an 
infinitely long wave train—in this case only is the wave mono- 
chromatic—the momentum hy/c of the photons can be given exactly 
by means of spectroscopic determination of the wave-length, but this 
makes the position co-ordinates completely indeterminate. Qn the 
other hand, if the time at which a photon passes a given point in space 
is confined between certain limits by using a wave train of finite length, 
the light is then no longer monochromatic, for it can be represented 
by a band of infinitely long trains of Fourier waves (cf. p. 57). In 
the curve which gives the intensity as a function of the frequency, 
the distance between the two frequencies for which the intensity has 
half its maximum value is given by 


Av=—. 2... «+e. (14) 


If we now use the hy law to connect the frequency with the energy 
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E of the photons we obtain the indeterminacy relation (13) from the 
equation (14) which is derived solely from considerations of wave 
kinematics. Thus the light waves accomplish for the photons exactly 
what we need to confirm the Heisenberg indeterminacy. It then 
becomes quite natural to try to find a similar correlation of waves 
with the motion of electrons. The idea of “ matter waves” was first 
propounded by L. de Broglie. This will be considered in detail in the 
following sections. 


3. Matter Waves. 


For light, the paths of the photons—the rays—are the orthogonal 
trajectories of the wave surfaces. As long as all apertures and screens 
are large compared with the wave-length of the light we can neglect 
diffraction phenomena and can compute the paths of the rays by 
means of Fermat’s Principle 

. Pi ds 
8 [nds 5 OG kee 

(u is the phase velocity) if we have given the index of refraction as a 
function of position. But as soon as we pass to objects whose size is 
of the order of magnitude of a light wave, simple geometrical optics is 
no longer applicable and the phenomena connected with diffraction 
can no longer be described in terms of light rays. We must in fact 
consider the wave disturbance which exists at a given surface and 
compute the subsequent spread of this disturbance (cf. p. 376). 

On the other hand, a similar extremal principle—that of Hamilton 
(p. 123)—holds for the paths of particles which obey the classical 
mechanics. The analogy with optics becomes particularly evident if 
we restrict the comparison orbits to those of the same total energy. 
This is equivalent to passing from Hamilton’s Principle to that of 
Maupertuis. By Hamilton’s Principle we have for a particle, 


by ty ty 
= oT —E)dt=5|{ 2Tdt=s 2 dt. 
Oo= 8 f ( ) i i mv 
We can now introduce the length of path as the variable of integration 
in place of the time: 
= 6 ‘ 8 5 ** mds 

0= i ; mv ee |, ‘ 

or since m is constant, 


Py 
) vds = 0. ry e ry e ry e (16) 
P, 
Comparing (15) and (16), we see that if we wish to associate waves 
with particles moving according to the laws of mechanics in the same 
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way as light waves are associated with light rays, we must set the phase 
velocity w proportional to 1/v in order that Fermat’s Principle shall 
be valid for the matter waves. Again, if we denote the potential energy 
by U, 
—_ . C 

= a/—(H—U), ie. u= “= . . (1 

z R za ) Le JE (17) 
If we speak of a wave function we must introduce a frequency. It is 
natural to do this by means of the old hy relation: 


C 
Vit = uw e 8 
This means that the phase velocity depends upon »; hence there 
exists dispersion of our tentatively introduced waves. 

Now in a dispersive medium it is necessary to distinguish between 
the phase velocity u and the group. velocity u, The latter is the 
velocity which we can measure directly by means of a recording 
mechanism, while the individual extrema in a wave train of constant 
amplitude are not distinguishable. For a material particle, on the 
other hand, we can, of course, measure the actual velocity. Hence 
we demand that the group velocity of the waves associated with a 
particle shall coincide with the velocity of the particle. Using the 
relation between group velocity and phase velocity given on p. 66, 
and making u, = v, we have 


E=hy, «= « » (43) 


« « oetloy 


Employing the hy law and integrating, 
v dv ul 


_ {—™—-= 
u 2 h 


We can therefore state a dispersion law which fulfils the requirements 
1/u oc v and u, = v if we replace the constant C in equation (18) by 
hy|4/(2m).* 

We then have 


/2m(hv—U). —. (20) 


hv 


Oy eo « © © « (21) 


*In equation (18), C can still contain Z and hence hy, since all comparison paths 
are assumed to have the same energy, 
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The wave-length of the matter waves is given by 


aes h h 
= = = .. .. (22) 
vy VIm(hv—U) WV 2m(E— U) 


In a region free of force, 
; h h 
V2mE mv tat ec 


Passing from a region where U = 0 to one where the potential U 
exists corresponds to entering a region whose index of refraction is 
E—U 
= Te Re (23) 
If U is a function of position, we have a medium of variable index of 
refraction in which the orthogonal trajectories of the wave surfaces— 
i.e. the orbits—are curved. 

If, for example, we take U to be the potential of gravity and con- 
struct, according to geometrical optics, the rays of equal E passing 
through a fixed point, we obtain all parabolic trajectories having the 
same initial velocity. 

Up to this point the analogy between the mechanics of a particle 
and geometrical optics may seem to be mere idle speculation. If it 
‘3 to be more than that, it must be possible to detect phenomena 
which justify the introduction of associated wave fields—i.e. inter- 
ference and diffraction phenomena—for particles, as was done in 
optics to prove the wave nature of light. If the “de Broglie wave- 
length ” of an electron which has traversed a difference of potential 
V is calculated by (22’), we obtain the simple relation 


(22') 


— > pawn. 3 108 


where V is measured in volts and A is given in A.U. This shows that 
electrons whose velocity is several hundred or several thousand volts 
are associated with wave-lengths corresponding to those of X-rays. 
Hence we may expect the same diffraction and interference pheno- 
mena as for X-rays; in fact, Davisson, Kunsman and Germer had 
previously found selective maxima when a beam of electrons was 
reflected from the surface of a nickel crystal at given glancing angles 
corresponding to those of X-rays of the same wave-length.* The 
detection of the “matter waves” is even simpler by the Debye- 
Scherrer method. It is necessary only to send a narrow ray of electrons 
of uniform velocity through a thin metal foil; diffraction by the 


* See C. Davisson and L. Germer, Nature, 119, p. 558 (1927); Phys. Rev., 80, p. 705 
(1927). 
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variously oriented crystals gives a ring diagram which is as perfect as 
any obtained by means of X-rays. At those places where the wave 
computation indicates destructive interference no electrons are found, 
while at maxima we observe a large number of electrons. 

Stern has even observed matter wave interference by reflecting a 
beam of helium atoms from the surface of a crystal.* According to 
equation (22’), the greater mass in this case yields a wave-length 7300 
times as short, for the same velocity. But this is compensated by the 
fact that the velocity (of thermal agitation) is much smaller in this 
instance, so that the de Broglie wave-lengths again fall in the region 
which is readily measured by means of crystals. 

If we wish to account for the more detailed phenomena of dif- 
fraction in optics, we must turn to the wave differential equation. 
Similarly, in atomic mechanics, where we also deal with quantities com- 
parable with the wave-length, we must use an analogous wave equation 

ee 
— U2 Oe r ee e« @© © e@ @ (25) 
where a 


ae —— 26 
~ VS2m(hyv— U) V2m(E— UY °° si 


The meaning of the quantity ‘Y which satisfies the wave equation is 
still undetermined. We require of ¥ only that its square—or, if it is 


complex, its norm ‘YY’—be a measure of the intensity of, for example, 
an electron beam—just as in any optical theory the square of the 
quantity which satisfies the wave equation is a measure of the light 
intensity, without necessarily requiring that it be a component of the 
electric vector. 

As is always done in the wave theory, we take a simple periodic 
function to represent the dependence on time: 


Wm ghePrit — gh ett Eiht Suisse? « eae 


and obtain for the variation of % with position the fundamental 
Schrédinger equation c 
877 


Ay + ro (B— U)p=0. os . 8 


This equation has the same significance in atomic mechanics as has 
the Hamilton-Jacobi equation 


0S 
H ~. 3 — E e e ry e e 29 
Ge a) ( ) 


in celestial mechanics. 


* See F. Knauer and O. Stern, Zeitschr. f. Phys., 58, 11-12, p. 779 (1929). 
if . enue Phys. Rev., 28, p. 1049 (1926); Collected Papers on Wave Mechanics, 
Pp. 2, C4. 
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4. The Proper Values of the Wave Equation. 


The wave function ‘ governs the motion of the electrons in the 
same way as light waves determine the motion of the photons— 
wherever ‘Y vanishes there are no electrons. If, then, we seek a solu- 
tion which is to represent the motion of an electron in an atom, ¥ 
must certainly vanish at infinity, for the bound electrons are all con- 
fined to the finite region. In addition, we must demand that any 
physically useful solution is to be a continuous and a single-valued 
function of position in the finite region. Simple as these conditions 
seem, they are, nevertheless, sufficient to determine the characteristic 
values which in the old quantum mechanics were singled out from 
among the many mechanically possible solutions only by imposing 
an auxiliary condition. It may be shown that the condition of single- 
valuedness is identical with the old quantum conditions for a suffi- 
ciently large periodic orbit. To demonstrate this we shall confine our 
attention to systems with one degree of freedom. As a matter of fact, 
the extension to more degrees of freedom—and hence, in general, to 
multiply-periodic systems—does not present the slightest difficulty. 
Let us consider a closed orbit to be the orthogonal trajectory of wave 
surfaces. Then if we move along an orbit, ‘ must return to its former 
value when we again reach the starting-point, in harmony with our 
requirement that ‘Y’ is to be single valued. This means that the phase 
of the wave motion must have increased by an integral multiple of 27, 
and this in turn implies that a whole number of wave-lengths must be 
contained in the path. In general, the wave-length may vary from 
place to place if the index of refraction is variable. We may therefore 
express the condition of single-valuedness as follows: 


$ B= § 5 VIm{E =U) dg = 1. ea 
But according to the Hamilton-Jacobi equation (p. 127), we have 


1 (\?, nog ic. p= =Vim—d). (31 
e 73) tU=% ie. p= 7 = VimE— 0). (1) 


We thus obtain the old quantum condition 
f pag = mh. eases - « (32) 


It might seem, at first, that this merely secures a more reasonable 
foundation for the quantum conditions without altering the result 
in the least. At the same time it must be remembered that the 
single-value condition is given a significant meaning by equation (30) 
only if the change in wave-length is so gradual that the whole orbit 


. 


can be divided into intervals dg, within which several equal wave- 
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lengths lie. Since this condition is by no means always satisfied, it is 
quite possible that a strict calculation ‘based upon the wave equation 
may lead to somewhat different results. 

The theory of linear differential equations shows that the con- 
dition of single-valuedness, or the boundary conditions, can be satis- 
fied only for certain values of the parameter H. These are called the 
proper values, or characteristic values,* of the differential equation 
(cf. the simple cases discussed on p. 186 e seg.). Our chief task, 
therefore, is the determination of the proper values for a given 
mechanical problem; these are, by their very nature, the selected 
energy levels. The corresponding characteristic functions, or proper 
functions, on the other hand, are only of secondary importance. We 
shall illustrate the process by two examples—the hydrogen atom and 
rotational band spectra. 


5. The Hydrogen Atom. 
Since the potential energy 


Ta — ee... 8 


depends only upon ¢, the co-ordinates appropriate to the 
problem are spatial polar co-ordinates. Denoting the electron mass 
by mo, the Schrédinger equation (28) (p. 696) becomes (cf. p. 268) 
ny , 2 oe a= Caf. Fo 1 Oy 
Os Or land 7o(80 055) + aap a 
87? my 


2 
+5 (2+) y=0. . (34) 


We try to solve this equation by a value of % which is the product of 
separate functions of r, 6 and ¢: 


= R(r)O(A)O(g). «6 6 © «. (35) 
So far as ¢ is concerned, we can have only the function 
® = e+, gies a. ee 
or a linear function of cosm¢ and sinmd¢, with integral values of m on 


account of the single-value condition. Whatever function we take, 
we have always 


2 
ory SS —mROO. ee © © @ @ e (37) 


* a Eigenwerte, Eigenfunktionen; Fr., constantes fondamentales, fonctions fonda- 
mentales. 
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Eliminating ©, we obtain the following equation which depends only 
upon r and 6: 


(dR  2dR , 87m, e 
mga te at 72 (2+2)R} 


6 ee a ey a m0 

=~ Slane a (955) Soap + * OO) 
which we have written in such a way that the left member contains 
only functions of r, the right member only functions of 8, so that each 


member must be a constant, say a, so that the variables are separated. 
First we examine the equation involving 6: 


1 d°/ 5, d m? 
eT a6 (sine a6 + (« — ae :) (0) => 0. e (89) 
This equation is familiar as the differential equation of spherical har- 


monies. For details, see the Mathematical Addendum, § 4 (p. 819). 
We substitute 
cos? = a, To « 2 o cee 


and write in place of @(cos@) the more common symbol y(z); there results 


@ d 2 
(1 — 29) 4 — on + (o- a) y=0. . (41) 


As is shown in the Theory of Spherical Harmonics, this equation has 
solutions which satisfy the conditions of single-valuedness and con- 
tinuity if a is of the form 


a=(ktm)(ktm+1), . « « « (42) 


where k and m are whole numbers. We set k++ m='l and call the 
solutions corresponding to a= (I+ 1) spherical harmonics of Ith 
order. There are /-+ 1 different functions of this kind, since m can 
assume all values from 0 to J. For m= 0 we obtain the so-called 
surface zonal harmonics or Legendre polynomials. These are simple 
polynomials of degree J, and are most readily obtained as the coefficients 
of the powers of 7 in the expansion of the expression 


F(r, x) = (1 — 2ra + 1?)-¥, 


This gives 
- se pk gs et 
soit ae al lial (43) 


35 15 
P,=32—}4 P= 7 ve- is a” &e. 
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As one may easily verify, the polymonial of degree J is a solution of 
that differential equation for which the value of a is (J+ 1); for 
example, P, corresponds to a = 30. When the value of m is different 
from zero we again obtain polynomials as solutions. These are called 
the associated harmonics, and are related to the surface zonal har- 
monics by the equation 
ad™ 
yi (x) = (1 — Fre ah — e ¢ e r) (44) 


Since the Ith derivative of P, is a constant, the spherical harmonic 
belonging to m = 1, which corresponds to the highest azimuthal sub- 
division, is 

P} = K (1 — 2*)'/*= K (sin @)* ~ « « (45) 
We have still to determine R as a function of the radius r. If we sub- 
stitute the value a = l(l + 1) in the separated equation (38) (p. 699), 
the differential equation for R becomes 


PR ,2dk 872m HE | 8r*me*® 11+ 1)\ p 
de "+ dr ( he tt) R=0. a 
We introduce the abbreviations 

872m E 


eae 


2 
f ry « oe (47) 


and obtain OR 2 dk ( ane 


The nature of the solutions depends essentially on the sign of A, and 
hence of E, corresponding to the case of an elliptic or a hyperbolic orbit, 
as may be seen from the behaviour of the equation for large values of 
r. In this case the terms not containing 1/r dominate, so that the 
equation may be replaced approximately by 


aR 
ar2 + AR = 0. e 8 8 e e (49) 


According to the sign of A we have either an oscillating function as 
a solution or one which tends to zero or infinity exponentially. 
Consider first the case when A, and therefore Z, is negative. It 
turns out that this corresponds to the case of an elliptic orbit. Set 
Amaia oe ee (00) 
0 
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where A must have the dimensions of r-?, in order to have AR of the 
same dimensions as d?R/dr?. In addition, we set the dimensionless 


Mae ae 
i, 9° ad e e e e e e e (51) 
In this notation, the asymptotic solution is, according to (49), 
R= Kee? . ww « « « « (62) 
The positive sign of the exponent is excluded if the solution is to have 
a physical meaning. We try the solution 
R = e—l2y(p) - © © e ee e@ @ (53) 


for the finite region and thus obtain the differential equation 
dy 2 dv 1 i+) 
m+G-1e [¢ =i ted) o=0, 54 
gat (G1) et |B (54) 
which we again try to solve by means of a polynomial.* The theory 


of differential equations shows that the lowest power whose coefficient 
does not vanish is the [th in our equation. If, then, we write 


o= plo(p)= p'(ay+ apt -.-4p?+---), + (65) 
and use this expression and the derivatives obtained from it in equation 
(54), we obtain the recurrence formula 

(ptt Wipt)+2Aptl+W—Ul+ lar 
=[pt+l+1—1Bla. . (56) 
The series terminates with the term a,p? if 
rnB=pti+la=n «+ + ss (57) 
where n is any positive integer; ie. by (50), if 
en er ree 3) 


Hence, by (47), the possible values for the energy are 
2a? e4 (59) 


hen? e e e ° e e 


But these are precisely the energy levels of the hydrogen atom which 
were obtained in the old quantum mechanics on the basis of the Bohr 
postulates. Corresponding to the spherical harmonic of /th order, 
then, the lowest value of n is n=1+1. This corresponds to 


f= 


* The fact that the power series terminates is a sufficient condition for the fulfil. 
ment of the condition of single-valuedness. That it is also a necessary condition cannot 
be demonstrated here. 
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the empirical rule of the old theory according to which it was 
necessary to count the number | from 0 to » —1 instead of from 
1 to m. In the same way, the (21 + 1) different values of m, which 
we interpreted as the number of integral projections of J, are here 
found to be the number of surface harmonics P/"(x)e=* which, by 
equation (44) (p. 700) correspond to a given numerical value of l. 
The factor 2 results from the double sign of the exponent which, 
however, gives but one value form =0. The proper function corre- 
sponding to the proper value E,, is 


tn = € 9 plwy_11(p) Py (cosO)et*”™, ~ « « (60) 


where the degree p of the polynomial w, is expressed in terms of n 
and 1. The factor e~? guarantees the vanishing of the » function at 
infinity. Since we wish to compute with real % functions, we have not 
put e*'? for ®. A second solution, corresponding to the same proper 
value, is the same expression with sinm¢ replacing cosm¢. 

There are »? different proper functions corresponding to each 
definite proper value Z,, for / runs from 0 to n — 1 for a given value 
of n, and to every value of J there are, by the above, 2/ + 1 surface 
harmonics, so that the number of possible proper functions is given by 


on ="5 (2 Be ras 5 (1 +2n—2+1)=n% . (61) 


The case where several proper functions correspond to one and the 
same proper value is what we refer to as a case of degeneracy in 
celestial mechanics, since the number of independent frequencies is 
smaller than the number of degrees of freedom. For this reason we 
also refer to such cases in wave mechanics as degenerate. The degree 
of degeneracy, however, is different here—if z proper functions are 
associated with one proper value, we say the degree of degeneracy 
of the system is (2 — 1). 

With regard to positive values of Z, which correspond to. hyper- 
bolic orbits, we may mention without proof that no discrete ‘proper 
values exist in this case—every positive value of # is compatible 
with our requirement that the solution should be one-valued. This 
corresponds to the continuous spectra found at the series limits; 
formerly their existence was explained in an analogous way by point- 
ing out that the kinetic energy with which an electron departs from 
the atom is not subject to a quantum condition. 


6. Rotation Spectra of Diatomic Molecules. 


For simplicity we shall consider a diatomic molecule, one of whose 
atoms is of infinite mass, the other being of mass M and at a distance 
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a from the first. The co-ordinates appropriate to the problem are 
again spatial polar co-ordinates. We write 


Cs a r (:)')| 


and since there is otherwise no dependence on 7 and no potential energy, 
the wave equation simplifies to 


1 07... ,o% 1 @ , &°E 
so 5a(*9 55) + aro apt y= 0. « (63) 


This equation holds quite generally if we take I to be the moment ot 
inertia about an axis through the centre of gravity normal to the 
figure axis. Comparing this equation with equation (34) (p. 698), 
we see that we again have the equation of surface harmonics, whose 
proper values are given by 

877°1E Ll + 1)h? 

= a =I1(1+ 1), or gat. o « (GF 
But this is precisely the form given in § 12 of the preceding chapter 
(p. 682) for the rotational energy levels of diatomic molecules; the 
old quantum theory gives this incorrectly as [?h?/87°J.* Thus the 
newer theory justifies the curious rule of the replacement of a? by 
a(e +1). In general, the result is that wherever the older atom me- 
chanics yielded z*, the square of spim quantum numbers, these are to 
be replaced by x(a + 1), the so-called “ quantum-mechanical square”. 


7. The Physical Meaning of the ‘Y Function. Intensity Relations for 
Spectral Lines. 

Schrodinger originally interpreted his WY function in the following 
way. ‘The electron is not a localized charge within the atom, but 
charge and mass are “ smeared ” over @ certain region. The density 
of charge is assumed to be proportional to ‘YY’, the “norm ”’, or 
square of the amplitude of the ¥ function. Assume first that only 
a single state of the atom, corresponding to the proper value E,,, is 
developed. The corresponding Y function is 


= pnerlEmyt, 6 ow ee (65) 
Since yb, is real, we see that on multiplying by ¥,, the time factor 


disappears, so that the distribution of charge is constant in time. 
A configuration of this kind cannot radiate, in agreement with the first 


Bohr postulate. 
* Writing / instead of m. 
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For what follows it is necessary that the % functions be ortho- 
gonal, and “ normalized to unity”. By the latter expression we mean 
that, since there is an arbitrary multiplicative constant in the solution 
of the differential equation, we can choose it so as to make the integral 
of the square of any proper function y,,, taken over the entire region, 
equal to unity. We thus specify that all proper functions are normalized, 
1.6. 


[er 


The orthogonal property implies that the integral over the entire 
region of the product of two proper functions belonging to different 
proper values is zero: 


f tnitnds =0. ta es 6 eee 
The proof is based upon Green’s Theorem (cf. p. 270): 
[mAtn — Pind) dt = $ (Ym Bt2d in — Yn Brad Yn)dS. (68) 
The proper function y,, satisfies the equation 


2, 
87 Mo 


LE h2 (EZ, — U)tn = 90, eo e (69) 


and y,, satisfies the equation 


An + 272" (By—U) Yn =0. 6 ss (70) 


If we multiply the first equation by y,, the second by y,,, and subtract 
the first from the second, we obtain 


Yn Athy — YnAn = 972 (Bg — Ey)bnite (11) 


This equation is multiplied by dr and integrated over all space. The 
integral on the left is transformed into a surface integral over an 
infinitely distant boundary by means of Green’s Theorem (68). Since 
the proper functions vanish exponentially at infinity, this integral 
is zero, and the orthogonality is demonstrated. 


_ On account of the linearity of the wave equation any linear com- 
bination 


= OF ot Gly +... 6,8, = CgypermBelht 4 crupe?iBvht + (72) 


is also a solution. Schrédinger interpreted this as an atomic state in 
which several natural frequencies are simultaneously developed, the 
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amplitude factors c, being a measure of the excitation. If we use 
this solution to obtain the expression YY we obtain 


WE = cal + ess +. . 0,22 -+ Leyes cos =” (Ey —E)t-+.+. 
+ 2oyears cos" (Ey — By) -_.. 8) 


Thus the density of charge is composed of a part which is constant in 
time and another part whose magnitude oscillates with the frequencies 


| Bs 
ki h . e e e e ° e (74) 


This variable charge, together with the nucleus, represents a variable 
dipole moment which, in accord with the laws of electrodynamics, 
emits light of frequencies v,). When averaged in time, the contributions 
of the variable terms to the charge density vanish, and since the total 
charge must be constant, the amplitude factors must satisfy the 
auxiliary condition 

Set, wk tm Ct MD) 


The dipole moment, from which the emission may be calculated accord- 
ing to p. 341, becomes 


pu=—2unefrbnyrdt, . + + » (76) 


where ¥ is the radius vector drawn from the nucleus to the volume 
element dr. The second Bohr postulate, by means of which the 
quantity h was introduced a second time without justification, is 
thus fulfilled automatically, on account of (74), in the Schrédinger 
formulation. 

Although the Schrédinger interpretation :nust be replaced nowa- 
days by a statistical view, it gives, nevertheless, a very vivid derivation 
of the dipole components which determine the intensity of spectral 
lines, viz. 

P® =e ff qintidr. + + + « © (76) 


These components are identical with the “matrix elements” which 
determine the relative intensities of spectral lines in a quite different 
theory developed by Heisenberg.* In particular, the matrix theory 
gives the old selection principles correctly. 

The Schrédinger interpretation of the Y function met unsur- 


* W. Heisenberg, Zeitschr. f. Phys., 83, p. 879 (1925). That the wave and matrix 
theories are mathematically equivalent was shown independently by Eckart and by 
Schrédinger. 
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mountable difficulties when an attempt was made to extend the reason- 
ing to several electrons. In this case y depends upon 3N co-ordinates, 
and the quantity y is determined, not as a function of position in actual 
space, but in the 3N-dimensional configuration space. In place of 
the Schrédinger interpretation we then have a statistical one; ‘YY’ is 
a measure of the probability of finding an electron in the volume 
element dr, or—for more than one electron—the probability that the 
electrons lie in the 3N-dimensional volume element of configuration 
space. We can then average over a large number of atoms and obtain 
a mean distribution of charge which corresponds to the Schrédinger 
assumption. The chief difference between the original formulation 
and this new one due to M. Born is, however, that, quite in keeping 
with the principles developed in § 2 (p. 690), we continue to think of 
the electrons as points and bring in the waves to take care of the inde- 
terminacy. But since observation always gives an average over many 
atoms and fairly long times, we may in many cases treat the situation 
as though we were really dealing with the instantaneous distribution 
of charge for a single atom. The representations of charge density 
given by many recent papers are to be understood in this sense. 

There is another difference in the two formulations that refers to 
the radiation process. According to (76), it is necessary that several 
proper functions be excited in order to attain a variable dipole moment. 
Translated into the language of statistics this means that in order to 
have emission, not all atoms can be in the same excited state. In 
reality the emission of radiation demands only that the excited state 
be occupied, and (76’) then gives the transition probability, which is 
independent of the occupation of the lower energy states, 

The continuous X-ray spectrum is also explained in this way by 
transitions between the closely spaced states for which # > 0 (cf. 
p. 702). The largest jump yields a limit frequency v, = E,/h, where E, 
is the initial energy of the electron. 


CHAPTER XLI 
Atomic PROBLEMS FIRST SOLVED BY THE WAVE MECHANICS 


1. The Theory of Perturbations in Wave Mechanics. 


The wave mechanics not only yields the results of the Bohr theory 
—sometimes in an improved form, e.g. in the rotational term in band 
spectra—but succeeds in indicating the solutions of a number of 
important problems in face of which the Bohr theory was powerless. 
Of these we may mention the problem of several electrons (especially 
the helium problem), dispersion, non-polar chemical binding and, 
finally, the problem of nuclear disintegration (radioactivity). The 
concepts of wave mechanics throw new light on these questions. 

A rigorous solution of the differential equation of the problem of 
n bodies is no more possible in wave mechanics than in celestial 
mechanics. In the former we must also apply methods of approxi- 
mation, starting, just as in celestial mechanics, from the simple Kepler 
problem. The mathematical results needed for this perturbation theory 
will be developed in this section. 

Let us add a perturbing term to the potential energy in the wave 
equation. For an atom, for example, this would be a series in descend- 
ing powers of r, corresponding to a core potential. We therefore set 


U=U°+U', _ (1) 
where U® represents the potential energy of the unperturbed system. 
If U’ is small, the proper values of the perturbed system will differ 
but little from those of the normal system, and we may therefore 
take 

E, = Eo + €. oe 8 @ ce ee (2) 


In the same way, we can relate the corresponding proper function to 
that of the normal system by setting 


p = Pie + Wy. Ce Ale Oo Se ae 20 (3) 
We then have for the Schrodinger equation of the perturbed system 


Ayis0 + Dip + 2 (B+ — U9— UVa + =O. (4) 


Neglecting the products of perturbing terms and making use of the 
707 


708 ATOMS, MOLECULES AND SPECTRA [Citap. 
fact that w,° satisfies the Schrédinger equation whose parameter is 
E,, we obtain the following equation for yw’: 


2, 2 
87 Mo 87 Mo 


Ady’ + he (£,9 — U°) hb, = — h2 (e.— U')$,°. (5) 


The left member of this non-homogeneous differential equation is 
identical with that of the equation for the normal system; hence for 
vanishing perturbation this leads both to the proper value £;,* 
and also to the proper function ¥,°, as it must do. Now the theory 
of differential equations shows that a necessary condition for the 
existence of a solution of the non-homogeneous equation is the ortho- 
gonality of the perturbation function on the right to the solution of 
the homogeneous equation. This is proved by Green’s Theorem, as at 
(67) and (68) (p. 704). Hence 


[lce— UV dr=0. 6 ww ws (6) 


But this is an equation determining the change in the proper value 
caused by the perturbation, which is what interests us primarily. Since 
y,° is normalized, this yields 


«p= | MUM oe ee 


This result corresponds to the theorem in celestial mechanics which 
states that, to a first approximation, the value of the perturbational 
energy is equal to the perturbation function averaged over the normal 
orbit. 

If the perturbations of the proper values are known, the perturbing 
terms of the proper functions also may be determined by a develop- 
ment analogous to Fourier’s series. That is, under the very general 
continuity conditions—which are always fulfilled in a physical problem 
—any function may be developed in a series of proper functions. If, 
for example, we set 


L(x, ys 2) = apy + gy +... ait +... « (8) 


we obtain (cf. p. 189) the coefficients exactly as for Fourier series by 
multiplying both members by ,, and integrating over the entire 
region. Because of the orthogonality, all terms with subscript different 
from m vanish, and there remains 


[Fey Mgt aq fiir ty, 5 5 1) 


Accordingly, we develop the right side of equation (5) according to 
proper functions 


2 
877M, 


re (ex — U')b,° = Lanbn’, » 2 « (10) 
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Bar? 
where a,, = f or (U' — &) $b, bn° dr + 0 for k +m, (1) 


= 0 for k=m. 


"aieagh we suppose the function ’ to be written as a series of the 
ype: 
Pr = Dibei/.,.,°% oe ee 8 8 © 6 (12) 


These series are substituted in equation (5). Then, since the following 
relation holds for y,,°: 


comparison of the coefficients of each ¥,, on both sides of the equation 
yields 
h? Om 
“arm GEE 
Thus the condition of orthogonality, (6) and (11), prevents the occur- 
rence of terms with vanishing denominator. 

A complication arises here, as in celestial mechanics, in the very 
frequently occurring case in which the unperturbed system is de- 
generate, i.e. when several proper functions correspond to one and 
the same proper value. We say that the system has a degree of 
degeneracy (a — 1) if a linearly independent proper functions corre- 
spond to £,°. Every linear combination of these proper functions also 
represents a solution of the normal system. As may be seen from the 
derivation on p. 699, the proper functions corresponding to the same 
proper value are not, in general, orthogonal. However, by means of 
a linear substitution we can always set up linear combinations of the 
original proper functions in such a way that the proper functions 
corresponding to a single proper value also have the property of 
orthogonality; in fact, we still have a number of constants whose 
values we must determine when the perturbing force is applied. 
If we put 


Ya == a, pe ae a,)* pie 3 a,38 p23 Te eee a,b," 
Pe = apt + ap? + aie +... + ay," +, (14) 
py? =a,¢2+ aye + a, We +...+ Ayo? Wye 


we have a? coefficients, while the number of equations to be satisfied 
is a + a(a — 1)/2, viz. a equations involving f(h,4)?dr and a(a — 1)/2 


equations involving fb,4b,*dr. Thus we have still a(a — 1)/2 co- 
efficients free. But this is the same as the number of independent 
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coefficients of an orthogonal linear substitution, i.e. a substitution 
whose coefficients b,‘ satisfy the equations 


xb, 5, a0) for h S= l 


= 1 for ade - fe 


This transformation applied to the co-ordinates of a point signifies 
the rotation of a set of three rectangular axes. Actually, the ortho- 
gonal property of the proper functions is not disturbed by making 
such a substitution, as may be verified at once. We make the a priori 
assumption that the a initial functions y,' satisfy the condition of 
orthogonality. If the degeneracy is removed by the perturbation, i.e. 
if the single proper value of multiplicity a is split into a different 
proper values Ey + «, it is still undetermined which of the possible 
linear combinations of proper functions yield the proper functions of 
the perturbed system. We take this into account by forming the 
following linear combinations of the functions o,, o.2, Y,°, which are 
already assumed to be orthogonal: 


wot = bbs + bY P+... betta 
bya = bP Yad + bP YP +... Ppa 


a. . 2 oe 18) 
2" = b,24 2 + ber pie + ae by2? Wh, 
The coefficients are to satisfy the condition (15). 

According to the theory of differential équations it is necessary, 
in order that a solution exist for the perturbed system, that the right 
side of equation (5) (p. 708) be orthogonal to all of the linearly inde- 
pendent solutions of the unperturbed system. If we insert a linear 


combination x, in the perturbation term, we obtain from the 
equations 


f T(x — UP dr = 0 
[tee a UO") fi dr = 0 e a e .*(17) 


[File — U)piPdr = 0 


the a proper values H + e, as well as the a initial functions (approxi- 
mations of order zero). To show this we write the abbreviation 


[OTA de = eg = e™, oe te. 5 BS) 


and substitute the values of #, from (16) in (17). Then, since U’ 
is assumed known as a function of position and since the functions 
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pe are assumed known, we obtain a system of equations for the 
coefficients b,**, which we may look upon as unknowns. The system 


6,1 (e,1 a €x) + b,22 e,12 + a. b,}* e,!* =0 
a, ate + _ tex" == €x) =. oehe Opes = . (19) 
bt €;,"! a b,2? Pie os RR b,!*(e," a €x) — 0 


corresponds to y,1°. Since the equations are linear and homogeneous, 
the existence of a solution differing from zero requires that the de- 
terminant of the coefficients should vanish. This yields the so-called 
“ secular equation ” 


te; ! er éx) e,!? eee €,)* 
21  — 2a 
es cf ie = - . & = 0 (20) 
€,72 Ee" see (€,2* = €x) 


This equation is of degree a and so has a roots. Because of the sym- 
metry of the coefficients all roots are real. We again encounter this 
equation for each solution y;,'*. Substitution of one of the roots ¢," 
yields the coefficients b,** after solving the system of equations. This 
then gives the zero order approximation to the perturbed proper 
value, from which the proper function corresponding to the value 
E,° + «,* develops when the perturbation is applied to the system. 
If the secular equation has several equal roots, this means that the 
degeneracy has not been completely removed by the perturbation. 
Then, without the addition of further perturbations, each linear com- 
bination of the proper functions associated with the multiple roots 
again represents a solution. The new proper functions thus found form 
an orthogonal set because of the symmetry of the coefficient of the 
secular equation. This represents the multidimensional extension of 
the fact that the axes of the second-degree surfaces are mutually per- 
pendicular (cf. Hx. 18, p. 37). 

The perturbation theory in wave mechanics is confined to perturb- 
ing forces which have a potential. It is necessary to extend the 
Schrédinger equation in order to be able to compute the proper values 
for magnetic perturbations, i.e. those not derivable from a potential. 
Even in this instance we are able to derive only the normal Zeeman 
effect. Only by a very complicated generalization of the wave equation 
was it found possible to obtain the additional terms corresponding to 
electron spin in the theory based on models. This solution was given 
by Dirac, but cannot be discussed in detail here. 
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2. The Chemical Bond. Formation of the Hydrogen Molecule. 


As an example of the application of quantum perturbation theory 
we deduce the solution of one of the most important problems in atomic 
physics—the nature of the chemical bond. There is little doubt re- 
garding the nature of the forces holding together polar compounds, 
which are composed of positive and negative ions, as exemplified by 
salts. The forces in this instance are those of electrostatic attraction. 
A more difficult question is that concerning the cause of the limi- 
tation of the attractive forces, so that the oppositely charged ions 
remain at a definite distance from each other—in other words, what 
is the source of the repulsive forces which appear when the ions are 
brought close together? The wave mechanics offers information on 
this point. If we imagine the positive ions replaced by protons, they 
will, of course, be attracted by the negative ions, provided that the 
distance apart is not too small. Closer approach will ultimately cause 
the proton to enter the electron “cloud” surrounding the negative 
ion. The ions of a simple salt possess closed electron shells of the rare 
gas type, so that the electrons are symmetrically disposed. According 
to a fundamental law of the theory of the potential, only that part 
of the electron cloud which is within the surface of the sphere upon 
which the proton lies exerts any influence on the proton. Thus the 
proton will soon come to a point where the repulsion of the nuclear 
charge preponderates. Since, by p. 702, the density of charge de- 
creases exponentially with distance from the centre, the repulsive 
forces must increase in this manner. Thus the simple law of force 
containing a single exponent is valid only at certain distances, and is 
merely a makeshift for the true law of force. This is manifested by 
i: variations in the empirical value of the exponent of the repulsive 
orce. 

A much more difficult question to answer is that concerning the 
nature of the forces holding two atoms of the same kind together. The 
simplest instance of such a non-polar bond is given by H,; a more 
complicated instance is the bond between the carbon atoms in diamond. 
A method of explanation was first indicated by the wave mechanics 
through the introduction of exchange forces or, better, exchange energies. 
Heisenberg was led to this concept when computing the large difference 
in energy between the triplet and singlet terms of helium which— 
according to atom models—differ only in having the spins of the two 
electrons parallel or antiparallel. The small magnetic energy of two 
magnetons is not sufficient to account for the difference. If the elec- 
trons are distinguishable from each other, a given solution will always 
be accompanied by a second one belonging to the same characteristic 
value and in which the two electrons are interchanged. In this sense 
the system is degenerate and each linear combination also constitutes 
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a solution. Here again, as in § 1, we must seek those combinations 
from which the new characteristic values develop by the addition of a 
perturbation. The mutual electrostatic energy of the pair of electrons, 
which was previously neglected, constitutes the perturbation in this 
instance. Proceeding in this way, there results a large difference in the 
perturbations of the characteristic values for the two linear combina- 
tions that correspond to parallel and antiparallel spins. We can 
acquaint ourselves with the method by considering the bond between 
two hydrogen atoms: 

Consider two hydrogen nuclei (protons), a and 6, at a large distance 
R apart. Let there be also two electrons. Assume the distance of elec- 
tron 1 from @ to be r,,—from b, 7,,. Electron 2 is at a distance fag from 
@, Tp, from b. Call the distance apart of the two electrons 7p. If the 
nuclei are held fixed, the Schrédinger equation for the system is 


Op Oy , Oty | Sy , yp , OY 
dept yt * apt Gayt * Syd T 


}? Ta, oa Ro tp Tan Ta. 


Assuming that electron 1 belongs to nucleus a, electron 2 to nucleus b, 
the quantities within parentheses are perturbing terms. Omitting 
these terms, we can arrange the equation as follows: 


8772m e 822m é - 9 
at OO" (+2) yt ob + (B+ =)¥=9 02) 


where E=E, + E,. 
Each pair of terms set equal to zero represents the Schrédinger equa- 
tion of the hydrogen atom. If, according to equation (60) on p. 702, 


we therefore take the normalized solutions for the hydrogen atom in 
the ground states (n = 1,1 = 0, m= 0) for the nucleus a as well as for 


the nucleus b to be 
1 1 3/2 ey 
il a = é Tail7o 
Pal) Vt (;) 


> 
1\8?2 
yy (2) = rA (;) evra | 


then asl), «++ + - - @f 


with E, = EF, = Ey, i.e. H = 2Ep, certainly is a solution of the equation 
of the combined system from which the interactions have been 


(23) 
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omitted.* This may be verified at once by substitution in equation 
(22). But we can assume with equal right that electron 1 belongs to 
nucleus 6 and electron 2 belongs to nucleus a. This leads to a second 
solution which corresponds to the same characteristic value 2H), and 
which has the form 


yb = Wa(2)po(1). 6 6 eo «© (25) 


The original problem—that of two hydrogen atoms assumed to con- 
stitute a single system—is thus singly degenerate; each linear com- 
bination x,’ and ,” of the two proper functions also represents a 
solution: 


fo = arp, (1) pp (2) + Bib (2) fy (1) . 3 2 8 
bo” = yba(1) $o(2) + Spa (2) 4, (1) 


Four coefficients are at our disposal. Three of these are deter- 
mined by the condition of orthogonality and the normalization 
to unity: 


f}o?dr = if bo'?dr=1; [o'ifo"dr=0. « (27) 


According to the procedure in § 1 (p. 707), the fourth constant and the 
correction term ¢ in the energy are determined by the condition that, 
after inserting the first approximation y+ ¥,, the right member of 
the resulting non-homogeneous equation must be orthogonal to all 
solutions of the homogeneous equation. Since we have two solutions 
here, the secular equation is quadratic in e, yielding two roots which 
we designate by «, and eg. The approximation of zero order corre- 
sponding to ¢,, from which the perturbed proper functions are 
developed, results after a lengthy calculation: 


i » * 
Po ae V/2 + 28 { ha(1) Pp (2) ae fq (2) by (1)}; e (28) 


* The value of the multiplicative constant K corresponding to normalization to 
unity is not to be obtained from equation (60). It must be separately computed from 


the relation 
4n p® 
[xvas = eh i e-2rlto 2d dr = 1, 
0 0 


from which it follows that 


Ear rales 
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that corresponding to «, is 
i 
Yo = V/2 + 28 { ba(1) fy (2) nee $a (2) y(1)} > ° (29) 


where S is an abbreviation for the volume integral 
fa) (2) Pa (2) po(1) dr. 


Thus the proper function which is associated with ¢, is symmetric in 
both electrons, i.e. it is not altered by interchanging 1 and 2; the 
other solution—that corre- 
sponding to e,— is antisym- 
metric, i.e. its sign changes 
if the two electrons are inter- 
changed. The computation of 
the roots of the secular equa- 
tion is somewhat troublesome, 
so that only the results are 
given here in the form of two 
curves which exhibit the value 
of « as a function of the para- 
meter R (fig. 1). The impor- 
tant feature is that the sym- 
metric solution has an energy 
minimum at a definite distance 
Fig. 1 from the nucleus. This solu- 
tion therefore corresponds to 
the chemical bond, while the other solution, for which the additional 
energy is always positive, corresponds to elastic rebound. 

The wave mechanics was first applied in this manner by Heitler 
and London.* It gives a surprisingly accurate value of the heat of 
reaction in this case, considering that only the zero order approxi- 
mation was computed. But in addition, this method is capable of yield- 
ing information on the possibility of forming certain compounds if 
we translate the Pauli Principle into the language of wave mechanics. 
According to this law, no two electrons in an atom can agree in all 
four quantum numbers. In wave mechanics, this means that the % 
function cannot be symmetric in the co-ordinates of two electrons. 
This might cause one to believe that the symmetric solution for the 
hydrogen molecule is excluded. It must be remembered, however, 
thet the Pauli Principle includes the spin orientation (parallel or 
antiparallel to a given direction) as a fourth co-ordinate, while up to 
this point the electron spin has not been included in the wave me- 


° H s Cy 


E in electron volts ——» 


‘ 
Hw 


© G. Beitler and F. London, Zeitechr. f. Phys.. 44, p. 456 (1927). 
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chanics. According to Pauli’s rule, two electrons having opposite 
spins may agree in the remaining quahtum numbers. Thus, taking 
into account the doubling of the possibilities resulting from the spin, 
we can adopt Pauli’s Principle by saying that the % function of an 
atom or molecule can at most be symmetric in certain pairs of electrons, 
i.e. it may be such that when electron x and electron y are interchanged 
the function remains unaltered, but in that case not when z and electron 
z are interchanged. The electrons in which the w function is symmetric 
have opposite directions of spin. For the helium atom, for example, 
the proper function for the ground state is symmetric in both 
electrons, corresponding to the equal quantum numbers n, | and m, 
The symmetric function for two atoms would then be symmetric in 
four electrons, which is impossible according to Pauli’s Principle. 
But the solution corresponds to that of the chemical bond even in 
this case. The symmetric proper function resulting from the com- 
bination of two electrons which, in the indwidual atoms, have no partners 
whose three quantum numbers are the same, but which have oppositely 
oriented spins, represents the interpretation of chemical valence on the 
wave mechanics. 


3. The Theory of Dispersion and of the Raman Effect in Wave 
Mechanics. 


We now consider the behaviour of an electron in the rapidly alter- 
nating electric field of a light wave. Here, as in the classical dispersion 
theory, we neglect the magnetic forces. The perturbing potential con- 
tains the time explicitly. The previous form of the wave equation is 
not suitable for treating perturbation problems of this kind, for it 
already contains the characteristic parameter, and hence there is a 
separate differential equation for each state. It is not difficult, how- 
ever, to eliminate the parameter H. It follows from our solution 


Sn rrr 10)) 
OF _ 2m yy. 
tC —— es 


h oF 1 
hence a se a 


that 2 Gi) 


(32) 


Substituting this in the actual wave equation and remembering that 


oy Aq? 2 
a — Sos) © oe umeloal 
we obtain from 
AY = 2m(H — U) Chat 


b oe 
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the form __ 8x2 _ 4rim OV _ 
AY h2 UY h Ot = 0, ° e e (34) 


which no longer contains a characteristic parameter. 
Let the electric field of the incident light wave be along the 2-axis 
and of amplitude A. The perturbing potential is then 


U' = —eAzcos2mvt, . . « « « (35) 
and the new form of the wave equation is 
822m 4rim OY _ 


AY = a (U° — eAz cos Qarvt)'¥ = vie Ot = 0, 
or 
8rr2m dorim OW Arr? ; 
Ne as ay As (e2rit 4 e—Bniety (36) 


We may substitute the unperturbed Ath proper function ‘¥,° = 
y.0e2""et for ¥ in the perturbing term on the right.* We then have 


8ar2m 0 4arim or 
a a a 
--= eee een  yy. ET) 


It is natural to take as a solution the sum of the normal solution and 
two other terms of frequency »,-+ v and v, — v respectively, i.e. 


y — 4 ad + py e2ri(v,tv)t + yp_e?mira— v)t, a: (38) 
Substituting this in equation (37) and noticing that Y',° causes the 


left member to vanish, we obtain two differential equations—one for 
4, one for y_—which we may write as the single equation 


2 2 
Aiba + OR" (Bet hy — UP, = — “Geredods®. (8) 
This equation is again of the form of the perturbed Schrédinger 
equation which was treated in § 1 (p. 707). It differs from the former 
equation, however, by the presence of the term +hv. This has an 
important consequence: in the case at hand, the homogeneous equation 
has no solution whatsoever. The parameter is E, + hv, and a solution 
exists only for the value £,. The theory of differential equations shows 
that the non-homogeneous equation always has a solution in this case. 


* Contrary to our procedure in § 1, we now omit the superscript 0 on #,° and 
vz®, since there can be no doubt here that these quantities refer to the unperturbed 


system. 
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The condition of orthogonality which must be satisfied when the 
homogeneous equation has a solution, in order to prevent the ap- 
pearance of the term with vanishing denominator FE, — E;,, is absent 
here. As for the rest, we can then proceed according to the method 
developed in § 1: we expand the function zy,° of the right member 
in a series involving the proper functions 


2,9 = Lan tn, tie ee e 8 «© « (40) 
Ann = + [2drpn’dr, . « « « ~ (41) 


and write %, and _ also as series of the same type: 
py = D> bs nn”. ._ 0« @ ee eo * (42) 
This is substituted in (39). Remembering that ,,° satisfies the equation 


Apt + E(B, — UY e=0, . . (48) 


comparison of coefficients yields 


aay eAdnr 
b,,= i= We ee © e (44) 


Thus we can write as the complete solution 
: 2ri(y Rtv)t . e27i(v,—v)t 
Y= fb %eat 1 Db CA aii a Slo 
k by é $2vn CAQnr E,— E,+ hv aa eg a (45) 
By using our working hypothesis that e'Y¥ gives the density of charge, 
we can obtain the electric moment of the atom from this equation. 
The polarization is concerned with the z-component: 


Ee = e fav Far. ° e« ee e@ @ @ (46) 


Substituting the value resulting from equation (45), and using the 
relation 


[etntede = ony, 


we obtain the following expression for the temporally variable part 
of the moment (the constant part is of no further interest): 


E, — E, 


P s (é) = 2e7A cos 2arvt Uday” (E,— E,?— ee (47) 
Thus the temporally variable part has the same frequency as the 


incident wave. Since the ratio of the amplitude of the electric moment 
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to that of the electric field strength is the polarizability a, this quantity 
is thus determined. 

If this value is substituted in equation (3’) (p. 452), the value 
obtained for the index of refraction in the state k is 


beh, 
(E,— EF — FA 


n—1= 4nNeZa,,2 
" 


e 


= 4nNT 


Vank 
Dane y 2__ ye e > ee e@ (48) 
nk 


If we notice, in addition, that the spectral lines of the atom are given 
by the frequencies vz,, we see that we have obtained the characteristic 
denominator v,,2— v? of the classical theory of dispersion by means 
of quantum mechanics. Thus, apart from the fact that the constants 
in the numerator have a different meaning, we have here the con- 
necting link with the old dispersion formula of p. 452. 

In the language of the Bohr theory, the quantity a,, is a measure 
of the probability of a transition connected with radiation of fre- 
quency v,; for a spatial distribution of radiant energy as given by an 
oscillator vibrating parallel to the z-axis. Thus a,, is a measure of 
the strength of the classical equivalent oscillator. Comparing the 
constants of the classical and wave mechanics dispersion formule we 
obtain 

87? MA ni? Vink 


ima. pss Dee 


The terms having the negative sign were not included in the classical 
formula. These appear if Z, < E,. For this it is necessary for the sub- 
stance examined to be in the excited state, while dispersion measure- 
ments are usually made on substances in the ground state. Using 
excited hydrogen atoms, Ladenburg succeeded in establishing the 
existence of the negative dispersion terms. 

The remaining components of the induced electric moment are of 
no consequence for the dispersion, but determine—together with the 
z-component—the scattering power of the atom with respect to the 
incident radiation. We shall not consider the general theory of the 
scattering of light by individual atoms, but shall treat the particularly 
important special case of the Raman effect. a hel 

If several proper functions of a system are active, 1.6. if the 
system is in a state of transition, combination frequencies will be 
observed in the scattered radiation. This effect was predicted theoreti- 
cally by Smekal, and found independently by experiment by Raman 
and by Landsberg and Mandelstam at about the same time. Let the 
normal system contain the frequencies v; and v; Then, by means 
of the same perturbation theory as above, the solution for the 
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perturbed system when a wave of frequency v is incident on the 
system is * ; 


— 0,2rivpt Op2rivyst 
Y= p,ePrivet + pioe?rint 


swe 2A e2rt (vRt vt e274 (oy —v)t 
— te benar eee i, hv 
ie fDi, Adns e2ri (vy tuys gaa \. (49) 
E,—:,+ hv E,—£,— hv 


The conjugate solution is 
yy —_ a + yp, e—2xivit 


e— 27, t+vit em 2rilv,—v)t } 


+ bE pate? Adar i= aa Eee 


en 2rt(yy+ ve em 27t(yy— v)t 


BE PE pate? Adal 7 Sh a oe ae) 


The scattering is determined by the moments 
M,=[2¥¥dr, M,= [y¥¥dr, M,=[2¥¥dr. (60) 


It is immediately evident that, in forming these expressions, terms of 
frequency v— vy and v+ vy are obtained, i.e. the effect of the 
scattering is the same as if a quantum of the characteristic frequency 
vy, were added to or subtracted from the quantum hy of the incident 
light. The constants appearing when the moment is determined are 
of great importance. If, for example, we compute M,, and use, in 
addition to 


Gn,= f2badydr, . se oe Cento 
the abbreviation 


one = fy badd, oe 


then the term containing v + vy, has coefficients which contain the 
products b,,@,;. This implies that the intensity of a Raman scattered 
ray is not determined by the intensity of the light of frequency vy, 
but by the intensities of lines resulting from transitions from higher 
levels n to the levels & and J. Thus is explained the fact that lines 
which are absent from the infra-red spectrum of a molecule on account 
of the vanishing of a, can nevertheless give rise to intensive Raman 
lines. 


* On account of the smallness of the perturbation we can neglect all products of 
perturbing terms, 
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The theory developed here is still incomplete to the extent that it 
predicts equal intensity for the two lines v-++ v,, and v— vy, and 
connects the appearance of Raman lines with excitation of the mole- 
cule. Actually, the “ Stokes” line vy — v;, can appear even at absolute 
zero, while the “anti-Stokes”’ line vy + v;, only sets in upon excitation, 
i.e. at higher temperatures.* This is readily understood from the stand- 
point of quanta, for at absolute zero a quantum of radiation can transmit 
energy to the scattering molecule but can obtain no energy from it. 

The questions of intensity and of polarization have been solved by 
a more refined theory of the effect. It is possible to gain an insight into 
the nature of what is going on by means of the following considerations 
which are in the spirit of the actual calculation: In questions dealing 
with dispersion, the classical concepts generally prove to be far-reach- 
ing in their validity. Classically, the scattering of light arises from the 
forced vibration of the electron shells, with consequent radiation. If 
the polarizability of, say, a diatomic molecule changes with the nuclear 
separation, then the amplitude of the radiation will vary with the same 
frequency as the nuclear vibration; but a spectroscope analyses this 
modulated wave into its component frequencies, as detailed on p. 58. 


4, The Surmounting of Potential Barriers in the Wave Mechanics. 


The phenomenon of radioactive disintegration, which will be con- 
sidered in Chapter XLII (p.739), presents us with the following problem. 

By experiments on a-particle scattering it has been shown that 
for Uranium 1 the Coulomb field holds down to a distance of 3 x 10-¥ 
em. Apart from a nuclear charge which is two units less, the same 
potential curve is valid also for the element UX, which results by the 
ejection of an a-particle. For a closer approach, the potential curve 
must finally bend downward, for in the U1 atom the a-particle is 
generally bound, and hence must be at a minimum of the potential 
curve (fig. 2). Again, an a-particle ejected by U1 has an amount of 
energy which corresponds to its being released from rest at a distance 
r, = 6 X 10~” cm. and being allowed to accelerate in the field of the 
nucleus. The question arises: How does the a-particle cross the 
potential barrier between its normal position and the point 1 There 
is no possibility of explaining this fact on the basis of classical me- 
chanics. Gamow and, independently, Condon first recognized that in 
wave mechanics it is possible to encounter a particle where it does 
not belong on the basis of its classical energy—i.e. every potential 
barrier is surmountable. Indeed, according to the statistical inter- 


energy-level diagram. If the atom or molecule is not in an excited state to begin with, 
the Bicey of ie eed photon can never be greater than that of the one that was 
absorbed. 
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pretation of the Schrodinger y% function there is a definite probability 
that the electron of the hydrogen atom will be found far from the 
nucleus at a place where it could not be expected at all on the basis 
of its energy (proper value) parameter. 


Coulomb 
\v Fotential 
\ 
\ 
\ 
uf pi 
5 d ! Me 
Potential 4 | Verified 
: | 
! 
X 
R Eg 


i 
7) 3 6 in units of 10-” cm, 


We shall consider the surmounting of the potential barrier for the 
simple model investigated by Gamow, since we are interested only in 
the essential features here. Assume the potential energy of a particle 
to have a constant value U from z= 0 to x =/ and to vanish in the 
remainder of the region. Now allow a pencil of a-particles (or, equally 
well, of electrons) to pass from left to right. According to classical 
mechanics, all particles whose kinetic energy is smaller than U will 
be thrown back, while all particles possessing greater energy will pass 
the barrier. According to the quantum mechanics, neither of these 
statements is exactly true. We limit our present considerations to 


the determination of the number of particles with smaller energy which 
succeed in crossing the ob- 


stacle. To this end we must 
divide the space into three 
regions <0, O<a2<il, 
x >I, and assume a Schré- 
dinger wave for each. The 
boundary conditions must 
also be taken into account. 
The situation is simplest in the third region; there we certainly 
have but one wave travelling to the right, while partial reflec- 
tions are to be expected at the boundaries, so that we must have 
waves moving in both directions in the other two regions (cf. fig. 3). 
The Schrédinger equation in Regions I and III is 


d? 82r?°M 
+ ro Ey = 0, e eee (53) 


Fig. 3 
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while in Region IT 


d? 872M 
— i — 2) (53’) 


Since we are concerned only with the ratios of the amplitudes, we set 
the amplitude in Region III equal to unity, and thus obtain the three 
solutions for the three regions: 


= aye et 4 bem the 
— aye + bem 1, woo + (OH) 
se 
where 


— a JIE, ke= a JIM (EB — U). 


The solutions must merge continuously at the boundaries in such 
way that at each boundary the number of arriving particles must, on 
the average, be equal to the sum of the number reflected and the 
number transmitted. This signifies the continuity of the y function. 
On account of the existence of the Schrédinger equation the first 
derivative must be continuous also, otherwise Ay and hence % would 
be infinite at the boundaries. These conditions yield the following 
equations at 7 = l: 


eid — aye! + bye 


a ee eee 
zn a,e*! + be | 


Solved for a, and b, these become 


n= a(1— Bron, 


b, = (1 + 2 ain 
2. 


Similarly, at + = 0 we obtain 


ai(os Beta -B 


“ « « 68) 


724 ATOMS, MOLECULES AND SPECTRA [Cuap. 


We are primarily interested in 6,, i.e. the amplitude of the incident 
wave relative to that of the wave traversing Region III. Substituting 
the values of a, and b, from (55) in (56), there results 


—— eee ke —_ ko —ifket+h,l 
a= (2 a ( eye 


0 2 


The intensity of the wave is obtained by multiplying the amplitude by 
its complex conjugate value. For # > U this yields 


= ; : : 
bby = ze 0-2) 0-2) #(1+2) G+?) 
1 ky\? oa : 
=e a2 -- (2) | E — @ | cosa oe 6 (58) 
v9 0 


According to classical mechanics, all particles would reach Region III 
when E> U; the above formula gives the ratio of the number of 
incident particles to the number of particles passing through as given 
by wave mechanics. The case E < U is, however, of greater impor- 
tance. In this case we take 


b= k=“ VIMO B) o oo 08) 


and obtain 


ee 1G = : a 1¢: 4 E) cosh2kI. (60) 


Since cosh x behaves like e* when z is large, we arrive at the essential 
feature of the connexion between energy and radioactive constant 
in spite of the simplicity of the model used. The intensity of the inci- 
dent wave, referred to that of the wave in Region III, increases ex- 
ponentially with the difference U — E, or—reversing the statement— 
the ratio of the number of particles which succeed in crossing the 
barrier to the number arriving there decreases exponentially with 
increasing U — E. 

The result has an importance reaching far beyond the special 
problem from which it has been derived here. The overcoming of 
obstacles in quantum mechanics which appear insurmountable in 
ordinary mechanics is important in considering such problems as the 
escape of electrons from metallic surfaces and the kinetics of chemical 
reactions, but these questions cannot be entered into in this work. 
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5. Energy Bands of Electrons in Metals. 


(a) General Survey of the Problem 


The concept of an electron gas moving freely among the ions of the 
lattice, when used in conjunction with the Fermi statistics, is able to 
account correctly for many features of the properties of metals (see 
p. 602). As mentioned there, however, further development of the 
theory must take account of the interaction of the electrons with the 
lattice; we can no more neglect the large electrostatic forces here than 
we could in dealing with electrolytes. In this way only we arrive at an 
understanding of phenomena which were formerly not even quali- 
tatively explained, e.g. the reversed sign of the Hall effect occurring 
for some metals (cf. p. 733). Further, such a theory would be expected 
to furnish a criterion as to whether or not a given lattice made up of 
atoms of a specified kind will possess metallic properties. These ques- 


, 


2 xX 
Fig. 4 


tions are actually answered by incorporating the Fermi statistics Into 
a wave-mechanical treatment of the motion of electrons in the periodic 
potential field of the lattice. Because of the singular behaviour of 
particles with respect to potential barriers (cf. § 4), this motion differs 
from that to be expected on the basis of particle mechanics. This is 
most easily seen in the one-dimensional case, to which we restrict our 
treatment. This calculation involves less work than the one in three 
dimensions, but qualitatively—and that is all that concerns us for the 
present—it yields the same result. 

Suppose an electron moving in the direction of the positive x-axis 
(fig. 4) to be momentarily in the potential trough at P. According to 
quantum mechanics it can surmount the next crest even if its kinetic 
energy is less than the amount corresponding to the crest. On the 
other hand, even in instances where it has sufficient energy, there 
exists a given—although slight—possibility of reflection, as mentioned 
above. If the de Broglie waves reflected from the several crests agree 
in phase, the result may be a reflection of such magnitude that the 
motion to the right becomes impossible. This is nothing more nor less 
than the reflection in depth for X-rays, which was treated in detail on 
p. 388. Precisely this circumstance is the key to an understanding of 


the original questions. 
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(6) Wave-Mechanical Expression for Current Density 


On p. 703 the expression ‘YY was shown to be a measure of the 
density of charge. Now an analogous expression for the current density 
will be deduced. Since a current is a process occurring in time, we 
roust start from the Schrédinger equation (p. 717), which depends on 
the time: 
4mim oY 


822m 
AY — —~ ae a, 


oe 0. « « « (63) 

According to a theorem in the theory of functions of a complex 
variable, the conjugate function Y’ satisfies an equation in which all 
coefficients are replaced by their conjugates, since the real and the 
imaginary parts must separately satisfy the same equation. Hence ¥ 
satisfies the equation 

g 87m pa , 4rim oF 
AY ——p OF =e, . e e (64) 
Multiplying (63) by ¥ and (64) by ¥ and subtracting, we have 


—— VY = PAY — YAY = div (¥ grad ¥ — ¥ grad ¥). (65) 
The appearance of the gradient of a complex number may seem strange; 
but one may compute exactly as with the gradient of a real quantity, 
since it represents a combination of the gradient of the real part and 
that of 7 times the imaginary part. 


Since ‘ has been normalized in such way as to make if Y¥dr=1, 


the time rate of change of the charge density p is given by (eV) /dt. 
Also, as for any current, the equation of continuity of the electrical 
current is (cf. p. 196) 

Op a: 

Ot aa div Zz, e @7.0 e 8 © e@ (66) 


where @ is the current density vector. Thus the current density is 
represented in wave-mechanical form as 


‘ ch iz a 
t= 1 im grad ¥ — ¥ grad ¥). «oo (67) 


The total current carried is given by 


ch f= - 
T= 0) [(P grad ¥ — ¥ grad P) dr, » . (68) 
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While this cannot be done for (67), it is possible to put (68) into a 
simpler form. Inasmuch as Y vanishes exponentially at infinity, the 


integral p YY dr over an infinite sphere is zero. Hence by equation 
| (59), p. 31, 


0= f ¥¥ ds = fgrad¥¥ dr =[(¥ grad ¥ + ¥ grad ¥) de, 
and so the total current becomes 
Ci ia 
I=," [¥ gad ar. eo ee © @ (69) 
Since we have Y = we and ¥ = pe-*, it is also possible to write 


oh fh grad pdr. oa .3 SG) 


— 


If ‘Y = de*ot and if is real, the expression for # vanishes. This may at first 
sight seem surprising, for on p. 698 we used real ) functions in treating the hydro- 
gen atom. However, we know from its magnetic behaviour that a rotational 
current is present in this case, as required even by the revolving electron of the 
simple atom model. In reality, the existence of a magnetic field compels us to 
carry out the hydrogen calculation using complex functions, which yield a 
current. According to wave mechanics there can be no current without a mag- 
netic field, since the functions give the mean values, and in the absence of a 
magnetic field all orientations of the orbits occur with equal frequency and so 
cancel on the average. 


(c) Electron in a Periodic Potential Field 


Let us again restrict our consideration to the one-dimensional case, 
which depicts all the essential facts concerning the behaviour of elec- 
trons in a space lattice. The form of the Schrédinger equation that 
does not involve the time is 

@? 8r?m 

oy + ot (EV) ¥=0, rere 
where V is assumed only to vary periodically in space with an interval 
equal to the lattice constant a, i.e. 


Viata)=V(z) 2. 2 2 2 - ~ MY) 
If ¥,,(z) is a solution corresponding to the proper value #,,, then 


Un(% + @) is another solution corresponding to the same characteristic 
value; because if we set x + a =a’ in (70) we get 


ap , Same Vig —a)]p=0. . » + (72) 


h2 
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On account of the periodicity of V, this is again identical with (70). 
Since we rule out the degenerate case, this is possible only if both 
solutions differ by a constant factor: 


ib(m-a)==p(z)en semen: somcmmltey 


In a crystal of some extent, the condition % must recur after a 
certain distance. . Even if we take the whole crystal to be a unit for 
purposes of calculation, we may imagine it to be succeeded by an 
identical region. In the one-dimensional case, assume this fundamental] 
unit region to be 

L=Ga. © 22s « » sommes 


Fig. § 


where Gis a very large number. Since the potential is due to the ions 
of the lattice, G also is the number of ions in the unit region. By re- 
peated application of (73), 


b(% + Ga) = (x) = p* (2), 
from which it follows that 
p=enS and w(x + a) = e?mlCay (x), m=1,2,...G4. (75) 
This property is possessed by the function 
yb (a) = e2nima/Ga u(x), a (76) 
if u is a periodic function whose period is a. If V is zero, the solution 
is simply 
x(a) = e®rimsiGa x const. . . 6 «6 . (77) 
This represents a plane wave which moves from left to right or from 
right to left, depending on the algebraic sign. The periodic potential 
field, in conjunction with «u(zx), results in a spatial modulation of the 


wave (cf. p. 57 and fig. 5 here). 
Introduce &,, as an abbreviation for 27/A. Then 


k __ 2am 
™m™ ‘Ga’ < S Tommerecntéie 6 ¢ (78) 
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whence 


he — , ieee 2G. 6s + (TS) 


According to p. 695, the relation between the wave-length and 
speed of a free electron is 


h Qa kh 
JA = = — = 
rae or v ae ass (80) 
Consequently the energy of the free electron is 
kh? 2 
E = 4mv* — a aa = *o e e @ (81) 


2 a > 
8a Me} B 


where 
ea 87 27) 


h2 e e e e . e e (82) 


Since a free electron may have any speed, H and k are related para- 
bolically. 

As long as the potential is small compared with the electron energy, 
we can start from the solution for free electrons and proceed by the 
established methods of quantum-mechanical perturbation theory, 
considering the periodic potential as a small perturbation. For this 
purpose we develop V in a Fourier series: 


V = By bee ee oo 08 @ © @ @ (83) 


n= -@ 


where, according to p. 55, 0, =, Further, let V be normalized to 
make the mean value v, equal zero. 

The coefficients v, are to be considered given, and we seek the 
Fourier coefficients, which replace ”,, in (76): 


dra Pt (Z), » - « « » « (4) 


For simplicity, we omit the index m and write 


os, caermm*ia, 5 5 ww ew © (85) 


n=—@ 


When these Fourier series are substituted in (70), the product of 
two series appears in the term Vi. If the terms having the same ex- 
ponent are made to vanish, equations determining the c,, are obtained. 
For instance, collecting the terms involving ¢°”-**”", the linear parts 
of (70) yield a term containing ¢,, but the product Vy yields a sum of 
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terms whose index sum is 4, €.g. V4Cs, Vala, V3¢,. The equations, solved 
for C,, are . 
2 Vpln—p 


k + 2nn/a)® 


oe @« e @ @ (86) 
oe 
be 


Ch = 


As long as the denominator does not vanish, all of the c,, with the 
exception of cy, may be allowed to approach zero as v, does. This 
means that the proper functions and proper values of the electrons in 
the weak, periodic field differ but slightly from those in the absence of 
forces. However, it must be noted that the k,, now form a discrete, 
yet very dense, set. The situation is different, however, if the de- 
nominator vanishes; then the c, can no longer be small. Thus for 
k = —a/a we have 


Se . ae  D 


where, according to (81), E = 7?/ay. 

The same denominator is obtained for cy. In order to investigate 
the character of the result at these places we approach —z/a from 
neighbouring points by trying to determine c, and ¢, for k = (—s/a) + 4, 
the corresponding proper value being H = (m?/a%u) + e. 

Neglecting all coefficients shown above to be small, we get the 
following equations for cy and ¢,: 


eo Oe 
a ap = V1 Cy. 


These linear, homogeneous equations can be satisfied only by the 
vanishing of the determinant. This leads to an equation for e: ~ 


i. / 4rr? §2 
€ Sy ear a ape 


ey 
cat flgpe Be. ee ee) 


» ee ee (88) 


or, because v_y = 2, 
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Thus for k = —z/a we get two values of H,, of which the smaller is a 
continuation of the values that correspond to smaller values of k. 
But this means that the parabola mentioned on p. 729 has a break at 
k = —/a, and the same thing occurs at k = +27/a, 37/a, &c. Thus 
there are breaks in the spectrum of proper values. These places corre- 
spond exactly to the reflection in depth of the de Broglie waves from 
the row of points, similar to that of X-rays considered on p. 388. For 
k = +nz/a the waves reflected from the several points are in phase, 
so that no wave moving from left to right can arise. In the three- 
dimensional case these breaks occur for those directions of propagation 


\ E(k) 
\ 
f\ 


aaa al 


_ 


Aly |- —-—— -—-- -— —- = -- 


Fig. 6 


and those wave-lengths for which, according to p. 388, reflection takes 
place. The trend of the proper values is as shown in fig. 6. 

It is important, for what follows, to notice that the curve is hori- 
zontal at the points of discontinuity, as computation shows. 

With increasing perturbation the breaks in the energy spectrum 
become broader, since the jump in E at k = nz/a is conditioned by 
v,. However, for large perturbation, the present point of departure of 
the calculation is no longer the correct one. In that case, one starts 
with the proper functions of the electrons bound to an ion of the lattice. 
The result is that for very strongly bound electrons (K shell) the in- 
fluence of the neighbours ceases to be important. For the outer elec- 
trons the sharp term values of the free atom change to broad bands 
that correspond to the above, except that the breaks no longer occur 
exactly at n/a. These bands are designated according to the terms 
of the free atoms from which they developed. Thus one speaks of the 
4s or of the 3d band of potassium. 
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(d) Relation between Current and Energy Values 


In order to connect the behaviour of electrons in a periodic poten- 
tial field with the conduction properties of matter we shall deduce an 
important relation between the current and the function E(k). Despite 
the fact that the proper values constitute a discrete set, they lie so 
close together that they may be considered continuous inside a band 
E. If % is assumed to increase by a small amount a, the #, will change 
by an amount f and the function u, (which has a period a) will change 
by a function v. Thus to k-+ a there corresponds the proper value 
E,, + B and the proper function e**®*(u, + v), or, putting 


eu, 7 e «© 8© © ef @ (91) 
we have p=, Yer .« 2 « 6 « « (om 


To determine f and x we substitute into the Schrédinger equation. 
Since x, satisfies equation (70), we get the following equation for x 
by discarding the products ya and uf: 


aE sual 
aoa t+ HE — V)x = — Bue — tia eo e (93) 


According to p. 708 this inhomogeneous equation will have a solution 
only if the solution x = ¥, of the homogeneous equation is orthogonal 
to the right side. The situation differs from that on p. 708, however, 
in that %, is complex. In this case the condition for orthogonality 
is similar to that on p. 708 except that in place of %, we have the 


conjugate value By. Then, since if b.b,dr = 1, 


oie pe 
Be file ge wee ee (94) 


By equating (69), p. 727, the current is given by 


eh = eh = 
I= 75. if Ve grad Pedr = 9 ff Pe grad pede. _ (95) 
Also, in the one-dimensional case, 
grad pf, = ae 
Then, on account of (82), p. 729, we have the important relation 
p_ Gy _ hk 
aca eee 


__ 2ae dE 


or = ae eo 8 © © 2 8 (97) 
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The quantity dE/dk vanishes at the edges of the bands, as men- 
tioned above. Hence the current, which is carried by electrons having 
the limiting energy, is zero. Physically, this remarkable result means 
that because of the reflection in depth of the de Broglie waves there 
is now a standing wave rather than a progressive one. 


(e) Conduction Properties of Matter; Algebraic Sign 
of the Hall Effect 


We are now in possession of all the essentials for building the wave- 
mechanical theory of metals. To be added, as in the case of an electron 
gas, is Pauli’s principle, i.e the Fermi Statistics. We are then in a 
position to give qualitative answers to the more important questions. 
Space does not allow a description of the quantitative three-dimensional 
theory, for which the special literature should be consulted.* 

A band contains G closely spaced energy levels. The Pauli principle 
requires that every quantum state be only singly occupied, and on 
account of the two possible spin orientations we can thus accommo- 
date 2G electrons in each band. There are G atoms in the unit region. 
Without regard to spin, each electron in an atomic configuration is 
characterized by the quantum numbers n, 1, m; (cf. p. 679). For each 
trio of numbers, designating a single band, there are two possible 
electrons per atom. This is precisely the case for closed shells. For 
example, this is true for the inner as well as for the outermost shells 
of the alkali halide ions, which are like the rare gases in this respect. 
The alkalis, on the other hand, have a single electron outside the rare- 
gas configuration. But, because of the spin, the Pauli principle allows 
for the presence of two such electrons, so that the band corresponding 
to the valence electron is only half-occupied. 

What influence on conductivity does the extent of occupation of the 
bands have? In an electric field the electron obtains energy and so 
moves up to the higher levels within a band. In general, however, the 
energy that can be obtained from the field is not enough to force a 
transition to the next band. If the upper levels are already occupied 
(rare gases) a displacement of this kind is not possible, and the material 
is an insulator. The case is otherwise for the alkali atoms, where the 
half-filled state of the bands provides enough room for such displace- 
ments, and so the alkalis in the solid state are typical examples of 
metallic conductors. 

The case of the alkaline earths is more complicated. The ns shell 
is fully occupied by two electrons. That these elements are neverthe- 
less conductors is explained because the adjoining band lies so close 
to the ns band that the two overlap. The effect of the field is a double 


* See, for example, F. Seitz, The Modern Theory of Solids, McGraw-Hill Book Co., 
1940. 
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one: the number of electrons in the next higher band is increased, 
and vacancies occur in the ns band. The effect of these vacancies will 
be explained below. Another situation that may arise is that two 
bands are separated, but that the distance between them is so small 
that thermal motion suffices to elevate individual electrons to the 
upper band. Substances where this occurs are the simplest electronic 
semi-conductors. For such materials the conductivity does not de- 
crease with increasing temperatures, as it does for metals; rather, 
corresponding to the increasing number of electrons reaching the next 
band, the conductivity increases exponentially. 


The Hall effect, mentioned above on several occasions, is the fol- 
lowing phenomenon: Let a current flow through a rectangular plate 
in the direction of its longer side (fig. 7). The equipotential lines will 
be perpendicular to the lines of flow. Between two points P, and P, 
lying on an equipotential there will be no potential difference, and a 
voltmeter joining them will read zero. If we now apply a magnetic 
field directed outward and perpendicular to the page, there will be a 
force —e{vH] on each moving electron and it will be deviated to the 
right.* The accumulation of electrons on the right side gives rise to 
a transverse electric field held in equilibrium by the magnetic force. 
The next effect is that the lines of flow remain parallel to the side of 
the sample, but the points P, and P, no longer are at the same poten- 
tial. For electrons, which are carriers of negative charge, P, must be 
negative with respect to P,. This is the case, for instance, for alkalis. 


* Notice that w for an electron is directed from — to +. 
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For many metals, such as zinc, the sign is reversed, as if positive car- 
riers were taking part in the flow of current. The band theory accounts 
for this readily: It seems fairly obvious—and may be proved strictly— 
that the “hole” in an almost fully occupied band acts like a positive 
charge. In an instance where two bands overlap as mentioned above, 
which happens for the elements of the second column of the periodic 
table, the conduction is made up of two parts—that of the holes and 
that of the electrons of the higher band. If the former preponderates, 
the sign of the Hall effect reverses. 

The next task is to compute the conductivity and its temperature 
dependence on the basis of our picture of electron waves permeating 
the metallic crystal. As long as the lattice is a perfect one there will 
be no possibility, according to the above treatment, of transferring 
energy to the atoms of the lattice, i.e. a uniform metal has zero resis- 
tance at absolute zero. At higher temperatures, however, the perio- 
dicity is disturbed by thermal motions and the randomly distributed 
departures may be introduced into the computation as a perturbation. 
The calculation is cumbersome but it succeeds in giving a satisfactory 
picture of conduction. 


6. The Role of Lattice Defects in Dielectric Crystals. 


It was stated in the preceding section that a material is an insulator 
or a conductor according as the uppermost energy band is completely 
or partially occupied. In rare cases, the nearest unoccupied band may 
lie such a short distance above the highest fully-occupied one that even 
at room temperature occasional electrons may find their way into the 
upper band. Each electron thus elevated contributes in two ways to 
the conduction: firstly, because this electron is itself mobile, and 
secondly, the hole now remaining in the previously fully-occupied band 
is able to move (“hole conduction ’’). Since the number of electrons 
elevated in this way is governed by the Boltzmann distribution, the 
conductivity of such truly electronic semiconductors increases with the 
temperature according to e~”/*7, where W is the excitation energy. This 
temperature dependency is well founded experimentally. 

With other substances, e.g. boron, the conductivity of different 
samples is often found to vary by several orders of magnitude, even at 
the same temperature. The cause, recognized only relatively recently, 
is the great influence of lattice defects or imperfections. These may be 
atoms of impurities, holes, or atoms of the material itself which occupy 
locations between lattice points. If they are present in concentrations 
as low as even 10-5 they are able to alter the conduction properties 
completely. The lattice defects constitute the critical factor in the 
technical application of a tremendous number of materials: oxide 
cathodes of electron tubes, dry rectifiers, detectors, transistors, selenium 
photocells, phosphors, and photographic emulsions. Preparation of 
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suitable materials for such uses amounts to finding ways of introducing 
the proper defects into the substance. We shall consider two classes of 
materials here—phosphors and photographic emulsions. 

One of the oldest and most widely used phosphors is ZnS con- 
taminated with traces of other heavy metals or rare earths. It may be 
fabricated in forms that show long-lasting phosphorescence, or others 
where the decline is rapid, such as those used to coat cathode-ray and 
television receiving tubes. In the level scheme of such a phosphor there 
is an impurity band C, of finite width, lying higher than the fully- 
occupied band A of the main material (fig. 8). An electron at the 
location of the impurity ion has somewhat higher energy than one in 
the main lattice. In every phosphor there is a second kind of defect 
fulfilling the requirement that the whole crystal be electrically neutral. 
If, for example, the place of a Zn++ ion is taken by a Cut, there will 
be an excess of negative charge in the neighbourhood. This may be 
compensated, for instance, by the removal of one S-~ ion for each two 
Cu+ ions present. Since a vacancy of this kind corresponds to a positive 
charge, it will attract and hold electrons, acting like an electron trap. 
The corresponding energy level D lies just below the conduction band B. 

The mechanism of phosphorescence is then visualized as follows: 
A photon absorbed by the main substance ejects an electron from A 
and sends it upward to B.* In B the freed electron interacts with the 
lattice elements, losing energy thereby and descending to the lower 
edge of band B. Its return from this point to A, which would violate 
a selection rule, is prevented by the circumstance that its former place 
in A was soon filled by an electron from the impurity level. A lattice 
defect in the latter level is completely surrounded by normal lattice 
elements, and so such a transition can take place readily. 

The conduction electron, whose existence can be directly verified 
electrically, moves through the lattice and is trapped in D. Passage 
from here to a vacant place in C will be possible only if the level D 
happens to lie near an impurity atom in which there is a vacancy. This 
seldom happens, and the electron usually is thrown back into the con- 
duction band by the absorption of thermal energy. This happens 
repeatedly until the electron chances to fall into a properly placed trap 
from which it can return to an available place in an impurity ion. The 
latter transition is accompanied by the emission of radiation, and the 
phosphor is then back in its original condition. 

This picture of what goes on, while apparently somewhat artificial, 
succeeds in bringing order to a wealth of observational material. For 
one thing, it explains at once the strong temperature dependence of the 
luminescence which enables the substance to “‘ freeze” the absorbed 
light and then give it out again rapidly upon warming. In order to 


. * The rarer transitions C to B and C to D occur also, but will be neglected here, 
since there are many more absorbing atoms in the ground level. 
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pass from an unfavourably placed trap to a better one located near an 
impurity ion that is able to accept an electron, the conduction electron 
must take up heat energy to bring it back to the conduction band. The 
band theory also explains the selective effect of infra-red light whose 
quanta correspond to the energy difference B — D. The mechanism is 
sumpler only for certain solid organic phosphors, where the absorption 
and emission processes take place within the same molecule, the excited 
state bemg metastable. 

There is a connexion between the explanation of the luminescence 
of inorganic phosphors and that of the latent photographic image. The 
energy level scheme corresponds to that of fig. 8. The effective im- 
purity centres are known to be S~~ ions, which find their way into the 
silver bromide granules from the gelatin of the emulsion. When the 
necessity of sulphur impurities was finally discovered, many puzzling 
cases of insensitivity in emulsions were cleared up. 


raroees WOT 7 


In order to compensate the double charge of each S— ion, there 
must somewhere be a missing Br- ion. These Br vacancies are the 
electron traps. Compared with phosphors, the new feature in addition 
to the purely electronic process is this: passage of an electron to a trap 
site is followed by a motion of ions, which leads to the formation of 
sensitivity centres. Even at room temperature, the silver halides 
exhibit an appreciable electrolytic conduction, borne mainly by the 
silver ions. This has to do with the smallness of these ions. In the case 
of a photographic emulsion, there is also a shift of the Br- ions to be 
taken into account, and there is a corresponding movement of Br- 
holes. Such motion can take place if there is a negative space charge 
at some point. This will happen, for example, if a second electron 
should fall into the Br- hole. Experiments with alkali halides bear this 
out. In such instances, little clusters consisting of Ag+ ions and Br- 
holes containing one or two electrons are formed. Hxcept for the size 
of the lattice constant, such an aggregate is nothing more nor less than 
a tiny crystal of metallic silver, which serves as a sensitivity centre. 
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The decrease in sensitivity at low temperatures is then understandable 
on the ground of reduced ionic mobility. Further, the quenching of 
the latent image by infra-red light (Herschel effect) is explained as the 
elevation of the trapped electron to the conduction band. Also, the 
fact that the photographic density is found to depend not only on the 
product of intensity by time but also on the way in which the energy 
is introduced during exposure is explained by the above considerations. 


CHAPTER XLII 
Nuciear Purysics 


1. General Remarks on the Physics of the Atomic Nucleus. 


Now that the structure of the electronic shells of the atom and the 
processes going on in them have been revealed in their main outlines, 
the interest of physicists since about 1930 has chiefly been centred 
on the atomic nucleus. Here both experiment and theory indicate 
relationships essentially different from those which apply to the outer 
layers of electrons, and we shall accordingly begin by discussing these 
differences. 

The most important distinctive feature of the physics of the nucleus 
is the immense amount of energy which, as has long been known from 
the facts of radioactivity, is involved in any nuclear phenomenon. 
While the amounts of energy involved in changes in the outermost 
shell of electrons (excitation, ionization, chemical binding) are of the 
order 5 electron volts, the amounts of energy transformed in nuclear 
processes are over 10° times as great. This energy ratio is even greater 
than we should expect from the dimensions of the nucleus and of 
the outer shells—that is, by comparing the potential energy of two 
elementary charges, first when at a distance apart of the order of the 
diameter of the atom (10-® cm.) and again when separated by a dis- 
tance of the order of size of the diameter of the nucleus (10~** to 10-¥ 
cm.). Owing to the magnitude of the energy liberated it is possible, 
in contradistinction to the physics of the outer shells, to observe indi- 
vidual phenomena. In this way we are made aware of uncommon 
occurrences, which, though they elude the methods of large-scale 
physics, may have an extremely important bearing on cosmological 
problems, because there the rarity of the event is compensated for by 
the immense periods of time available. These large amounts of energy 
manifest themselves in the form either of fast corpuscular rays (elec- 
trons, protons and a-rays) or of radiation of very short wave-length 
(y-rays). In the case of the short y-rays, however, it must be borne in 
mind that though we speak of waves practically nothing of a wave 
nature is revealed experimentally, all “‘ wave-length determinations ” 
being really determinations of the magnitude of the light quantum hv. 

Conversely, these energy-rich corpuscular rays and y-rays may be 
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used to bring about changes in the nucleus. We have them at our 
disposal in the rays emitted by the radioactive elements and in the 
cosmic rays. The latter were discovered by V. F. Hess as far back as 
1910 and have since been the subject of an enormous number of ex- 
periments. It may be taken as established that these rays are diffusely 
incident on the earth from without, coming from all directions in 
space, and that they are a mixture of the most diverse types of ray, 
whose energy may reach 10%” electron volts and perhaps even more. 

In recent years we have found means of giving protons, deuterons 
and a-particles velocities far in excess of those of “ natural” radia- 
tions (except those of cosmic-ray particles). Thus, in the cyclotron 
a-particles may be given energies amounting to several thousand 
million electron volts, as compared with a-rays from radioactive sub- 
stances, whose energy is never as much as ten million electron volts. 
Further, particularly energetic particles are obtained also from arti- 
ficially radioactive elements (cf. § 4). 

Several methods are available for detecting the individual pheno- 
mena. The simplest of these is the scintillation method, which is very 
suitable for a-particles and hydrogen nuclei or protons. The energy of 
these is so great that when an individual particle hits a screen of zinc 
blende it gives rise to a flash of light which is visible in a microscope. 
Owing to the differing brightness of the flashes it is possible to dis- 
tinguish between a-particles and the feebler protons. The velocity of 
the particles is determined from their range, i.e. the distance from the 
source of radiation, in air at 0° C. and 760 mm. pressure, at which they 
can no longer produce scintillation. The relationship is an empirical 
one; for a-particles the formula 


R=0-965 x 102%, ..... (2) 


where R is the range and »v the velocity, is widely applicable. Accord- 
ing to Blackett’s experiments, in which the velocity was obtained from 
the magnetic deviation, the formula 


R=1-77 x 10-84 2... . 4. (2) 


is more satisfactory for protons. A formula which has a more accurate 
theoretical basis, but which is very inconvenient in practice, has been 
given by Bethe. Reference may be made to equation (5) on p. 742. 
Still more elegant and direct is the cloud chamber method due to 
C. T. R. Wilson. In this method the paths of the particles are made 
visible owing to the ions formed along these paths being caused to act 
as nuclei for the condensation of supersaturated water vapour. Here 
again the nature of the particles is revealed simply by the intensity 
of the track (the paths of electrons can also be made visible in the 
same way). As before, the velocity is obtamed from the range, that is, 
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the length of the track. A better method consists in placing the chamber 
in a magnetic field and measuring the resultant curvature of the track. 
This method is especially useful in revealing the sign of the charge 
carried by the particle. Recently it has been found that a-particles and 
protons leave tracks in a photographic emulsion—a method that is 
valuable for recording rare events without requiring special attention. 

Again, the ions produced by a particle can be detected directly by 
means of specially sensitive electrometers, such as those due to Hoff- 
mann. Or the ions first formed may be made to give rise by collision 
to a large number of new ions, so that less sensitive instruments may 
then be used to detect the total current. This is the principle of the 
Geiger and Geiger-Miiller counting apparatus. In both types of instru- 
ment the ions first produced give rise to a gaseous discharge which is 
then rapidly extinguished by a suitable device. Depending upon the 
magnitude of the applied potential, a counter may be made to give a 
current pulse proportional to the number of initially produced ions or 
else each particle may be made to produce a pulse of the same strength. 
It is necessary to use weakly ionizing particles (electrons) in the break- 
down range. Counting and recording devices may be actuated by 
means of suitable amplifiers. Recently, in place of some of the above 
instruments, scintillation counters have come into use. Here the 
flashes are amplified by photo-electric means and then registered. Suitable 
scintillation materials permit the recording of B- and y-rays as well. 

For very energetic particles such as those found in cosmic rays 
(§15) it is often difficult to distinguish their nature. The charge is 
usually recognized as a multiple z of the electron charge, but the rest 
mass and the velocity (or the kinetic energy) are unknown. Although 
the requirements are usually prohibitive, it may be possible to observe 
the path of the particle in a strong magnetic field directed normal to 
its path. In such case, equation (14) of p. 429 furnishes one relation. 
The product Hp, called the magnetic rigidity, tells us the value of 
muc/ze. But at the extremely high velocities encountered, the relat- 
ivistic mass increase becomes important, and the value sought is the 
rest mass m,, which may be very much smaller than m. 

Properly speaking, the product Hp gives us a relation between 
m, and the kinetic energy Z. Thus in equation (14), referred to above, 


m is to be replaced by m,/V/1 — v®/c?. From equation (82) on p. 257, 


B=mge( 5-1). > =e) 


This may be solved for v. Using the result and also m,//(1 — v*/c?), 
we find that 


oe ee 
Hp =7, VE + 2m lie’, eee 
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A second relation is found from the energy loss per unit path length 
which the particle experiences by ionization of the air or other material 
through which it travels. Bethe derived a relation for very high energies 
E> eV,, where V, is the complete ionization potential of the atoms 
composing the medium; it may range as high as 10 kv. His equation 
for the energy loss per unit distance is 
dE 4ret2?N 2m, v" ve vw 

a als [2 log (== ) log (1 5 4 cI. (5) 
The mass of the particle does not appear, so that all particles having 
the same charge and speed will suffer the same loss. The charge number 
of the particle is z, while the atomic number of the atoms of the medium 
is Z and their mean ionization potential is V,;, The number of atoms 
per unit volume of the medium is N and C is a correction term which 
may be neglected at high velocities. 

Inspection of the equation discloses that the energy loss, and hence 
the intensity of ionization, decreases rapidly as the particie speed in- 
creases, approaching a flat minimum. For protons in air, this minimum 
corresponds to energies of about 2300 Mev. The number of droplets 
per unit length in a cloud chamber or the number of developed grains 
per unit length on a photographic plate increases with the number of 
ion pairs, so that the energy loss can be found empirically from such 
observations. The thickness and curvature of the tracks in a magnetic 
field almost always permit of unique identification. In the absence of 
a magnetic field, the energy may be found from the range of the particles. 
Suppose the energy loss has been determined as a function of the dis- 
tance traversed. Numerical integration will then give # as a function 


of the distance x and hence —dH/dzx as a function of Z. Then the range 
is given by 


R= fde=— f Fas. oe OG 


Since R is observed, this is an equation for the determination of the 
unknown initial energy Ey. Because of the uncertainty of the energy 
loss measurements, one usually starts from the empirical range-energy 
relation for 15 Mev particles and integrates from this point up to the 
observed range. As a result of the simple dependence on z and on the 
particle mass M, equation (6) is especially suitable for computing the 
range of a particle of mass M’ and charge z’ from the known range of 
a particle of mass M and charge z having the same velocity.* Taking 
the energy, as usual, to be the abscissa, corresponding points will have 
different abscissas as well as different ordinates. (Cf. Ex. 134 opposite.) 


* dH /da is independent of M, but H, and therefore d#, is proportional to M. 
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In the case of electrons, there are two other mechanisms of energy 
loss in addition to that due to ionization: Compton effect and Brems- 
strahlung (according to even the classical theory, an accelerated electron 
or other charged particle radiates electromagnetic waves—the con- 
tinuous X-ray spectrum). Further, the formula for dE/dx includes 
other terms that can no longer be neglected when dealing with electrons, 
so that the range formula (5) is no longer applicable to electrons. For 
heavier particles the retardations are never so great as to make the 
Bremsstrahlung important. 

So far as the theory of nuclear physics is concerned, the goal we set 
ourselves is the deduction, by application of wave mechanics, of the 
various nuclear states from some sort of model, as was accomplished 
in the case of the electron shells. Matters are still very much in a state 
of flux, but a number of important results have been obtained from 
the principles of conservation of momentum, energy and charge, whose 
validity is assumed to extend to the nucleus. Of quite special impor- 
tance is the law of the inertia of energy (cf. p. 258), which takes the place 
of the conservation of matter. It enables us to calculate the release of 
energy in a nuclear reaction from the mass defect. In this connexion 
the following transformation formule should be noted: 


T Mey — 1°60 x 10-*ére — 1°78 10" pm., . . {7) 
Mass of electron = 5:12 x 105 electron volts. . (8) 


‘Thus if a mass decrease of 10-3 a.m.u. (p. 765n) should occur in a nuclear 
reaction, energy amounting to about 1 Mev would be liberated. 


Ex. 134. An a-particle (M = 4, z = 2) with an energy of 12 Mev has an 
observed range of 14:42 cm. Find the energy of a proton (M = 1-008, z = 1) 
which will have this range. 


2. The Hyperfine Structure of Spectral Lines as a Connecting Link 
between the Physics of the Outer Shells and that of the Nucleus. 


In addition to the methods peculiar to nuclear physics which were 
described in the previous section, spectroscopy, which is a method of 
ordinary large-scale physics, has its contributions to make to the 
problems of nuclear structure. One way in which spectra are affected 
by the nucleus depends in the first instance on the joint motion of the 
nucleus and its surrounding shells; this, however, is only of importance 
in the lightest elements. In single-electron systems the motion about 
the common centre of mass can be calculated directly; we have already 
carried out this calculation on p. 652 for the interval between the H 
and Het lines. This effect of the mass of the nucleus has gained fresh 
significance in connexion with the lines of the isotope of hydrogen of 
mass 2 discovered by Urey, Brickwedde, and Murphy, whose nucleus 
is called a deuteron. The lines of the isotope are found by replacing 
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M,, in equation (31) (p. 652) by twice its value. The proportion in 
which the two isotopes occur may be deduced from the ratio of the 
intensities of their spectral lines. While ordinary hydrogen contains 
only one part in 5000 of the heavy isotope, it is easy to obtain a richer 
mixture, owing to the magnitude of the relative difference of mass. 
(With other elements, as is well known, the difficulties of separating 
isotopes in weighable quantity are very great.) One way of carrying out 
the separation, for example, is by the electrolysis of water, in which a 
preponderance of the lighter hydrogen isotope is set free. 

Apart from this effect of the nucleus due purely to its mass, there 
is an electrodynamic interaction which gives rise to a splitting up of 
terms additional to that involved in the systematic theory of spectral 
terms developed on p. 669. This is referred to as hyperfine structure. 
The phenomenon has long been known in the case of the mercury 
lines; owing to the slightness of the splitting these lines have often 
served as tests for interferometers of high resolving power. 

If we ascribe an angular momentum of magnitude Ih/2a to the 
nucleus it is possible to develop a systematic theory of the hyperfine 
structure. The total spin of the atom is then given by F (fine quantum 
number), the resultant of J, the moment of the nucleus, and J (inner 
quantum number), the moment of the electronic shells. The spin 
vectors J and J are combined to form the resultant F in the same way 
as L and S are combined to form J, J corresponding to the vector L. 
When J'> I a figure the same as that on p. 670 but with a different 
interpretation of the vectors gives a hyperfine structure with (27 + 1) 
sublevels to every term. The Zeeman effect may be treated in the 
same way. It is to be noted, however, that owing to the smallness of 
the splitting in fields of the necessary intensity there is an uncoupling 
of the vectors J and I corresponding to the Paschen-Back effect, 
which gives the Zeeman type of the multiplet component in question 
a hyperfine structure of (2J + 1) components. The mechanical moment 
of the nucleus is accordingly determined by the number of components. 
Very many observations of fine structure have been made and they 
show that atoms of even atomic weight have integral, but in most cases 
zero, nuclear moment; whereas in atoms of odd atomic weight the ruclear 
moment is always equal to an odd multiple of one-half. 

The magnetic moment of the nucleus, however, is not determined 
by the mechanical moment of momentum, as we do not know whether 
the latter is due to circulating electrons or to nuclei. If we replace m, 
the mass of the electrons, in equation (60) (p. 666) by M,, the mass 
of the proton, the magnitude so obtained is called a nuclear magneton; 
it is accordingly 1840 times as small as the Bohr magneton. If we 
make an approximate calculation of the term perturbation due to a 
magnetic dipole situated at the nucleus, the very small splitting gives 
the order of magnitude of the magnetic moment as that of a nuclear 
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magneton. Direct measurements, using molecular-beam techniques, 
lead to the same result. This furnishes one of the first objections to the 
earlier idea of nuclear electrons, whose spin would give rise to one Bohr 
magneton per electron. 

From the discrepancy between the observed hyperfine structure 
and the separations to be expected from the multiplet rules, Schiiler 
has drawn far-reaching conclusions about an ellipsoidal distribution 
of charge in the nuclei of many atoms (electric quadrupole moment). 

In addition to this hyperfine structure occurring in a single isotope, 
there is another observed in elements which consist of a mixture of 
isotopes; here the lines or groups of lines correspond to the individual 
isotopes. The combination of these two effects make it difficult to 
analyse the hyperfine structure in elements such as mercury which 
have many isotopes. Inasmuch as the mass effect (p. 651) of the nucleus 
is least for the heavy elements, this type of hyperfine structure shows 
a difference in the nuclear field which is not that of a point charge. 
In fact, this isotope effect is greatest for the lowest S terms (e.g. the 
6s), whose electrons approach the nucleus very closely owing to their 
large eccentricity. 


3. Radioactivity. 


Radioactive phenomena are amongst the earliest known facts of 
atomic physics. On them the establishment of an experimental basis 
for the model atom essentially depended. As is well known, the heaviest 
elements spontaneously emit rays which consist partly of radiation of 
short wave-length (y-rays), partly of fast electrons (B-rays), and partly 
of He++ particles (a-rays), the nature and energy of the rays being 
characteristic of the particular heavy atom in question. It was soon 
recognized that the source of these rays is the nucleus of the atom, so 
that the study of radioactivity represents the first phase of nuclear 
physics. As a-rays and f-rays carry electric charges, the loss of one of 
these particles alters the charge on the nucleus and a new element is 
formed. Loss of an a-particle diminishes the nuclear charge by two 
units, so that the element moves back two places in the periodic table. 

Loss of an electron raises the positive nuclear charge by one unit, so 
that the new element is one place ahead of the former element in the 
periodic table. These are the celebrated displacement laws of Fajans 
and Soddy. If we trace out a disintegration series, we keep coming 
back to the same place in the periodic table, but with a different atomic 
weight each time. Scientists were thus forced to recognize the existence 
of isotopes, and these were found also among other elements by the 
methods of mass spectroscopy. 

To describe the course of a transformation process as time goes on, 
we have to start from the experimental fact that the probability of 
any particular atom disintegrating in the following instant 1s quite 
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independent of external conditions, depending only on the internal 
structure of the nucleus. We accordingly represent this probability 
by a characteristic constant A. The probability that a selected nucleus 
will disintegrate during the elementary interval of time dt is then A dt, 
and if there are a large number (N) of nuclei, the number of nuclei 
disintegrating in the interval dt is NA dt, by the fundamental principles 
of statistics. We therefore have the differential equation 


dN=—NAG ..°. . . on) 


(the negative sign being necessary, as the number N is decreasing). 
Integrating and taking MN, as the number of atoms when ¢ = 0, 
we obtain the number of atoms left at the end of a finite time, 


We Noe es 


That is, the disintegration constant A is the reciprocal of the time 
required for the number of atoms of the original substance present to 
fall to 1/e of its initial value. In addition the half-value period (7) is 
often given, i.e. the time in which the number of atoms present is 
reduced to half its value. Substituting N,/2 for N in equation (10), 
we see that 
1 
m\ 


As a rule the product of disintegration is itself radioactive. If, as 
in the case of uranium deposits, we have a long-lived parent substance 
whose diminution may be neglected, a state-of equilibrium among the 
disintegration products is ultimately reached, atoms of each type 
being produced and being destroyed at the same rate. If we let the 
suffix 0 refer to the parent substance and the suffix | to the first dis- 
integration product, the increase in N, due to the disintegration of the 
parent substance is 


PR — login wes! ee 


dN, = NoAy dt, 
whereas the loss by further disintegration is 
dN,’ = NA dt. 


In a state of equilibrium we accordingly have 


Nodes Neds - © +: ge tle) 
No _ Lo 
io N, oe 


That is, the numbers of atoms of the disintegration products of a long-lived 
parent substance present when radioactive equilibrium has been reached 
are im the ratio of the half-value periods. This relationship serves to 
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determine the half-value periods of very long-lived types of atoms 
from those of other atoms which can be measured directly. 

The fact that in the case of the a-rays there is a definite connexion 
between the probability of disintegration and the energy of the par- 
ticles shot out has long served as a stimulus to theoretical speculations 
on the mechanism of disintegration. For the shorter the life of an 
element, the greater is the energy set free in its disintegration. One 
might be tempted to compare this with the great velocity of strongly 
exothermic chemical reactions; here, however, the phenomena are 
quite different. The high velocity of a chemical reaction arises from 
the fact that the heat developed in the reaction increases the number 
and violence of the atomic collisions, whereas in radioactive transfor- 
mations the relationship mentioned above applies to the individual 
atom. The relationship may be represented in a range extending over 
fifteen powers of ten by the following empirical formula involving two 
constants which are characteristic of the particular radioactive series: 


logA=A+BlogH (Geiger-Nuttall) . . (13) 
or 
log A=a-+ bVE. (Swinne). oe » 4) 


The second form exhibits the rapid (exponential) growth of the prob- 
ability of disintegration with the energy. This feature, however, is also 
brought out if we regard disintegration from the quantum mechanics 
point of view as the crossing of a potential barrier, such as we investi- 
gated in a very simple case on p. 721. For this phenomenon, which 
plays a large part in nuclear physics, we shall in future use the ex- 
pression “ quantum mechanics tunnel effect’, as the particle, so to 
speak, gets past the potential hill by going through a tunnel. 

Attempts have been made to find analogous formule for f disin- 
tegration, but here, as we shall see later (§ 9, p. 763), the theoretical 
aspects are more complicated. For artificially radioactive nuclei an 
empirical relationship (Sargent’s formula) has been obtained which 
corresponds roughly to equation (13), except that the constant A has 
different values according as the nuclear momentum (nuclear spin) 
is altered by 0, 1 or 2 in the atomic transformation in question. 


4. Artificial Transformation and Excitation of the Nucleus. 


The cohesion between the constituents of the nucleus is so great 
that we may expect a priori that it will be impossible to bring about 
any changes in the nucleus, unless by using corpuscular rays of very 
high energy. While electrons were until recently thought to have no 
effect, Rutherford succeeded as long ago as 1921 in bringing about a 
nuclear transformation by means of a-rays, and proceeded to investi- 
gate the protons (hydrogen nuclei) liberated from hydrogen by a-rays. 
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For the collision of a-particle and proton the calculation carried 
out on p. 641 must be modified, inasmuch as the mass of the nucleus 
struck is not large compared with that of the a-particle, but is actually 
smaller than the latter. There is no difficulty in calculating the motion 
of the two bodies relative to the common centre of mass. The velocity 
imparted to the hydrogen nucleus is very large; if the impact were 
exactly central it would be 1-6 times that of the a-particle. Hence in 
the Wilson chamber the hydrogen nuclei behave in the same way as 
the a-particles except that their tracks are somewhat finer. Their 
velocities are found to be distributed in accordance with theoretical 
expectations. 

The really significant feature of this work of Rutherford’s, however, 
was that he established the occurrence of these hydrogen nuclei or 
protons in nitrogen which previously contained no hydrogen whatever. 
Fig. 1 (Plate II) shows the liberation of a proton from nitrogen. The 
short track going sideways from the point of collision is that of the 
nucleus ,0!”, which consists of what is left after the nitrogen nucleus 
N14 and the a-particle have united and discarded a proton.* Thus 
the process consists not merely in the destruction of the nitrogen 
nucleus, but in the building-up of a new and heavier nucleus, a super- 
fluous proton being ejected. Protons were subsequently found to be 
liberated from a very considerable number of elements, even the 
heavier ones, especially when very fast artificially produced a-particles 
are used. In all these transformations, so far as Wilson chamber 
experiments show, the a-particle remains in the nucleus. 

The fact that in many cases the energy of the protons far surpasses 
that of the a-particles used to liberate them (the range of the protons 
from aluminium is actually equivalent to a range in air of as much as 
80 cm., the range of the original a-particles being only 5 cm.) shows 
that what we are dealing with here is an elementary nuclear reaction, 
involving a transfer of energy (4/). This we shall reckon positive, as 
in thermochemistry, when energy is set free in the course of the trans- 
formation. If we attach the suffixes a, H, k to all quantities referring 
to the a-particle, the proton, and the newly-formed nucleus respec- 
tively, we have the energy equation. ¥ 


3M,0,2 + AE =4M,0,2+4M 202.  . . (15) 


To express the conservation of momentum we denote the angles 
which the paths of the proton and of the nucleus make with the path 


* In nuclear physics it is customary to designate a given isotope by attaching the 
atomic weight as an index (upper right) and the nuclear charge as a suffix (lower left) 
to the chemical symbol. Further, a reaction is often written down in abbreviated form 
by putting first the bombarding particle and then the emitted particle in brackets 
between the initial nucleus and the final nucleus. Here, for example, we should write 
7N'4(a, p),017.. The symbols used are a = Het+, p = ,H!, d = ,H*, n = neutron, 
e— = electron, e = positron, y = light quantum, » = neutrino, m = meson. 


Priate II, 


Fig 1.—Ejection of a proton from nitrogen 
by an a-particle (p. 748) 
[Proc. Roy. Soc. A, 136, Plate 8, fig. 1] 


Fig. 2.—Dismtegration ot boron by protons (p. 751). Note 
the two distinct groups of o-particles) 


{Photograph by F. Iirchner] 
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of the incident a-particle by ¢, % respectively; we then have the 
equations 


Mv, sin d — Mv, sin b = 0, wee. (16) 
M,v,0os¢ + M,y,cosp= My, . . . (17) 


From these we readily obtain 


i 
1M v2 = OM, {M,?0,? — 2M,M,v,0, cos $ + M,v,7}, (18) 
or, since M, = 4M,, 


M2 
4M 2 = mM, {v,? — 8v,v, cos ¢ + 160,7}. (19) 


Substituting this in (15) above, we obtain an equation which for a 
given value of the energy transfer gives v,, as a function of the angle ¢ 
and the energy of the a-particle. In many cases the energy transfer 
can be calculated from the mass defect and the distribution of v, is 
in excellent agreement with theory. (The value of v, is determined by 
the range, that of ¢ from stereoscopic photographs.) In some cases 
several groups of protons were found, corresponding to several distinct 
values of 4H. This is obviously explained by the fact that when the 
energy of the protons is fairly small the nucleus is left in the excited 
state. The energy of excitation is probably given out later as a y- 
quantum; the occurrence of y-rays in nuclear disintegration has 
actually been established. All these observed facts justify the assump- 
tion of the validity of the energy and momentum theorems, as well as 
that of the existence of definite energy states of the nucleus. 

The penetration of the a-particle into the nucleus is obviously 
another case of the quantum mechanics tunnel effect. Here, however, 
the direction of motion is exactly opposite to that in radioactive dis- 
integration, in connexion with which we first encountered the tunnel 
effect (p. 747). The a-particle advances in opposition to the potential 
of the positively-charged nucleus, crosses the potential barrier, and 
reaches the interior of the nucleus. According to p. 747, the prob- 
ability of crossing the barrier decreases rapidly as the difference be- 
tween the energy required and the energy available increases. This 
is the reason why earlier attempts to shatter the nuclei of heavier 
elements with natural a-particles did not succeed; in these, of course, 
the potential barrier is much higher, owing to the higher charge on the 
nucleus. On the other hand, the potential barrier, as was first recog- 
nized by Gamow, is lower for a proton than for an a-particle, owing to 
the single charge of the former; this suggests the possibility of pro- 
ducing sufficiently fast protons to bring about atomic disintegration 
by means of potentials available in practice. 


XN 
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The first of these artificial transformations brought about without 
the use of radioactive substances was the decomposition of lithium by 
protons which had been subjected as hydrogen canal rays to a potential 
of about 100,000 volts, the experiments being made by Cockcroft and 
Walton working in Rutherford’s laboratory. By means of the scintil- 
lations produced on a fluorescent screen they were able to detect the 
presence of a-particles of energy 8-6 x 10® electron volts. The be- 
haviour of lithium, from which the yield is particularly great as com- 
pared with other atoms which can also be disintegrated by protons, 
was subsequently investigated very thoroughly. Wilson chamber 
photographs by Kirchner clearly showed that in each reaction two 
a-particles appear. We accordingly have the equation 


sui? + + A) oner4 28 |. (20) 
or, in numbers,* 
2F(a) 


7-0180 + 1-0081 + 0-0001 = 8-0077 + ee 
Using the convenient relation that 1 a.m.u. (atomic mass unit) is 
equivalent to 932 Mev (million electron volts), the above numbers 
show that an energy of 17-2 Mev has been released. The measured 
kinetic energy of both a-particles exceeds that of the initial proton 
by about 17-0 Mev, in excellent agreement with the value computed 
by conservation of mass-energy. . 

The fact of the conservation of momentum is also established by 
Wilson cloud photographs. It is found that the two tracks of the 
a-particles gomg in opposite directions enclose an angle of 5°, the 
value calculated for protons with the velocity used being 4°50’. The 
discrepancy of 10’ is of course less than the experimental error. 

Apart from these energy-rich a-particles, the existence of two 
definitely slower groups of a-particles has been established. These are 
the fragments arising from the disintegration of ,Li® according to the 
reaction ,Li®(p, a),He*®. That is, one particle is an “‘a-particle ofmass 
3”. Hard y-radiation is also observed, arising from the reaction 
gli’ (p, y)gBe®. The yield of disintegrations is represented by an ex- 
ponential function, as one would expect in view of the occurrence of a 
tunnel effect. With the lowest potentials (20,000 volts) 10% protons 


* In nuclear reactions we are of course concerned only with the masses of the 
nuclei, but we actually use the masses of the atoms, i.e. of the nuclei plus the electrons, 
in our calculations. This does not introduce any error, since the number of electrons is 
the same on both sides of an equation representing a nuclear reaction. In problems of 
ee in fact, we must carry out the calculations in this way (cf. Exercise 135, 
p- ). 
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are required to bring about one disintegration, whereas with potentials 
of 200,000 volts only 10° protons are required.* 

The disintegration of boron has also been investigated very 
thoroughly. Here, in addition to a-particles of certain definite ranges, 
there is n continuous velocity spectrum having a distinct maximum. 
This is perhaps due to the fact that the reaction takes place according 
to the equation 


E(H) 


= — 3,He* + = 


sBY ++ Ht + ae (21) 


or, in numbers, 


11-0129 + 1-0081 + ©9001 = 12-0117 + 3 Be 


When, as here, there are three fragments the energy and momentum 
theorems are insufficient to determine the distribution among the 
individual particles. The reaction ,B"(p, a),Be® also takes place. This 
transformation gives rise to particles of definite range (see fig. 2, 
Plate II, facing p. 748), while the reaction of equation (21) corresponds 
to the shorter tracks seen in the picture. 

Particular importance attaches to disintegration experiments with 
fast deuterons produced like the protons as hydrogen canai rays. When 
lithium is bombarded by a mixture of deuterons and protons a fresh 
group of a-particles with the high energy of 12 x 10® electron volts 
is produced, over and above the groups liberated by bombardment 
with protons only. On the basis of the mass defect this new group 
corresponds within the limits of experimental error to the disintegra- 
tion of the lithium isotope 6 in accordance with the equation 


gLié + ,H? + a pee 2 ae - + (22) 


or, in numbers, 


E 
6-0169 + 2-0147 + 0-0001 = 8-0077 + 2 a 


While nuclear transformations by means of fast electrons have 
hitherto been observed in a few cases only, y-rays of sufficiently high 
frequency are more effective. Of particular importance for what 


* For the reaction ,H*(d, p),H*® Dépel obtained the surprising result that the lower 
limit is experimentally fixed by the least potential required to produce canal rays and 
not by the nuclear reaction coming to an end. The fact that nuclear reactions do take 
place, if seldom, at velocities as low as those corresponding roughly to the velocities 
of gas molecules in the interior of a star at a temperature of a million degrees at last 
provides us with a source of energy for stellar radiation. 
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follows is the observation that bombardment of materials containing 
deuterium gives rise to protons. But what is the residue? If from a 
particle of mass 2 and charge 1 we rerhove a proton of mass 1 and 
charge 1, we are left with an entity having zero charge and mass 1. 
Here for the first time we meet with a new elementary particle, the 
neutron. Strong evidence for its existence was already forthcoming 
from other directions before the above-mentioned observations were 
made; this evidence we shall discuss in the next section. 


5. The Neutron. 


Up to the year 1932 it was reckoned as among the incontrovertible 
facts of physics that the positive charge is always associated with the 
mass of hydrogen, the negative with the mass of the electron, and that 
these two particles, protons and electrons, form the ultimate con- 
stituents of matter. However, in that year, in rapid succession, two 
new elementary particles were discovered, the neutron mentioned 
above and the positive electron, or positron. Of these, the neutron has 

revolutionized our ideas of nuclear structure. 
In 1930, Bothe and Becker observed that beryllium and other light 
elements when bombarded by a-particles, emit not only a hard y-radia- 
tion but also a penetrating radiation with entirely different properties. 
In substances containing hydrogen this radiation sets free protons of 
high velocity, altnough in the Wilson chamber it leaves no traces of 
itself; that is, the proton tracks, so to speak, start from nothing. If 
we begin by assuming that here we are again dealing with an extremely 
hard y-radiation—owing to the great penetrating power a- and f- 
rays are at once ruled out—we are forced to interpret these protons 
as a Compton effect which has taken place in the nucleus, to which 
the calculations of p. 688 apply if we replace the mass of the electrons 
by the mass of the protons. In this way we obtain the value 55 x 10 
electron volts for the hardness of the y-rays, while according to the 
mass relationships the bombardment of beryllium can only yield a 
much smaller amount of energy. The frequency of these proton tracks, 
moreover, is about a thousand times as great as we should expect 
from the assumed Compton effect. Further, a y-radiation would 
necessarily set free photo-electrons also; no trace of these is to be 
found. Finally, the velocity imparted to nitrogen nuclei by the radia- 
tion is three times as great as would be produced by a light quantum 
of 55 x 108 electron volts in a Compton effect on the nitrogen nucleus. 

We can extricate ourselves from all these difficulties if we assume 
with Chadwick that this radiation consists of charge-free corpuscles, 
which owing to the absence of electric charge cannot have any 
ionizing effect and hence are not retarded by the outer shells of the 
atom. Such particles do not differ from light quanta, which also have 
a mass hy/c?, except that they do not move with the velocity of light. 
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Their collision with a nucleus is taken as being like the collision of 
elastic spheres. This means that the forces between the colliding par- 
ticles decrease according to a very high power of the distance. The 
nature of these forces is still a matter of speculation. If we calculate 
the velocities which a proton and a nitrogen nucleus will acquire in 
colliding centrally (these can both be obtained from their ranges), 
the principle of the conservation of momentum gives the two equations 


2M,Un 


Up = 
M,+M, 
(23) 
es 2M Un 
"" My+M, 


where the indices p, N, » refer to proton, nitrogen nucleus, and neutron 
respectively; hence 
v __My+M, 
vy Mi+M, oe 
From this equation Chadwick obtained the value 1-15 + 0-1 for the 
mass of the neutron. 

The exact mass of the neutron can be found by comparing masses 
in various nuclear transformations. The simplest to use is the reaction 
,H*(y, n),H? (see top of p. 752), which has also been observed to take 
place in the reverse direction, ,H(n, y),H®?. We have ,H! = 1-00814 
and ,H? = 2-01473, from observations with the mass spectrograph, 
taken relative to ,0 = 16. Also hy = 2:23 Mev and E, is approxi- 
mately zero, so that 

ont = 1-00898 


Owing to the absence of charge on the neutron, which means that 
it can react only with nuclei, it exhibits very remarkable properties 
when made to pass through matter. As there are more nuclei in 1 ¢.c. 
of paraffin-wax then in 1 c.c. of lead, beams of neutrons are more 
weakened by paraffin-wax than by an equally thick layer of lead. 
This serves to distinguish between y-rays and neutrons. Further, 
embedding the ionization chamber in paraffin-wax reveals an impor- 
tant effect due to the neutrons, for then beams of protons are shot out 
by the paraffin-wax and ionize the gas in the chamber in their turn. 
Neutrons, however, are detected most readily by the fact that they 
give rise to radioactive isotopes of various elements, in particular, 
rhodium. 

The mass (1-00898) and hence the energy content of the neutron is 
greater than the sum of the masses of the electron and proton (1-00814), 
so that the neutron should be unstable with respect to a breakdown into 
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the other two particles. In fact, such “ radioactive decay” of the free 
neutron has been observed, the half-life-being about 12 minutes. 

Nuclear disintegrations brought about by beams of neutrons have 
been observed in great numbers. Curiously enough, the very slow 
thermal neutrons are often the most effective and very sharp “ res- 
onance energies” are found. As might be expected, neutrons are much 
more effective than charged particles, for the majority of the latter fail 
to act because their energy is spent in detaching outer electrons from 
the bombarded atoms. 

We may amplify this last point a little. As we saw in the case of 
the disintegration of lithium, most nuclear processes are highly exo- 
thermic reactions. The question naturally arises why these reactions 
do not spread like the explosion of a mass of gunpowder. The reason 
is that it is only in an infinitesimal number of cases that the energy 
of the charged products of disintegration, though very great, can again 
act effectively in a nuclear collision. The possibility of bringing about 
atomic transformations on the large scale is therefore exceedingly 
- small. If neutrons are used the conditions are much more favourable, 
as then the only particles which suffer retardation are those which 
actually collide with a nucleus. The usual means of producing neutrons 
by means of a nuclear disintegration yields only a small supply. If, 
however, there were a process which would set free more neutrons than 
were shot in to bring it about, the possibility of a chain reaction would 
exist, provided that the volume of material is so large that only a few 
neutrons are lost. This possibility was opened up by the discovery in 
1939 by Hahn and Strassmann of the fission ‘of the uranium nucleus. 
Whereas all previous artificial nuclear processes involved the splitting- 
off of elementary particles only, fission causes the uranium nucleus to 
break up into two fragments of intermediate weight and a number of 
neutrons. This will be discussed more fully in § 10. 


6. The Positron. 


Anderson and, independently, Kunze found that when a strong 
magnetic field was used, cloud chamber photographs of cosmic-ray 
particles showed tracks of a new type whose curvature corresponded 
to positive particles, but their intensity to electrons. Confusion with 
protons is ruled out by the fact that proton tracks so strongly curved 
could not have the range actually found, and the possibility of a mistake 
about the direction in which the track was traversed was excluded by 
making the track pass through a plate of lead, when the side where the 
curvature is greatest of course represents the later portion of the track. 
Subsequently a large number of cloud photographs showed that these 
tracks almost always occur along with an electronic track originating 
at the same place; in fact, whole “ showers ” of positive and negative 
electronic tracks are sometimes found starting from a single point 
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Fig. 1.—‘‘ Showers ” of electrons 
and positrons liberated by 
cosmic rays (p. 754) 


[Proc. Roy. Soc. A, 139, Plate 22] 


Fig. 2.—Electron pair, positive 
and negative, released by ‘-rays 
(p. 755) 

[Comptes rendus, 197, p. 237, 1933] 
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(cf. fig. 1, Plate III). These double tracks may also be produced using 
y-rays; however, a photon of over 10® electron volts is always re- 
quired (fig. 2, Plate III). Soft y-rays do not produce the phenomenon. 

This minimum value of 10 electron volts serves as a hint for theory, 
for it corresponds exactly to the mass of two electrons. It is therefore 
feasible to interpret the occurrence of positive and negative electrons 
as meaning that a light quantum becomes materialized, transforming 
itself into one or more “ electron pairs”. The conservation of charge 
and energy is guaranteed, but the conservation of momentum cannot 
hold, the reason being that the light quantum of all particles of the 
same energy (rest energy + kinetic energy) is that with the greatest 
momentum. For by formula (72) on p. 254 and formula (82) on p. 257, 
the momentum of a material particle of rest-mass mp is 


= Lh 
Pm = /(1 a. v?/c2)’ (25) 
and its energy is 
_ Moc” 
En = Tq wey’ oo: 5) su eueeeos 
so that 
2 ee ee 
ie. ae 
for the light quantum, on the other hand, 
p=”, By=hy, 
so that ’ 
Sane ae . . (28 
ae 


Hence the phenomenon can occur only in the presence of a nucleus 
which will take up the surplus momentum. The small energy transfer 
connected therewith may be neglected. 

Apart from this “ materialization ” of light quanta, however, 
Curie and Joliot have observed that positrons also appear when alu- 
minium is disintegrated by a-particles. In this process protons of 
very great range had previously been obtained as a product. Now 
a process in which a neutron and, subsequently, a positron are emitted 
clearly exists as well. Later, positrons were recognized to be entirely 
normal accompaniments to nuclear changes. 

Now why is the positron found less frequently than the electron? 
Even before the discovery of the positron Dirac had developed a 
generalized wave-mechanical theory of the electron (p. 711) in which 
the spin appears quite naturally. We could not go into this theory in 
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detail, owing to the advanced nature of the mathematics involved. 
Formerly it was regarded as a defect in the theory that it permitted 
the appearance, even if only for the time being, of positive electrons; 
but these very entities have now been observed. The annihilation of the 
positrons obviously results from their union with electrons with the 
emission of y-radiation. Here the momentum theorem can only be 
satisfied if two or more quanta are produced simultaneously. Obser- 
vations on the passage of y-rays through matter make it probable that 
materialization and dematerialization of the y-quantum play a part 
in addition to normal absorption. 


7. Artificial Radioactivity. 


Curie and Joliot made the discovery that the emission of positrons 
from aluminium continues for some little time after the bombarding 
radiation is cut off, dying away exponentially. They interpreted this as 
meaning that when aluminium is bombarded with a-rays an unstable 
nucleus is formed which is transformed into a stable one according to 
the laws of atomic disintegration. 

Subsequently this induced radioactivity was found to occur in hun- 
dreds of nuclear transformations. This is not surprising, for in most 
cases the balancing of the masses gives isotopes which differ from those 
already known. They are not to be found in nature because, if they ever 
did exist, they must long since have been transformed into the stable 
forms. 

We can, in fact, understand the nuclear transformations discussed 
in § 4 (p. 747) better if we assume that in every case the bombarding 
particle is captured to form an unstable intermediate nucleus, which 
in these cases has a life too short to measure. 

Atoms rendered artificially radioactive have found many important 
applications in medicine and in industry. For example, by administer- 
ing small amounts of radioactive sodium to a patient, its progress 
through the blood stream can be followed by means of a Geiger counter. 
Similar experiments can be performed with plants in order to find out 
how they assimilate and distribute foods. In engineering, the rate of 
wear of bearings has been determined by previously introducing a 
small amount of a radioactive metal into the bearing metal and then 
measuring the activity of the lubricating oil. 

In all artificially radioactive elements the emission of either elec- 
trons or positrons is observed and sometimes y-radiation as well. The 
reason for the preponderance of the first two phenomena, collectively 
referred to as 8-transformations, will be made clear in what follows. 
The occurrence of y-rays accompanies many processes. In addition, 
there is a process in which the nucleus captures an external electron. 
One might expect that a positron ejected from the nucleus in a ft- 
process could combine with one of the external electrons. If this were 
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the case, one would always observe y-radiation of 0-5 Mev energy as 
described above for positron annihilation. However, this radiation is 
never found, and only the K series of the element in question is observed. 
It must then be assumed that in this process a K electron plunges into 
the nucleus and then, as is usual in K emission, the place thus vacated 
is filled by another electron from the L, M, or some higher shell. How- 
ever, in order to preserve the energy balance in such K capture, it has 
become necessary to assume the existence of another kind of particle, 
the neutrino, which has only recently become available to direct observ- 
ation. This will be discussed further in § 13. 


8. The Role of Protons and Neutrons in Nuclear Structure. 


The neutron opens up a new way of explaining the difference be- 
tween atomic weight and nuclear charge, and thus enables us to drop 
the assumption of nuclear electrons. The following are the chief objec- 
tions to nuclear electrons: 

(1) The small magnetic moment of the nucleus, already mentioned 
on p. 744, which according to all the observations is of the order of a 
nuclear magneton, not of an electronic magneton. 

(2) From other observations, the proton and probably every 
elementary particle has a spin of 1/2. Experimentally it is known 
(p. 744) that nuclei of even atomic weight have spins of even number, 
nuclei of odd atomic weight spins of odd number. This is incompatible 
with the assumption of nuclear electrons. For if Z, is the number of 
protons, the assumption that the nucleus is built up of protons and 
electrons means that the atomic mass A is equal to Z, and that Ze, 
the number of electrons in the nucleus, is equal to Z, — Z. The sum 
of protons and electrons is Z,,, = 2Z, —Z=2A — Z. Whether 
this is even or odd, then, depends on the atomic number Z, not on the 
atomic mass A. On the other hand, by the laws of combination of 
spins given on p. 669, an even number of particles always gives a total 
spin which is a whole number, and an odd number of particles a total 
spin which is a multiple of 1/2. Hence ,H? and ;N"4, which have odd 
atomic numbers, would each have a spin which is a multiple of 1/2, 
whereas it is actually found to be 1 in both cases. 

(3) According to the indeterminacy relation, if the electron is to 
be restricted to a space of nuclear dimensions it must have a momentum 
of the order of 6 x 10-15 gm. cm./sec. and hence an energy of about 
100 Mev. ‘Thus, although we obtain for the electronic shells term 
values of the energy states of the correct order of magnitude, the 
values in the case of the nucleus are too high by more than a factor 
of 10. 

But how are we to explain f-disintegration if there are no electrons 
in the nucleus? The following account of the state of affairs may be 
plausible by analogy. If an atom emits a quantum of visible light we 
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do not conclude from this that the electronic shells contain light quanta, 
but on the contrary that the light quantum originates during the 
passage of the electronic shells to a lower energy state. Now the energy 
relationships in the nucleus are such that the energy set free in the 
passage to a lower state is sufficient to cover the rest mass of the elec- 
trons and their velocities. We therefore assume that the emission of a 
nuclear electron ts associated with the transformation of a neutron into a 
proton, and the emission of a positron with the transformation of a proton 
into a neutron. But, as in the case of the emission of light, we cannot 
attempt to describe exactly how the process takes place. The charged 
particle emitted then serves to balance the charges. Instead of the 
emission of positrons, however, an electron of the K shell may be cap- 
tured by the nucleus, in which case only lines of the K series are 
emitted (p. 654). 

If we assume that nuclei are built up of protons and neutrons we 
obtain the energy of binding as the equivalent of the total mass of all 
the protons and neutrons less the actual nuclear mass.* This is always 
less than the sum of the masses of the individual neutrons and protons; 
that is, when they combine to form a nucleus, energy is set free. Other- 
wise, of course, nuclei would not be stable. The matter may be illus- 
trated in a particularly clear way by means of a graph: Relative to 
a set of axes in three dimensions we plot Z,, the number of protons 
(which is equal to the charge on the nucleus) along the x direction; 
Z,, the number of neutrons (which is equal to the difference between 
the atomic mass and the atomic number) along the y direction; and 
the (negative) energy of binding downward in the z direction, so that 
the nuclei of least energy lie lowest. In this way we obtain a surface, 
although it is true that we know only a narrow strip of it corresponding 
to the known natural and artificially produced isotopes. But from this 
we can surmise that the surface has the form of a trough falling away 
from the origin. The bottom of this valley contains the stable nuclei 
and at first runs diagonally in the first quadrant of the zy plane, the 
origin being the highest point (fig. 1). 

If we look at the numerical values of the energies of bindiig we 
see that they run from 0 to 1800 Mev. Since 932 Mev = 1 a.m.u., this 
corresponds to a change in atomic weight of up to 1-9 units. The fact 
that pure isotopes have atomic weights which are approximately whole 
numbers when all the values intermediate between 0 and 1-9 can occur 
is due to the fortunate choice of O = 16 as a standard of atomic weight. 
As the atomic weights of the proton and the neutron exceed unity by 
0-008 or 0-009, 230 particles will make the difference mount up to 1:9, 
so that the mean binding energy per particle is about 0-0085. Hence, 


* In computing this difference, the mass of the H atom is to be used in place of the 


proton mass, and in any case the mass of the entire atom rather than merely the nuclear 
mass. (See p. 763.) 
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as the surface falls away fairly evenly (see fig. 2), the atomic weights 
are approximately whole numbers. 

The dots in fig. 1 represent the known stable isotopes. At the start, 
the dots lie on the diagonal line in the first quadrant because the atomic 
weight is twice the atomic number for the light nuclei, i.e. the number 
of neutrons is equal to the number of protons. All points lying in the 


150 


Fig. 1 


plane Z, = const. parallel to the Z, axis and perpendicular to the 
plane of the paper have the same nuclear charge—they are isotopes. 
All points lying on a vertical plane (Z, + Z, = const.) parallel to the 
diagonal of the second quadrant of the zy plane have the same mass— 
they are isobars. 

This method of approach enables us to deduce much information 
about the stability of nuclei relative to the transformations we know 
to occur on the emission of a-rays, electrons or positrons (both of the 
latter referred to as 8-transformations). Only the state of least energy 
corresponds to a system in equilibrium. In thermodynamics it was 
emphasized that it is the minimum of the free energy, not of the total 
energy, that is involved; nevertheless, this distinction is not important 
in nuclear reactions taking place on earth because the thermal energy 
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is negligible compared with the nuclear energy, which means that we 
are practically at absolute zero, so far as nuclear reactions are con- 
cerned, Thermodynamic considerations, however, are quite relevant 
in the interior of stars, where temperatures of millions of degrees are 
believed to exist. In a-disintegration, where both Z, and Z, are 
diminished by 2, the magnitude of the energy H* must satisfy the 
relation 
E(Z,, Z,)>E(Z, — 2, Zn — 2) + E(2, 2). . . (29) 


As we may regard the change by 2 units approximately as a differential, 
we may write instead 


oF . OE 
2(o7 + a7.) > HO ee. (30) 


ie. the steeper the fall of the energy surface, the more assured is the 
stability. If, for the known nuclei, # is now expressed as a function 
of the atomic weight, this corresponds to the intersections of the 
bottom of the valley with the planes Z,-+-Z, = const. We thus 
obtain fig. 2. From it we see that, beginning with atomic weights of 
about 120, the inclination of the surface decreases, and a-disintegration 
occurs only among heavy nuclei. 


Fig. 2 


In order to discuss the stability of f-disintegrations, the surface 
concept must be further refined. The energies of binding calculated 
from the atomic weights are such that with a more accurate plot we 
can no longer make all the points lie on a smooth surface; the surface 
becomes crinkled. If, however, we join the points for which Z, is even 
and Z, is even (A even), those points for which Z, is odd and Z,, is 
odd (A even), and, finally, the points for which A is odd (either Z, OF 
Z,, odd), we obtain three smooth surfaces which we denote * by £,,, 
#,, and £,,. Then an isobaric section gives a single curve of inter- 


* It is not necessary to distinguish between Egy, and Ey, 
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section, or two curves, according as it corresponds to an odd or even 
atomic weight. This is shown for an even atomic weight in fig. 3a. 
The £,,, curve lies above the £,, curve, from which we conclude that 
in general nuclei for which Z, and Z,, are odd are unstable with respect 
to f-transformations, since, of course, the next lower point can be 
reached by such a change. Actually there are only four nuclei of this 
type: ,D*, ,Li®, ,BY°, ,N14. The existence of these nuclei is possible 
because at the start the walls of the nuclear energy surface are not far 
apart and are steep, so that we have the stage of affairs shown in 
fig. 3b. The favouring of the type ee is rightly associated with pairwise 
cancelling of the spins. As the §-disintegration takes place in an iso- 
baric section, it is only a question of whether there is a nucleus lower 


Zp-Zn O 
Eve 
Zee 
Stable o Unstable 
® nuclei nuclet 
Fig. 3a Fig. 36 


down in the immediate neighbourhood—at any rate, double trans- 
formations with emission of two electrons have not so far been ob- 
served. If we make the section through a nucleus of the type we, there 
are other nuclei at unit distance, which are -unstable since they lie 
higher. Hence if the atomic weight is odd, there are no stable isobarw 
substances. This is Mattauch’s first law of isobars. 

Since the Z,,, surface has no stable nuclei beyond ;N™, all the points 
corresponding to stable nuclei of even atomic weight must lie on the 
E,, surface, but they are 2 units apart. That is, a A-disintegration 
results in passage to the H,,, surface, with the formation of a new un- 
stable nucleus. From the position of the two surfaces we see from 
fig. 3a that here 3 stable nuclei are possible, while the two next ones, 
with the relationships we have assumed, have a lower neighbour in 
the E,,, surface, i.e. they are B-unstable. We thus obtain Mattauch’s 
second law of isobars: If the atomic weight is even there are several stable 
isobaric substances, but they are never those for which the nuclear charge 
differs by unity. 


In order to arrive at a statement about the possible isotopes, we 
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project the points of the energy surface and the bottom of the valley 
on to the zy plane. We can immediately omit all the nuclei of type uu 
as unstable (in fig. 4, in which the stable nuclei which actually occur 
are shown by black circles, the unstable nuclei are crossed out). If, 
for example, we consider the isotopes of Br, the two nearest the bottom 
of the valley are ,,Br’ and ,,Br®. If we describe isobaric sections 
through them, within which f-transformations take place, we see that 
they lie lowest in these also, as they are nearest to the bottom of the 
valley. The nearest possible isotopes, however, lie higher in their 
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isobaric sections than other nuclei, i.e. they are B-unstable. We thus 
obtain Aston’s isotope rule: elements of odd atomic number (such as 
Br) have at most two stable isotopes. In the same way, we see imme- 
diately from the figure that a larger number of stable isotopes is pos- 
sible when the nuclear charge is even, especially when the E,, and 
E,, surfaces are far apart. A good many of the f-unstable atoms 
marked by empty or crossed-out circles actually have been found in 
nuclear transformations, so that now we know something of the region 
around the valley bottom.* 

By means of the energy surface we can also explain the remark- 
able “ resonance energies ” mentioned in §5 as being observed in the 
binding of neutrons, i.e. particularly effective velocities which often 


* See, for example, Sullivan. W. H., T'rilinear Chart of Nuclear Species, New York, 
Wiley, 1949. 
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amount to only a few electron volts and thus are of quite a different 
order of magnitude from the nuclear energies. If we go along the 
valley of stable nuclei from one isobaric section to the next, the surface 
falls by about 8 million electron volts. In adding a neutron we are, it 
is true, not moving in this direction of greatest fall, but in the isotopic 
section; however, the new nucleus will in any case always lie several 
million electron volts lower. On the other hand, an excited state of 
this nucleus may come to about the same level as the original nucleus, 
and this energy of excitation corresponds to the order of magnitude 
of the nuclear energies within a few million electron volts. If now the 
approaching neutron has sufficient kinetic energy to supply exactly the 
amount needed to make the energies correspond, binding takes place 
without any accompanying phenomena. The excited nucleus then 
passes to its normal state with the emission of y-rays and there follows 
a f-transformation to the lowest point of the isobaric section in which 
the new nucleus lies. Excited nuclei, like excited atoms, can be meta- 
stable, and then have a life which is long in comparison with that of 
metastable atoms, amounting even to hours. This explains the fact of 
nuclear isomerism—the occurrence of nuclei of the same atomic weight 
and the same charge, but with differing lengths of life. 

The representation by means of the nuclear energy surface, although 
very easy to follow, does not give a perfectly accurate description of 
the stability relationships in the isobaric section. It is on the difference 
in atomic weight that the relative stability of two nuclei depends (see 
Ex. 135). Owing to the slight difference between the mass of the hydro- 
gen atom and that of the neutron, however, the difference in energy 
between two nuclei in the same isobaric section is not exactly equal 
to the difference in atomic weight, for in advancing along the isobaric 
section the ratio of the number of protons to the number of neutrons 
changes. Hence in critical cases it is advisable to plot the deviation of 
the atomic weight from integral values over the ZN plane in the various 
isobaric sections. If this is done, however, the various isobaric sections 
can no longer be brought into relation with one another. 


Ex. 135. Show that a nucleus of atomic mass A and nuclear charge Z is 
stable as regards §-transformation and transformations involving K-capture if 
its atomic weight is less than that of its neighbours Z + 1 and Z—1. (Write 
down the equation for the conservation of energy, taking into consideration the 
mass of any electrons produced or destroyed.) 


9. The Liquid Drop Model of the Nucleus. 


If we really want to calculate the binding energies and the stationary 
states of the nuclei, we must make a model of the configuration of the 
nuclear components. Here, unlike the situation for the atom as a whole, 
there is no central body, so that the planetary model is not appropriate. 
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The similarity between the constituents—the difference between 
charged and uncharged particles does not play a big part here and is 
neglected in what follows—suggests that we take a liquid drop as our 
model. To explain the very strong cohesion of this droplet we have to 
introduce a new kind of “nuclear force” acting between the con- 
stitutents, no matter whether they are charged or not. The fact that 
the energy always comes to about the same amount, about 8 Mev 
for each new particle taken in, shows that the forces (like those binding 
a liquid together) fall off rapidly with the distance, so that only the 
interactions with immediately neighbouring particles are important. 
With forces which, like electrostatic forces, diminish relatively slowly 
with distance, the energy of the mutual action between the newly 
arrived particle and all those previously there must be taken into 
account, so that the binding energy per particle must rise rapidly with 
the number of particles already present (see below). In actual fact, 
experiments on the scattering of fast protons by protons have shown 
that for very close approaches there is a deviation from the classical 
scattering formula derived from the laws of electrostatics, which 
proves that, contrary to the Coulomb repulsion, there exists a force of 
attraction which decreases rapidly with distance. 

The droplet model even yields the finer details of the situation, for 
example the existing slight progressive change in the binding energy 
per particle, i.e. the sum of all the particle masses minus the nuclear 
mass, all divided by the nuclear mass, or the quantity 5M@/A. If we 
think of the constituents of the nucleus as in the closest spherical 
packing, each particle has 12 neighbours, and the energy set free by 
bringing in another particle is 6U), where U, is the binding energy 
between two particles. From this, however, we have to subtract two 
quantities: (1) a diminution of the binding energy of the particles lying 
on the surface, each of which interacts with only six neighbours, and 
(2) the electrostatic energy of the protons which owing to mutual 
repulsion has the opposite sign to the energy of nuclear attraction. So 
far as the former is concerned, we can consider its variation with the 
number of particles A, as follows: The volume increases in propartion 
to A, so that the radius of the droplet increases as A¥3, Its surface, 
therefore, varies as A*/S, and the contribution of this quantity per par- 
ticle is proportional to A?/3/A = A-¥3, 

For the electrostatic energy, the slow decay of the forces makes it 
necessary to calculate the energy of a sphere of radius a having a 
uniform charge density p as in Ex. 80, p. 290. The energy is propor- 
tional to p’a® = p*A5/3, Since the ratio of protons and neutrons does 
not change much with atomic weight, we may regard p as constant to 
the degree of approximation sufficing here, and the contribution per 
particle becomes approximately proportional to A?/*, Hence the re- 
lation between A and the binding energy per particle is expressed by 
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a formula with three constants, 


8M 
—=| =6U,— KA KAR. . . (31) 


With the empirically determined values of U,, Ky, and K, this formula 
expresses the relation surprisingly well, as shown by fig. 5 (p. 766). 

The left-hand scale gives the binding energy per particle expressed 
in millions of electron volts and in thousandths of an atomic mass unit. 
The right-hand scale is the so-called packing fraction, given in ten- 
thousandths of a unit. This quantity varies in close correspondence 
with the binding energy per particle.* 

The increase in the electrostatic energy has the further consequence 
that, with increasing atomic weight, the lowest energy state of a 
nucleus no longer occurs when the number of neutrons equals the num- 
ber of protons. Instead, for the stable nuclei, the number of neutrons 
increases more and more with respect to the number of protons until 
finally only a-unstable nuclei are possible. 

We shall refine equation (31) somewhat and at the same time put 
it into a form which makes it easier to recognize the meaning of 
the constants. In order to account for the slopes of the sides of the 
nuclear energy surface we must add a term representing the neutron- 
proton ratio. The lighter stable nuclei have N = Z, while for the 
heavier ones there is a progressive increase in the neutron excess. From 
this we conclude that the binding energy is greatest for N = Z, and 
that the deviations in the total energy are attributable to the increase 
in the electrostatic energy. Consequently, we add a term in (N — Z)?. 
By analogy with the case of binary solutions in physical chemistry, 
this energy term will depend only on the relative concentrations, so that 
it will take the form b(N — Z)?/(N + Z)?. Further, we represent the 
nucleai radius by 


| a rm 


Finally, we insert a term representing the splitting of the energy surfaces 
attributable to the pairing of the spins. This term is somewhat harder to 
justify theoretically. Using wu = 6U,, the result is 


6M Nea 2\ ~1/3 3Z%et A-43 kA-V4, (33 


To 


* It may be useful to summarize the relevant definitions at this point. One a.m.u. 
is Js of the mass 01%, and the isotopic mass of an atom species 1s its atomic mass ex- 
pressed in a.m.u. The mass number is the nearest whole number to the isotopic mass, 
and all known isotopic masses fall within 0-1 of the closest integer. The small difference 
is the mass defect (or mass correction). Finally, the packing fraction is the mass correc- 
tion divided by the mass number. 
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where y = +1 for uu, 
= 0 for ve, 


——— One, 


The numerical values of the constants obtained after smoothing out the 
small irregularities of the nuclear energy surface are, expressing 5M in 
thousandths of a mass unit, 


Uy = 15-7, b= 22, c= 165, 
3 = - + + + (34) 
By, — 0646, 36. | 


The constant in the nuclear radius formula (32) has the value 
fee 141 x 10cm .C.:«C(S8) 


curiously, this is the radius of a sphere over which the charge e could be 
spread uniformly to have the electromagnetic energy corresponding to 
the mass of the electron. The “ classical electron radius ”’ is represented 
by 2r. 

It must be mentioned that the energy wu, representing the binding 
energy of a nucleon involves not only potential energy [represented by 
the negative term in equation (33)] but a kinetic part (positive terms) 
as well. 


10. The Fission of Uranium. 


This process, mentioned at the end of §5, may be visualized re- 
markably well by using the liquid drop model of the nucleus. Firstly, 
because of the existence of surface 2nergy, the most favourable form is 
the sphere. However, because of Coulomb forces, a more elongated 
shape may become more advantageous inasmuch as this allows the 
charges to be farther apart, on the average. In fact, a splitting into two 
spheres can result in an increase in energy. As for water drops, supply- 
ing energy can bring about vibrations that result in a necking-in of the 
drop near the middle. The question arises as to when such a situation 
will become unstable, leading to actual splitting into two fragments. 

In order to investigate the stability we develop the functions of 
the radius—surface area, volume, electrostatic energy—according to 
powers of a function of the polar angle 6. With departures from the 
spherical form, r will depend on 9, but we still assume that the drop 
has symmetry of rotation. Instead of the angle itself, we use spherical 
harmonics—simple polynomials in cos 6 (see pp. 819-824). The advan- 
tage is that these functions represent solutions of the equation of 
vibration of the drop. Because of the symmetry of the vibrating drop, 
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f(a — 6) must equal f(9), and the uneven powers of cos 4 must be absent. 
Hence we may write 

r =r(ltaP, +aP(0)+...), - - - (36) 


where P, =1 and P, = }(3cos?@—1). Multiplying by 27 sin 0 dé 
and integrating from 0 to 7 gives us the value of the surface of the 
deformed drop. The result, carried to the second order, is 


F’ = 4nr®(1 + 2a, + $a,2), . . » + (87) 
Then the surface energy amounts to 
E, = cA?8(1 + 2a) + ga.7), . . « « (38) 


In the same way, the volume of the drop comes out at 
v= =3(1 + day + BaQ2), 2. ww. (89) 


Inasmuch as the nuclear “ fluid ” must be considered incompressible, 


G@=—te ..... . ey 


Then, according to equation (38) the surface energy becomes 
fe cA* (le Bele, . oe a 
In the expression for the electrostatic energy, the mean of the reciprocal 


of the distance between charges, 1/r is to be replaced by l/r’. After 
some computation, this is found to be 


Ijr’ = Ir (1— 34g) 2... 82) 
We now have for the total change in energy 
2c 3 Ze? 
ae — AE, + OE,, = 5 1a," = 35 7,4™8 a,*. . (43) 


If the second term exceeds the first in magnitude, the slightest dis- 
turbance will succeed in splitting the nucleus. The critical condition, 
determined by equality of the two terms, is given by 


Z\ Qe 
A ee 


and, using the numerical values from (34) and (35), the resulting value 
of the above fraction is about 50. Since Z is equal to about 24/5 for 
the heaviest nuclei, the values of the critical atomic mass and critical 
atomic number turn out to be 


A,, 312 and Z,,, ~ 125. 
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It appears, then, that actual nuclei having a Z < Z,,,, will require 
excitation im order that oscillation and consequent necking-in take 
place. The amplitude of this oscillation will determine whether the 
energy state so attained is stable or not. It seems reasonable to express 
this energy of excitation as the product of the surface energy by a 
function of the ratio (Z*/A)/(Z?/A).... The function may be specified 
for the simple special cases of (2) weak charge and (b) proximity to the 
critical charge; and by means of skilful interpolation Alvarez and 
Bohr were able to trace the entire course of the function to some degree. 
The results show that the nucleus ,.U6 requires an excitation energy 
of 6-8 Mev, while ,,.U?* requires 7-1 Mev. According to the formula 
for binding energy, the formation of U8 by the addition of a neutron 
to U5 liberates 6-81 Mev; on the other hand, formation of U®® by 
the combination of a neutron with U™® releases only 5:37 Mev. The 
considerable difference results from the fact that U* is of ee type, 
while U* is we. Thus the critical factor here is the y-term in the nuclear- 
energy formula, which determines the splitting of the energy surface. 
It turns out that U2 can be split even by thermal neutrons, whose 
energy is practically zero, while splitting of U** requires fast neutrons 
with an energy of about 1-5 Mev. Since the fission products have too 
many neutrons compared with their nuclear charge, free neutrons 
appear in the process and these are able to propagate a chain reaction. 


11. Liquid Drop Treated as a Fermi Gas. 


At the end of § 9 it was pointed out that uy is the difference between 
the potential energy and the kinetic energy which is also present in 
the nuclear fluid. As with the electron shells, we get some idea of the 
distribution of the kinetic energy by treating the nucleus simply as 
a Fermi gas. It is true that the masses are considerably greater, so 
that according to p. 632 it might be doubted that the conditions for a 
Fermi gas obtain here. On the other hand, the density is so much 
greater that this circumstance is more than compensated. Each nucleon, 
and indeed every true elementary particle, must be assumed to have 
spin 1/2, which can appear in either of two orientations. If we differen- 
tiate between protons and neutrons, each cell may be occupied by two 
particles. For a first approximation the difference between proton and 
neutron may be overlooked and each cell of phase space may be occupied 
by four particles.* } 

We make a very simple assumption about the shape of the potential 
energy curve, corresponding to the short range of the nuclear forces: 
Let a nucleon have zero potential energy when beyond the nuclear 


*In a more refined calculation, the existence of electrostatic forces requires that 
protons and neutrons be assigned to separate cells, each cell being occupied by only 
two particles. 
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radius 7,48 and the constant value —V, when inside (fig. 6). This 
situation is called a square well potential. The assumption of this shape 
is better justified than appears to be the case at first glance. 

The spatial part of the phase space is 


va a rad oes. i 5 a ee 


and the number of nucleons in this region having momentum between 


pand p + dp is 
dn = 40. Amp? cee tae? eae 


-%~ 34x10" 
mass units 


Fig. 6 


The total number of nuclecns is given by 


Pmax 
A=fén=\6r 7, f,” pdp = 16m Pras . 64n?Ar ee 


on3 ; (47) 


from which it follows that 


h 9 \Vs 
Pau = =( aps) . 5) to Stn eee (47a) 


Since A cancels out, the maximum momentum is independent of the 
number of particles, as long as the number is not so small that statistical 
methods do not apply. The maximum kinetic energy, E.,,, = p2,,/2M, is, 
according to (47a), 26-1 when expressed in thousandths of a mass unit. 
Taken in connexion with the experimental fact that the energy of 
removal of a particle is invariably about 8 (in the same units), it follows 
that the depth of the potential well is 34 units, dependent of the 
number of particles. But the width of the well, 7,4”, changes with 
increasing atomic mass. 

The total kinetic energy is obtained by integrating over all values 
of the momentum: 

i a Pmx 16rvp'dp 87vp’,,, 3 Ap 


0 we —s ue io mw ‘*) 
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The numerical value is but slightly different from the value of u, but 
with positive sign. Here, then, as in the case of the hydrogen atom, 
the kinetic energy turns out to be about half the potential, but in this 
instance the relation is more a matter of coincidence. 

_ Inthe more refined computation which takes into account the differ- 
ing values of potential for charged and uncharged particles, the number 
of neutrons comes out to be 


82rv 
N = 9373 Pn, mn cues x mee) 
and the number of protons 
8arv 
Z = 3;3 Pv, mar® ° . . . ° (50) 
The sum must be A. From (47), (49) and (50), 
2N 2Z 
Vine Al oq Pans Po Ai gq Paws - - 00) 


and the total kinetic energy becomes 


3 
Exim = 10M (Np 9, max a Zp" 5, max) 


msialet) (8) (CY +C2)) 


Taking 
Malta nd Pal Fey: 8) 
and developing in powers of the fraction, we obtain the kinetic energy 
per particle: 
“us = + 15-7 + 86 yaa): (54) 


Thus there appear terms f the same form as those in the formula 
obtained from the nuclear-energy surface, but with different numerical 
coefficients. The first term shows that the kinetic energy is exactly 
equal to the negative of the total energy, as already remarked. The 
term in (N — Z)?/(N + Z)? also contains a considerable amount of 
kinetic energy. 
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12. Independent Particle and Shell Models of the Nucleus; Nuclear 
Moments. 


The liquid drop model treated as a Fermi gas accounts in a concise 
way for many properties of nuclei, just as the treatment of the electron 
shells as a Fermi gas accounts for many features of atomic structure. 
However, details. such as the mechanical and magnetic moments of 
nuclei fall outside the province of the drop model. In many cases, the 
finer details can be deduced from a model in which a single particle 
is considered and its motion in the schematized potential field of the 
others is studied. The question of nuclear moments is one that comes 
particularly within the scope of such considerations. 

The experimental fact that the ee-nuclei have zero moment (§ 2) 
indicates that for pairs of like nucleons (proton-proton or neutron- 
neutron) the angular momenta cancel by setting themselves in the 
antiparallel position. At the same time, the integral values found for 
the angular momenta of the four stable wu-nuclei at the beginning of 
the periodic table suggest that the parallel orientation occurs for a 
proton-neutron pair. Apart from these four instances, it seems natural 
to ascribe the mechanical as well as the magnetic moment to the un- 
paired nucleon which is added last. The values of the mechanical 
moment of the we- or eu-nuclei are relatively easy to determine from 
the hyperfine structure, but it is more difficult to measure the associated 
magnetic moment. Inasmuch as the nuclear fluid must possess kinetic 
energy, part of the moment must be the result of its rotation and the 
rest must come from the spin of the elementary particles themselves. 
The magnetic moment of a nucleus belonging to a diamagnetic atom 
or molecule can be determined by a refinement of the atomic beam 
method (p. 665) developed by Rabi. However, this method cannot be 
applied to neutrons. Bloch and Alvarez were able to determine the 
value for the neutron in the following way: A magnetized block of 
iron is used to align (“ polarize”) the spins in a beam of neutrons, 
while a second magnetized block serves as analyser. An alternating 
magnetic field, applied in the intervening space, disturbs the alignment. 
This disturbance is greatest when the frequency of the field coincides 
with the Larmor frequency of the precessing moments.* The most 
appropriate unit for expressing nuclear magnetic moments is that 
corresponding to the revolution of a proton with angular momentum 
h/2m. Owing to the fact that the proton is 1836 times as massive as the 
electron, equation (38), p. 464, yields for this quantity the value 


My = [4,/1836 = (5-048 + 0-006) x 10-*4 erg/oersted. 
fy is called one nuclear magneton. The experiments referred to above 


__* In quantum language, this would occur when the value of hy is equal to the 
difference in energy of the two orientations in the field. 
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yield the following values for the magnetic moments of the proton and 
the neutron: 


Py = 2T92T py: fy = —1-9130 py. 


In each instance the gyromagnetic ratio (p. 671) is double the number 
above, since each of these particles has spin 1/2, With regard to the 
signs, the + sign for the proton indicates that the spin and the magnetic 
moment must have the same direction (+ charge rotating), while the 
opposite must be true for the neutron. The sign is determined experi- 
mentally from the hyperfine structure. 


(2) Neutron (6) Proton 
Fig. 7 


If there is but one bound nucleon, the resulting magnetic moment 
may be calculated according to the method of p. 670 by considering 
the resultant of the orbital moment J and the spin moment s, both in 
units of h/2m, precessing about their resultant, j. Starting with an 
arbitrary angle between / and s, the cosine is expressed in terms of j, 
l and s, with each quantity x replaced by the quantum-mechanical 
square, x(z + 1). Finally, the angle is taken to be either 0 or 27, the 
only possible values. Calling the gyromagnetic ratio for the spin g,, 
and leaving the value g, for the orbital ratio open, the result is 


Forj =1+4, w=gil + 39% 
For j =! — 3, p= gl — tg. + G4. 


The orbital g-factor is set equal to unity for protons; but neutrons, 
because of the absence of charge, can have no orbital moment and so 


g, must be taken to be zero. 
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Using the above experimental values of g, (5-58 for protons, —3-82 
for neutrons), and plotting the values ‘of » as functions of j, we get 
the so-called Schmidt-Schiiler curves on which the observed moments 
should fall. Actually, only a few points fall near the curves themselves, 
most of them scattering over the space between the ‘“ Schmidt limits ”. 
Taking account of errors of measurement, no point falls definitely outside 
this region. The reason for the scatter is to be sought in the fact that 
the unpaired nucleon is not completely independent of the others, as 
was assumed. 

If we wish to compute the energy of excitation or of complete re- 
moval of a nucleon following the method used for the electron shells, 
we must make some sort of assumption regarding the trend of the short- 
range nuclear forces. A possibility that takes into account the short 
range of nuclear forces is the square-well potential function, mentioned 
on p. 770, for which V is zero beyond a certain distance a and equal 
to a constant value — V, within this distance. Using this assumption, 
the simple case of the deuteron will be treated. The Schrédinger equa- 
tion is 

2 
rye [E—Vi=0. . . . . (85) 


For the deuteron, M is equal to the “ reduced mass” (p. 651), $M, 
For heavy nuclei, M can be taken to be that of the last bound nucleon, 
or M,. Since the magnetic moment of the deuteron turns out to be 
very nearly equal to the sum of the magnetic spin moments of proton 
and neutron, there is no orbital moment. This means that the quantum 
number corresponding to orbital motion is zero and the y function is 
spherically symmetric. If we set 


ya . Se. ee 
r 
we get a simple equation for w: 
du | 87°M 
aa + a LE — Vir = 0. . . 4 See 


In order to avoid difficulties with the algebraic sign, we set the negative 
binding energy EH equal to —W and obtain 


du | 87M 
ae tas (Vo— W)u = 0 forr <a; 
du 8? M ee) 


a. Wu=0 for r > a. 
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The integrals are 


; La — 
forr<a: u=Asinky (hy = 9, VIM —W);) 


27 ie 
forr>a@: w= Beh (Ue F V2MW. | 


These two solutions must be so fitted that for r = a both » and dy/dr 
join continuously (cf. p. 723). The requirement of continuity of x, 
and hence of u, furnishes a relation between the constants of integration 
A and B. This still leaves one of them at our disposal; but the normali- 


zation condition 
fWr)dr=1,..... . . (60) 


which expresses the fact that the probability of finding the particle 
somewhere in the whole of space is unity, fixes the value. 

Continuity of the derivative d/dr and thus of du/dr leads to an 
additional condition that does not involve A or B. This condition may 
be evaluated by the following artifice: 

If two functions f,(r) and f,(r7) have the same value at r =a, (Le. 
if f,(a@) = f,(a)), and also if their first derivatives with respect to r have 
identical values at this point (/,'(a) = /,'(a)), then 


d _fil~_d _ fe'(a) 
ay log f,(r) ee faa de log f2(r) ray (61) 


Applied to the two solutions (59), this yields 

ky cot k,a = —k,. . . . . . (62) 
The depth and breadth of the potential well are unknown, but the bind- 
ing energy of the deuteron is known to be W = 2-19 Mev. Equation (62) 


does not yield V, and a separately, but only a relation between the two. 
Inasmuch as W is small in comparison with V, (cf. p. 770), we have, 


from (59), k/k, =+/W/V,. According to (62), this means cot k,a = 0, 

or ka = 7/2. From (59), ka = 20+/2MV ,a*/h, so that 
A 

~~ 32Ma* 


Vo (63) 
Determination of the value of A from the normalizing condition and of 
B from the boundary condition on f(r) is of no further interest at this 
point. If we put the value of 7, in place of a in equation (63), we obtain 
a value of about 50 (in thousandths of a mass unit) for Vp, which is of 
the right order of magnitude.* 


* To obtain the numerical value, the result of (63) must be multiplied by 1000L/c?, 
where L is Avogadro’s number and c is the velocity of light. 
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For higher quantum states the expression for pf also involves surface 
harmonics multiplied by a function of r. As for atoms, an orbital 
quantum number | is introduced in order to describe the energy states. 
A lengthy calculation yields the following term sequence for the case of 
the square-well potential functions: 


ls 2p 3d 28 4f 3p 5g 44 6h 38 
> 6 10 2 4 © Bw © Bee 


The numbers in the lower line are the maximum numbers of nucleons 
that can reside in each state, taking account of the Pauli Principle as 
applied to the two possible orientations for the spin. These numbers 
hold for protons as well as for neutrons, since these are really different 
particles which are distinguishable by their charge. 
The assumption of a sharp-edged 

H square well is obviously a bold ideal- 
! ization of the actual situation. A more 
i realistic assumption which is at the same 
time amenable to calculation is the oscil- 
-V, latory potential 

4) 


V =V,—4Meaer. . (64) 


ave 
Pr 
Pr 


a The depth of the well is characterized by 

Fig. 8 the constant V,, while the width is the 

opening in the parabola, which depends 

on the value of w, (fig. 8). While this representation is far from the 

actual situation for large values of 7, this is of little consequence because 

the particle is seldom found at these large distances. In this case the 
term sequence and particle numbers turn out to be: 


Os Ip 2d 2% 3f 3p 49 4d 48 5h Sf 5p 
2 ¢ 10 2 4 6 J 10 2 >) jas 


A somewhat better approach to the truth is obtained by averaging both 
potentials by taking the mean of each pair of closest-lying levels, which 
are given by the same value of 1, 

The spin, which has the effect of bringing about a further splitting 
of the energy levels, has not been taken into account up to this point. 
The spin-orbital interaction is greatest here, so that the situation is 
analogous to the 4j-coupling of the electron shells rather than to the LS 
coupling to the other nucleons, which was taken into account in the fore- 
going treatment by means of the nuclear potential. As in the case of 
the electron shells, the splitting must increase with increasing |. If a 
direct proportionality between the splitting and / is assumed, the partial 
levels of one term occasionally fall between those of another and a new 
grouping results which corresponds neither to that of the square well 
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nor the oscillating potential function. There are gaps of considerable 
size in the energy levels following these numbers of protons or neutrons: 


2 8 20 (28) (40) 50 82 126 


A number in parentheses means that the gap following it is present 
but not as marked as for the others. 

What do these gaps signify? In the theory of electron shell structure, 
the closed shell of the noble gases is characterized by the fact that 
the energy levels nearest the ground state are especially far above this 
state; e.g. the electron is particularly tightly bound. For the alkali 
metal immediately following, however, the electron is especially loosely 
bound. In exactly the same way, a nucleus whose number of neutrons 
or protons corresponds to one of the above so-called “ magic numbers ” 
is particularly stable and symmetric. This affects all nuclear properties. 
For example, we note the large number of isotopes of Sn (Z = 50). 
The quadrupole moment of such nuclei is very small, increasing with 
the addition of each nucleon (cf. fig. 5). Thus the magic numbers 
correspond to closed shells, just as do the numbers of electrons in the 
outer shells of the noble gases. It must be remarked that 50 neutrons 
as well as 50 protons gives a particularly stable nucleus. This makes 
plausible the unusual stability of “doubly magic” nuclei, of which 
He! is the first. 


13. Beta Transformations and the Neutrino Hypothesis. 


The established fact that the energy distribution of the electrons 
emitted in f-transformations is continuous, is in sharp contradiction 
to all other observations which show that the nucleus, like the elec- 
tronic shell, has a number of definite quantum states of energy. If a 
number of nuclei were to disintegrate with the emission of electrons 
only, the new nuclei would have a continuously varying content of 
energy. How can such nuclei, which occur in the radioactive series, 
emit a-rays all having the same sharp range? Here we have the choice 
between only two courses: give up the conservation of energy for B- 
transformations, or assume that a particle is emitted which escapes 
observation. So long as there is no other evidence for the latter assump- 
tion, it amounts of course to no more than a plausible way of getting 
around the former disagreeable assumption. There is, however, other 
evidence that another particle is emitted. We saw (p. 744) that, accord- 
ing to observation, nuclei of odd atomic weight have moments which are 
wultiples of 1/2. In f-disintegration the atomic weight is not altered 
but the moment changes by a multiple of 1/2, since the electron spin 
is 1/2 and only a whole-number orbital moment can be added to this. 
This difficulty is surmounted by giving the hypothetical particle, hke 
most of the stable particles, a spin of 1/2. Its mass must be much 
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smaller than that of the electron, presumably less than 1/5000 the 
electron mass. In nuclear reactions where such particles must be 
assumed to be produced (e.g. the decay of the neutron) the charges 
of the remaining products are found to balance. This, together with the 
fact that the new particle produced no observable track, indicates that 
it has zero charge. This particle, whose existence had to be assumed in 
order to retain the conservation of energy in a number of observed 
nuclear reactions, was named the neutrino. 

Recent cloud chamber observations of B-decay, undertaken for this 
purpose, show that the conservation of momentum is not fulfilled for 
the emitted electron and recoil nucleus alone. More recent experiments 
for detecting possible neutrino capture by protons now have yielded 
direct evidence for the existence of the neutrino. 

A further circumstance to be considered is the absence of any anni- 
hilation radiation in K-capture (§7). Meitner performed an experi- 
ment which showed that neutrinos are not simply y-radiation. The 
heat developed in a f-reaction was measured in a calorimeter which 
- Was arranged to trap any y-radiation which might have been produced. 
Had the heat been produced by y-rays, its amount would have corres- 
ponded to the naximum energy of the electrons. It was found, however, 
to correspond to the average energy of the electrons. 

Neutrinos have such small interaction with matter that they appear 
to pass right through the solid earth without appreciable absorption. 
The question of what happens eventually to their energy is a very dis- 
turbing one, particulary since it is far from trivial in amount. It is 
estimated, for example, that of the total energy production of a uranium 
reactor, some 2000 kilowatts is carried off by neutrinos. 


14. Mesons. 


Besides the new particles already mentioned—neutron, positron 
and neutrino—there exists a group of particles whose masses lie be- 
tween that of the electron and that of the proton. These particles, 
called mesons, occur both with positive and with negative charge, and 
certain ones in the neutral state as well. The first indication of the 
existence of mesons was obtained in cloud-chamber work with cosmic 
rays. Tracks were found that were definitely thinner than those of 
protons and they were formerly ascribed to electrons. But according 
to the photographs the loss of momentum of these particles in passing 
through a lead plate is only one-tenth of that to be expected from an 
electron. This difficulty can be avoided by assuming that the particles 
have a mass of about 220 times that of the electron. Yukawa had 
already deduced the existence of such a particle from considerations 
which at first sight seem more formal. For the electrostatic field we 
have Laplace’s equation 4é = 0, Since nuclear forces must fall away 
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very rapidly with distance, he wrote down an analogous differential 
equation 


A= e200 . « . » « eat6s) 


which, with k =1/r9, yields the solution ¢ =e*’/r and also gives 
the required short range of nuclear forces 7), approximately equal to 
10% cm. If, now, by analogy with the wave equation for electrical) 
forces we write down the wave equation 


1 
“eo 


Ad — kd “e =0 ee (66) 


for the field of the nuclear forces, comparison with the theory of de 
Broglie and Schrédinger shows that this is the wave equation for 
particles with rest mass kh/27c, which corresponds in value with the 
mass which we have to assume for the meson.* An essential feature 
of Yukawa’s theory is that there is an interaction between mesons and 
light particles which gives rise to transformations of one into the other, 
just as there are transformations of neutrons into protons and vice 
versa. 

Experiments with mesons produced artificially by impact of high 
energy (several hundred Mev) protons to a-particles on heavy nuclei 
have shown that the mesons involved in nuclear forces are more massive 
than the ones originally found in cosmic rays. The heavier mesons are 
called z-mesons. They occur with charges of +-e, —e and 0. The w+ and 
n- have a mass of 273m,, while the 7° has n mass of 264m). The lighter 
ones, called y-mesons, do not produce nuclear disintegrations. They 
occur as + and p- and have a mass of 207m). It will be remembered 
that X-ray “ Bremsstrahlung ” is caused by the acceleration of elec- 
trons. In an analogous way, 7-mesons are conceived to be formed when 
nuclear particles are accelerated. Both the 7- and the y-mesons are 
unstable. The half-life of a 7-meson amounts to about 2 x 10-% sec.; 
that of a p-meson is about 100 times longer.t The current theories 
seek to account for these and other possible mesons as excited mass- 
states of a single kind of particle. 


* If we apply non-relativistic wave mechanics, which we have always used thus 
far, to a particle subject to no forces (U = 0) and having a velocity v (assumed to be 
much less than c), then with H = mv*/2, comparison of equation (65) above with 
equation (28), p. 696, gives the mass as m = kh/2av. The relativistic wave equation 
(not used elsewhere in this book), which was first developed by de Broglie, has the form 
(66) for a particle under no forces, &° being replaced by 47?m'c?/h?. This gives by com- 
parison m == kh/2mc. Since mesons are particles of very high velocity, the relativistic 
equation is called for. 

+ These figures represent the half-life referred to a system in which the particle is 
at rest. Since the meson speeds approach that of light, the lifetime referred to a 
stationary observer may be as much as 60 times these values. 
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15. Brief Survey of Our Knowledge concerning Cosmic Rays. 


As far as the amount of converted energy is concerned, chemical 
processes may be characterized as the “ physics of electron volts’, 
nuclear transformations as “ Mev physics” and cosmic-radiation 
phenomena as “million Mev physics”’.* It is to be expected that an 
increase of many orders of magnitude in the energy involved brings 
with it entirely new phenomena. The first thing that had to be done 
in order to explain the nature of cosmic radiation was to distinguish the 
effects of the primary rays from those of the secondary. The effects of 
the primaries must increase monotonically with altitude, reaching a 
constant value beyond the atmosphere. The effects of the secondaries, 
on the other hand, must attain a maximum at a certain height; for 
they originate in the air itself and the primary radiation which causes 
them will be progressively absorbed. 

Apart from a small contribution of secondary particles scattered 
from below, the primary rays can be studied in almost pure form at 
great altitudes. Experiments have been carried out in aircraft up to 
about 10 miles, recording apparatus and photographic plates have been 
taken to heights of about 20 miles in unmanned balloons, and high- 
altitude rockets have carried instruments to over a hundred miles. 
The principal effect of the primary particles is the production of single, 
very energetic collisions which show up on a photographic plate as 
“stars” in which many nucleon and 7-meson tracks radiate from the 
point of impact. The number of ion pairs simultaneously produced by 
these particles is sufficient to actuate an electrometer of high sensitivity. 

At the present time, the most important means of investigating 
the primaries is the photographic-plate technique. Here the tracks are 
produced by fragments of silver or bromine atoms which have been 
disintegrated by the intrusion of a primary particle. What is the 
nature of these particles? They must be charged, since their distri- 
bution is found to depend on the geomagnetic latitude of the place of 
observation. To-day it can be considered well established that the 
majority of the primary particles are protons. There are also heavier 
particles present, ranging up as far as Fe nuclei, a-particles being 
especially numerous. Because of their greater range, the protons pre- 
dominate at greater depths. 

At the earth’s surface and at moderate altitudes only few primary 
particles are observed, most of the rays being a mixture of quite diverse 
secondary particles. Although very energetic secondary nucleons and 
a~-mesons are able to produce small stars, these particles constitute 


mat Pugin publ the abbreviation Bev is sometimes used to denote 
@ unit o electron volts. It must be remembered that the term “ billion ” stan 
for 10° in America and for 10"? in Britain. aia ia 
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only a small part of the secondary radiation.* It has been known for 
a long time that the radiations detected at lower levels in the atmos- 
phere consist of two components—a penetrating (hard) component and 
a softer one. The separation of the components and the determination 
of their properties have been the object of an extremely large amount 
of experimental and theoretical work. It has been shown that the hard 
componcnt consists of z-~mesons while the soft component is made up 
of less energetic electrons and y-photons occurring in the form of 
extended showers stretching over distances often exceeding hundreds 
of meters. 

The p-mesons, formed by the disintegration of 7-mesons, have a 
lifetime long enough to permit them to penetrate deep into the earth. 
Their ionizing power is so slight compared with their energy that a 
particle having an energy of 10" ev is able to penetrate 500 metres of 
water. The electrons and y-photons begin to appear even at the very 
top of the atmosphere. Here the short-lived neutral 7-mesons decay into 
two y-photons. By pair production and Compton processes these give 
rise to fast electrons. The electrons, in turn, produce y-photons when 
retarded, and so the process continues. The result is a cascade shower 
in which the available energy is rapidly shared among a large number 
of particles of low penetrating power. 

Special triggering arrangements are needed to catch the beginning 
of a large shower in a cloud chamber experiment. If the point of origin 
happens to be located in the material in a large chamber, the electro- 
meter will show an abrupt impulse as for an explosive shower (see 
above). Usually only tracks of individual electrons or positrons are 
seen in the cloud chamber, and sometimes p-meson tracks as well. 

The biggest question of all is that of the origin of cosmic radiation. 
At first it was thought that the rays were due to some mysterious 
‘nstance of conversion of matter into energy. This is known to be false, 
if only for the reason that the annihilation of even the most massive 
atom would not be enough to account for the energies of up to perhaps 
10?” ev that are encountered. In the light of present experience with 
particles accelerated in the laboratory, it seems plausible that the cosmic 
particles obtain their energy from stray magnetic fields in space. The 
particles may in part originate in the sun. The magnetic fields, because of 
their enormous extent in space, need not be strong, but might be more 
concentrated in the neighbourhood of certain stars, especially those 
showing strong emission of radio waves. It is still very much an open 
question as to which of the possible mechanisms actually obtain. The 
fact that the observed intensity is the same in all directions is in accord 
with such theories, for the particles are probably under way for thou- 
sands of years before reaching the earth. 


* The n+-mesons are repelled by the nuclear charge and so do not ordinarily lead 
to disintegrations. 
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PART VIII 


SeLECTED Topics FROM SEVERAL FIELDS OF 
TECHNICAL IMPORTANCE 


CHAPTER XLII 


Furturer MATTERS CONNECTED WITH THE GEOMETRIC OprTIcs 
or Licht AND OF ELECTRONS 


l. Condition for Absence of Distortion and its Relation to the Sine 
Condition. 


_ On p. 406 we deduced the condition governing the point-for-point 
imaging of an element of area normal to the axis with the provision 
that axial points be imaged without distortion by means of wide 
pencils of rays. Inasmuch as the squares of the linear dimensions of 
the area were neglected in this derivation, the resulting sine condition 
guarantees only the imaging of a small area, e.g. the field of view of a 
microscope. But if requirements in the quality of the image near the 
boundaries are less stringent, the range of validity of the result may 
be considerably extended. We wish now to consider the other extreme 
—the imaging of a large field of view by means of narrow pencils. The 
limiting case is that of the pinhole camera, which uses no optical unit 
(such as a lens) at all. The sharpness of the image depends solely on 
the size of the aperture. We need not use such narrow bundles of rays 
if we use an optical system, but they must still be fairly small if other 
errors such as astigmatism (p. 409) are to be minimized. It is a chal- 
lenge to the skill of the optical designer to keep these other defects 
small so that good images result even when large field of view and 
wide pencils are employed. We shall not concern ourselves with these 
other errors. 

Let the cross-section of the entering bundle of rays be limited by 
a diaphragm AB, fig. 1, assumed to be placed in front of a lens system 
S, indicated by the two curved surfaces. In this case AB is also called 
the entrance pupil. If there happen to be lenses on the side toward the 
object, the entrance pupil is found by locating the image of the dia- 
phragm as formed by these lenses. The reason is that a ray passing 
through the edge of the entrance pupil must then pass through the 
edge of the diaphragm, since entrance pupil and aperture correspond 
to each other. In the same way, the boundaries of the pencil of rays 
on the image side are determined by locating the image of the dia- 
phragm as formed by any lenses lying on this side of it. This image of 


the diaphragm opening is called the exit pupil and is represented by 
A’B’ in the figure. 
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Further, the rays drawn from individual points of the object or of 
the image to the centre of the corresponding pupil (O or O’ in the 
sketch) are called principal rays. These rays are taken to represent the 
pencils traversing the pupils from each of the various object points. 
Let P, Q, R represent three points located on a perpendicular to the 
optical axis, and let P’, Q’, R’ be their respective images. What con- 
dition must hold in order that object and image be similar? Obviously 
we must have P’R’ : Q’R' = PR: QR. In terms of the labelling used 
in the diagram, this means 


tan u,'/tanu,’ = tanu,/tanu,, 


or the condition for similarity (distortionless imaging) becomes 


If we compare this with the sine condition, the two requirements 
seem at first sight incompatible. However, at least within certain 


limits, this is not so. The sine condition refers to the angles between 
the axis and the various rays drawn from an axial point R through the 
several points of the entrance pupil, as indicated by 1, vp, etc., in fig. 1. 
In other words, the system S must be figured so that it fulfils the sine 
condition for the plane PQR as a whole and the tangent condition for 
the principal rays. The realization of good definition is the first con- 
sideration, while in many applications some distortion can be tolerated. 
For example, if the system is so corrected that the sine condition is 
fulfilled for the imaging of the entrance and exit pupils, there will still 
be distortion in the final image. It is easy to compute how a rect- 
angular network placed in the plane P’Q’R’ will be imaged when, in 
place of the tangent condition, the sine condition is satisfied. Re- 
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versing affairs now, and placing the distorted grid at PQR, its image 
at P’Q’R’ will be rectangular. This was ey by ie. a ae 
test of the sine correction of microscope objectives. He placed the 
entrance pupil 4B—a small hole—in the object plane of the objective 
to be tested, and noted whether the image formed at P’Q’R’, the plane 
for which the figure was computed, was free of distortion. Fig. 2 
shows one quadrant of such a test figure. 


Fig. a 


2. Focal Length of an Electron Lens. 


The parallelism between ray optics and the mechanics of particles 
explained on p. 693 shows that in representing the orbit of an electron 
in an electric field by a ray of light in a homogeneous medium we must 
think of the medium as having an index of refraction proportional to 
the speed of the electron. This follows from a comparison of equations 
(15) and (16). As long as we confine attention to geometric electron- 
optics, the factor of proportionality is immaterial and equation (23) 
is suitable for a wave-mechanical treatment. If the electrons owe their 
velocities only to electric fields, i.e. if their initial thermal motion can 
be neglected, then n may be set equal to the square root of the potential 
difference V that exists between the region considered and the cathode. 
As long as only rays near the axis are considered, a rotationally sym- 
metric electric field (fig. 3) corresponds to a series of centred spherical 
surfaces as already treated on p. 405. The sole difference between this 
case and ordinary optics is that here the index of refraction changes 
continuously, whereas in optics spherical surfaces usually separate 
regions in each of which the index is constant but different from one 
region to the next. This discontinuity does not introduce the slightest 
difficulty as long as the distance between shells can be neglected. This, 
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of course, makes the result a fairly rough approximation. Successive 
application of equation (25), p. 405, to a series of k layers bounded by 
centred spheres gives, for the power, 


(=o) Se eee. «el 


On the other hand, from equation (21), p. 405, the power of a 
spherical surface of radius p and discontinuity of index amounting to 


An, is A M 
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Fig. 3 
If n changes continuously along the axis, 
dn - 

dn = ae ae - . (4) 

and. ,__lsldn 
=i fa a ae 

In the electrical case, n = +/V, and so 

| 7 ee ae dV lem: 

t= Trl oa @~arl, sey © 


The integration may be performed between the limits —o« and +00 
because dV /dx vanishes in the field-free space and there is no con- 
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tribution except where dV/dx differs from zero. The quantity V’ de- 
wei the constant potential that exists at a great distance beyond the 
ens. 

The radii of curvature of the equipotential surfaces may be found 
in terms of the change of V measured along the axis by using dif- 
ferential geometry and the potential equation AV=0. This fact 
brings out a fundamental difference between ordinary optics and elec- 
tron optics which complicates the process of computing electron lenses. 
In the case of light, the curvatures and indices of refraction of lenses 
can be selected independently, and so by skilful choice the lens errors 
can be compensated. In electron optics, however, the radii are already 
determined by the change of index along the axis. The result of the 
somewhat cumbersome calculation, which may be transformed by 
partial integration, takes the following forms, since dV /dx vanishes 
at great distances: 


ee ae ee i ee 
=p, w we =srd. en) cli 
1 7? B 


= 3,/V' ve pan 4 7 © © © © © © © © © (7) 


As we can see by considering fig. 3, the repeated neglect of the 
distance between lenses must result in a considerable total error, but 
the optical computation taking these distances into account becomes 
very troublesome. Generally, in electron optics, the calculation of 
electron paths leads more quickly to the result than does the formal 
comparison with ordinary optics. Moreover, the former has the ad- 
vantage that all the required equations are already at hand. For this 
reason we shall compute the focal length only in this way. As an 
approximation for narrow pencils we equate the projection of the 
orbital velocity on the axis to this velocity itself. Then 


dy ao=,|(7), oe @ @ @ (8) 


where V is the potential referred to the cathode. 
Let the radial component of the field at a distance r from the axis 


be denoted by H,. Then, since 


we have 
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In a charge-free space, HZ, can be expressed in terms of H,, the com- 
ponent of the field along the axis. Imagine a cylinder of radius r and 
short length 1 described about the axis, and calculate the surface 
integral of the field over this cylinder. It may usually be assumed that 
there is no charge within the cylinder since the space charge due to the 
electrons is negligible. Then the surface integral is 

dE ydE, rdV 


ett —* — Ona 


= —3 =a 


The differential equation of the electron orbit then becomes 


d dr r d’V 
VV E(VVE) = — 9 ae = © @ e@ (11) 


Examination of this equation shows that: 


1. The specific charge e/m does not appear, so that the result holds 
for charged particles of any kind. 

2. The equation is homogeneous in V, so that changing the poten- 
tials of all electrodes by the same amount leaves everything 
the same. This shows why an electrostatic electron micro- 
scope is not sensitive to variations in voltage. 

3. The equation is homogeneous in r and x. Thus, if all the dimen- 
sions of an electron microscope are changed by a given factor, 
the magnification remains unchanged. 


In order to integrate the equation of the orbit, write it in the form 


dr dV (x) dr V(x) 
This shows that we are dealing with a second-order linear differential 
equation whose cofficients are functions of x and may be determined 
by measurement or by calculation. We can bring the equation into 
simpler form by putting 


f= RAY), 2. Gis se 


determining f(V) so that the term in dr/dx vanishes. The calculation 


readily gives 
S(V) = v-? eo e e @ e ee e (14) 
aR 3 /dV\2 
and ia ~~ Tera) B= FOR oo 6 (15) 


The integration may be carried out by successive approximations, as 
was done in the case of equation (36), p. 101. 

In order to compute the focal length, consider a ray in the object 
space, parallel to the axis and located a distance a from the axis. Its 
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intersection with the axis in the image space determines the principal 
focal point F’. From the definition of focal length (p. 399), 


() 


a 


Since the focus lies in a region of constant potential V’, (13) yields 


dr dR 
ee ae 14 
ay al me) 


In front of the lens we have the constant potential Vj, and so 
O— alee. 3 Cf em) 
If we now wish to compute (dR/dx),, from equation (15), we can, as a 


first approximation, take the value R = aV,' which holds to the left 
of the lens. By integration we then get 


dR\ (dR + /4V\2 1 
(@),- (=) =—saV3 f =) pods, (19) 


where the upper limit may be taken to be infinity because the focus is 
in a field-free region. The power of the system then becomes 


, ae av 1 
$ =i6 7A be (Z) pa ee ee e (20) 


For a single lens the potential has the same value on both sides, and 
a better expression for the power of a single lens is obtained by re- 
placing dV /dx by E: 


+0 
¢' = x6 yo ee © @ @ (21) 


Similarly, the power of a lens formed by a short, rotationally symmetric 
magnetic field H is found to be 


+0 
=a f Wde, «++ - (2) 


V being the potential through which the electrons have fallen. 


CHAPTER XLIV 
PIEZOELECTRICITY AND ITS APPLICATIONS 


1. The Phenomenon of Piezoelectricity. 


When an ionic crystal is deformed an electrical volume-polariza- 
tion results, and this, according to the discussion on p. 281, makes itself 
known by the appearance of charges on the surface. In a rough way, 
the occurrence of this piezoelectric polarization may be pictured by 
thinking of a regular tetrahedron whose centre is occupied by an ion 
carrying four positive charges, while each 
corner is occupied by a singly charged 
negative ion (fig. 1). Inasmuch as the 
centre of gravity of the negative charge 
coincides with the position of the positive 
charge, the structure as a whole has no 
dipole moment. If, now, the central ion 
is held in position while the top point 
is pushed downward, a dipole moment 

Fig. 1 will obviously arise. In simple crystal 

lattices such as NaCl there is no resul- 

tant dipole moment per unit volume, since the symmetry of the lattice 

insures a mutual compensation. The fundamental requirement for 

the appearance of piezoelectricity is the presence of what is called a 

polar axis—an axis such that the plane normal to it is not a plane of 

symmetry of the crystal. The relation between the deformation and 

the resulting polarization is linear. We can therefore write for the 
components of the polarization vector: 


P, = yueu + 1282 + 1333 + Yi4€23 + ¥15¢1 + hale! 
Py = yal + Y22€22 + e333 + Y2a€3 + Yess + Yaseen, + (1) 
P, = Ys, 411 + Y32%2 + 333 + Y34€3 + Ys5€a1 + Ys6 212: | 


The e;, are the components of the strain tensor as defined on p. 164; 
the coefficients y,, are called the piezoelectric constants. Depending 
upon the degree of symmetry of the crystal, the actual number of 
constants is reduced. For quartz—the most important of such crystals 


in practice—the scheme of coefficients referred to a co-ordinate system 
702 
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conforming to the axes of symmetry (fig. 2) has the following ap- 
pearance: 


Yu Yu 0 Y14 0 0 
0 0 0 0 rie Yu fe - (2) 
0 0 0 0 0 0 


In the place of the components of the strain tensor one may intro- 
duce those of the stress tensor.* In a crystal, however, the relation 
between the two tensors is much more complex than in isotropic 
bodies, where two elastic moduli—for example, H and o—give the com- 


(b) 


Fig. 2 


plete connexion. In the general case, the symmetric scheme of co- 
efficients relating the six components of the stress tensor with the 
six coefficients of the strain tensor contains 21 different constants. 
Expressing the e,, in terms of the Py, by means of these relations, we 
get: 
—P, = buPu + 812 Po2 + 813P33 + 8y4Pe3 + 815P a1 + 816 Piz, 
—P,= 82 Pi + Sap Po + 923-P53 + So4Po3 + 895 Pa + 825Pi2, } (3) 
—P,= $3 Puy + 832Po9 + 833P33 + 834 P23 + 835P53 + 856 Pia. 


The 5,,, which may be computed from the yy, and the elastic constants, 
are called the piezoelectric modult. 


* Since the discovery of piezoelectricity by J. and P. Curie it has been the i 
to work with the pressures rather than with their opposites—the tensions. what 
follows, the Pg represent the components of the pressure tensor, and this is the reason 
for introducing the negative signs in (3), following. 
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Reciprocally, if an electric field is applied to a piezocrystal, the 
resulting polarization causes elastic stresses and deformation. When 
the components of the strain tensor are expressed in terms of the com- 
ponents of the field strength, the coefficients 6, appear. The deduction 
is similar to that of equation (56), p. 176. We calculate the expression 
for the energy of the crystal in the electric field. The results for the 
components of the strain tensor are 


Cit by #, ois 0, F, =r 8 £,, Cog = by Fe an 5,, Ey a 53, E,, 
C22 = 81. E, oi Seo Ly = 830 H,, é3, = 5,4, ot 59; Ey = 5,5 E,, (4) 
€3 = 913Hy + 5, Ey + 853 L,, Cg = Sig Le + dog By + Sg6 Ey. 


For the negative pressure components a scheme analogous to (4) is 
obtained. The quantities y,, appear as coefficients of the E,; for 
quartz we have: 


=e =Yy be —Po3= Yu 2, oh bu i €3=6,,E,, 
ee 22 — Vue, B line Yuh, €22> —b,F 2 &= — Gag (5) 
P3,=0, Pro=yyEy,  &3=0, 22> —26E,. 


The position of the co-ordinate system underlying these relations is 
that of fig. 2. For quartz, the numerical values in C.G.S. units (alge- 
braic signs for right-handed quartz) are: 


ij = ATI, 8 e8en 10 
Via — 1-23 x Oe, oi = —-1-69 x 10-8, 


a 


2. Application of Piezoelectricity to the Stabilization of Oscillating 
Circuits. 


The most important application of piezoelectricity is based on the 
resonance between the frequency of an oscillating circuit and the 
mechanical vibration of a bar or plate cut from a piezocrystal. Let us 
consider the simplest case of a bar-like piece cut from a crystal as shown 
in fig. 2. Suppose that the electric potential is applied to the long sides 
of the bar, so that the field is in the direction of the # axis. As B Tesult 
there will be changes in length in the y direction and at resonance the 
bar will experience strong longitudinal vibrations. We must first 
compute the natural vibration of a bar of length 1. This can be done 
in @ way quite analogous to the calculation of the vibration of a string 
carried out on p. 183. Here again we can treat the natural vibration 
as a standing wave resulting from the superposition of two waves 
travelling in opposite directions. The speed of propagation is given 
(p. 183) by the square root of the ratio of the elastic constant to the 
density. For the crystal, we must use the elastic modulus correspond- 
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ing to the direction of the length of the bar. The boundary conditions 
here are just the opposite of those obtaining for the string. The greatest 
amplitude occurs at the free ends of the bar. This result may be de- 
duced formally, but is also intuitively evident, since at the ends the 
motion of the bar is completely unhindered, whereas in the case of the 
vibrating string the opposite is true. Thus the fundamental vibration 
of the bar must have a loop at each end and a node at the centre, so 
that—as for the string—the length of the bar is half the wave-length 
and the frequency of the fundamental mode is 
c E 
n= p= Ge © <G0Ne) so ee) 

An important characteristic of any standing wave is that all par- 
ticles belonging to a given loop vibrate in the same phase, so that in 
what follows the system may be replaced by two masses, located at the 
ends of the bar, each of half the bar’s mass. These must be imagined 
to vibrate in opposite phase and be subject to a restoring force of such 
magnitude as to reproduce the natural frequency of the bar. We can 
then apply the much simpler relations for the forced vibrations of a 
particle (p. 96) to the motion of either half of the bar. If there were 
no damping at all, the amplitude at resonance would become infinite. 
In reality, however, there is always at least a small amount of damping 
present, due both to the resistance of the air at the surface of the bar 
and to a certain amount of internal friction. The latter is not well 
understood in terms of atomic theory even for single crystals. It is 
quite possible that it might vanish altogether for a perfect crystal 
lattice at absolute zero. 

For what follows, the important thing is the phase relation of the 
driving force to the vibrations of the bar, or of the vibrations of the 
two particles which replace it in the above sense. The phase relation 
is given by fig. 7, p. 99. A very graphic representation is obtained by 
combining both curves of the figure into a single one by the expedient 
of expressing the amplitude a of either particle as a function of the 
phase angle 4. For this purpose, eliminate the quantity w,.? — w* from 
equations (33”) and (33’’), p. 98, by using the relation 


ian’? ee ee 


pee Ta cankg” 


In the notation of p. 98, the result is the polar equation 


a= ising. eee 


If the damping constant f is small—as it is for quartz—the region 
in which the amplitude diflers markedly from zero is exceedingly small. 
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As a result, w may be taken to be constant in this region, and so equa- 
tion (8) will represent a circle. Since the displacement lags behind the 
driving force, the circle must be drawn below the polar axis if the 
driving force F is drawn along this axis, as shown in fig. 3. This circle 
then represents the index diagram for the periodic quantities F and u, 
where the latter represents the displacement of one of the particles. 


If an electrical potential of the form V = V,e'* is applied, the driving 
force is given by ’ 


Vi 
F a —1,be =m) « 8 © e ee @ -@ (9) 


where 6 is the width and ¢ the thickness of the bar (refer to fig. 2). 
The resonance amplitude becomes 


Ons = « ee * + “ome O) 


Since the damping depends on the electrodes as well as on small in- 
homogeneities of the crystal, 8 is not to be regarded as a material con- 
stant. Rather, the width of the resonance curve is used to characterize 
the damping of a given crystal. 

The polarization P follows the deformation u without lag, so that 
P has the same direction as u in the index diagram. The displacement 
current is given by dP/dt = iwP, so that it leads u by 7/2. If the bar 
is allowed to pass along the resonance curve by increasing the driving 
frequency from zero, then u will have the same direction as V at low 
frequencies, but the index of the displacement current will be in the 
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direction of t#V. Thus the crystal behaves like a pure capacitance, 
where the current leads the voltage by 7/2 (p. 318). As the resonance 
point is approached, the magnitude of u increases greatly while its 
index changes to a position 7/2 behind V as the resonance point is 
traversed. At the same time, the direction of the index of the displace- 
ment current comes into coincidence with that of V. The essential 
result, then, is that at resonance the system behaves like a small ohmic 
resistance—small because the index of the displacement current 
becomes very large. The capacitance is effectively short-circuited, i.e. 
it has become infinitely large. When the resonance point is passed, 
u falls even farther behind V, the displacement current falls behind V, 
and the system behaves like an inductance or—what is formally the 
same thing according to equation (23), p. 318—like a negative capaci- 
tance. 

In these considerations we have neglected the usually small capacity 
of the quartz condenser and the displacement current determined by 
it, since at the critical condition the latter is small compared with the 
piezoelectric displacement current. Imagine a quartz vibrator con- 
nected in parallel with the condenser of an oscillating circuit, the latter 
being variable so that the circuit can be tuned to any impressed fre- 
quency (fig. 4). In the absence of the quartz crystal, the capacitance C 
in the relation 

eel 


Wo sO ° e e ° e ° ° 


would have to be made smaller and smaller as the frequency is increased, 
and the curve connecting C and w,? will be an ordinary hyperbola. 


(11) 


Wo? 
Fig. 4 Fig. § 


However, as the resonance point of the crystal is approached, the 
capacitance of the condenser is increased by that of the quartz, so 
that C must be lower than it would be in the absence of the crystal. 
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At resonance the capacitance of the crystal would become infinite, 
making it necessary to give C a negative value large enough to make 
the sum correspond to wy. 

In practice the ideal conditions are not fulfilled and the capacitance 
of the crystal, while large, remains finite. The further course of the 
curve follows from the same considerations (see fig. 5). The stabilizing 
effect is explained in this way: In order that w,”* change but little in 
the neighbourhood of the quartz resonance, C must change consider- 
ably. In other words, a small change in the value of C—as a result of, 
say, a change in temperature—will have practically no effect on the 
natural frequency of the system. 


CHAPTER XLV 


SpacE-cHarGE Errects In Gasrous DISCHARGES 


1. Characteristic Curve of a Thermionic Tube. 


Let us consider an extended cathode, which emits electrons, placed 
opposite an extended anode, and let us inquire about the relation 
between current and voltage as qualitatively represented by fig. 1 on 
p. 433. Because of the indefinite extent of the electrodes, the problem 
becomes one-dimensional and the results will depend only on a single 
co-ordinate x. Further, we may neglect the initial thermal motions of 
the electrons, whose speeds have approximately a Maxwell distribution 
(p. 595). With this assumption, the current should be expected to 
begin only when tke second electrode is made positive, while in fact 
a minute current is found to flow even when there is a small opposing 
potential. 

Under the above assumptions, the values of the potential between 
the electrodes will be investigated. It will no longer be linear, but will 
be distorted by the presence of the space charge. We have the follow- 
ing equations at our disposal: The speed of the electrons at any place 
where the potential with respect to the cathode is V is given by 


emu? = eV. ws se) 


If p represents the charge density, the relation given on p. 418 yields 
for the current density * 


t = pv. ® e e e e ° e e (2) 


Space charge and potential are connected by the relation (p. 267) 
AV — 4arp. om 6 | 6 8) ce ee (3) 


The reason for the positive sign of the right side of the equation will 
be understood from the footnote. 

The current density 7 is constant throughout the space because we 
assumed the situation to be independent of any but the x co-ordinate 
and the current is constant at all points in the circuit. With the help 


* Contrary to general practice, we here take the positive direction of the current 


to be that of the electron motion. 
799 
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of (1) and (2) we can eliminate p and », and obtain a differential equation 


for V: 
Vo 4am Aart 


de TB os « 


Multiplying both sides by dV /dz allows us to integrate at once, and 
if the potential of the cathode is arbitrarily taken to be zero, the result 


"  @-Ol-nJe) 


Under the assumed condition of zero initial speed of the electrons 
there would be no current if the potential of the cathode were to de- 
crease, for then all the electrons would be driven back. On the other 
hand, if (dV/dz), > 0, all the emitted electrons would arrive at the 
anode and this would constitute the saturation current. Hence the 
only possibility is to set (dV /dx)y = 0 for the region in question. Ac- 
_ tually, because of the initial speed of the electrons, the lowest point of 
the potential curve lies somewhat in front of the cathode, but the above 
assumption greatly simplifies the computation and does not alter the 
final result markedly. With this condition assumed, we get 


and by separating the variables we can integrate a second time, obtain- 
ing 


4 
4V2/4 = (Siri)? 2m a or Vo@atee- . . (7) 
e 


The constant of integration is zero because the potential was assumed 
to be zero at the cathode. The relation gives the variation of potential 
between the electrodes, as influenced by the space charge. If V, is the 
anode potential and a is the separation of the electrodes, this becomes 
as V2 /(e/m) ps2 

97a? a 


s 


. = oe 


This well-known “ three-halves power law ” cannot hold, of course, 
for arbitrarily large currents. As soon as 7 reaches the saturation value 
there is no further increase, since electrons are being liberated from 
the cathode at their maximum rate. If the initial electron speed had 
not been neglected, the V?/? curve would not appear to change sharply 
over to the saturation line but would have the rounded junction found 
in practice and pictured on p. 433. 


XLV.] SPACE-CHARGE EFFECTS 801 


2. Oscillations of a Plasma. 


A plasma is a gas having no average space charge and located in an 
electric field. An example is the positive column of a discharge tube, 
where the linear variation of the potential (see fig. 3, p. 437) testifies 
to the absence of space charge. A plasma, then, is a mixture of elec- 
trons, ions, and normal and excited atoms. High-frequency oscillations 
can take place in a plasma, as will be shown for the one-dimensional case. 

Let the field strength be Z, and the number of electrons per cubic 
centimetre m, in the non-oscillating plasma, and call these same quan- 
tities H and n, respectively, when oscillations are taking place. Since 
the current is practically all carried by the electrons (cf. p. 439), we 
need only consider the motion of these particles. The following re- 
lations are at hand: 


1. The equation of motion of the electron: 
mo = —eH, eo e e © (8 @ @ (9) 
2. The space-charge equation: 


oF 
Ox =— —Are(n = No). ° e e e e (10) 
3. The equation of continuity for the electron flow, which corre- 
sponds to the hydrodynamical equation (cf. p. 196): 


me ee ww we (11) 


4. The first field equation, which we write in the form given on 
p. 466, with the swm of the “ displacement ” and convection 
currents designated by 8 (scalar value S): 


(c curl H), = 47S = = —4menv. . « « (12) 


Actually, (11) is implicit in (12). Since the divergence of 
s=ic curl H vanishes, we must have 


ed oy O(nv) 
oa iad 02° 
On the other hand, it follows by differentiating (10) with respect to ¢ 
-_ OE an 
7 ea 


and by equating, we again obtain the equation of continuity. 
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A vibrational differential equation is obtained for the electron 
velocity as follows: Multiply (10) by v and add the resulting equation 
to (12). Then, taking account of the meaning of the differential pro- 
cesses 0/0¢ and d/dé (cf. p. 195), there results 


dE OE dE 
On -+ oe => er = 4nS + Arreny¥. e ° 5 (13) 
Using (9), we get 
dy , 47? 4reS 
diz a ™m Mm" is 


Now S is not only constant in space but in time as well. For since 
the applied field H — EH, is due to charges, and not to changing magnetic 
fields, curl E=0. But the field equations give 


4a OS 
curl curl E = ae AY 
so that for curl E = 0, 08/0 must also be zero. The particular integral 
S 
ae 


represents the mean electron current on which is superposed the 
electron oscillations given by the general integral 


v = Asin(wt — a), where w = 20, |=), . (16) 


This simple and clear deduction of the oscillations of a plasma is due 
to Rudolf Seeliger. 


CHAPTER XLVI 
THEORY OF ELASTOMERS 


l. Behaviour of High-polymer Chain Molecules. 


As a class, the rubber-like solid substances differ greatly from other 
solids in their mechanical and thermodynamic behaviour. In the 
phenomenon of expansion, for instance, one must look to quite different 
molecular processes for an explanation. Apart from the fact that 
rubber-like substances are more resilient by many orders of magnitude 
than are other solids, their isobaric coefficient of expansion is negative.* 

Characteristic of all rubber-like materials is the fact that chemically 
they are high polymers consisting of long chain molecules made up of 
thousands of identical units. An example is polyacrylic acid, a portion 
of whose structural formula is shown in fig. 1. The molecule is so long 


H H H H i H H H H 

d | | | | | | | | 

OOH H COOH H COOH H COOH H COOH 
Fig. 1 


that probability considerations can be applied even to the parts of i 
single molecule. Because of the rotational freedom allowed by the 
simple C—C bond, two adjoining units can, within limits, turn freely 
with respect to each other. The limiting angle is determined by the 
structure of the units themselves. After a large number n of units, the 
net effect of the many arbitrarily positioned units is such as to make all 
orientations of the nth member equally probable. The corresponding 
length is called the statistical chain element A. Thus the giant molecule 
is schematized as a chain of N such segments whose members may be 
oriented arbitrarily with respect to one another. The internal energy 
of the molecule is consequently independent of the form of the chain, 
which is governed only by the laws of probability. Ifa perfectly flexible 
chain is thrown on to a table, it will usually end up in an irregular, 
coiled configuration; the chance of its assuming the fully-extended 
position is extremely small. We shall characterize the form solely by 


* This can be demonstrated very simply by hanging a heavy weight by means of a 
length of rubber tubing. The tube is originally filled with co d water, which is then 
gradually replaced by hot. Contrary to expectation, the tube shortens. 
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specifying the straight-line distance between the two ends, which we 
designate h (fig. 2). If the beginning of the chain is held fast, a proba- 
bility calculation gives the following expression for the chance of 
finding the end of a chain consisting of N segments somewhere within a 
spherical shell whose radii are h and h + dh: 


i 
Wiidh=Kewriedh . ... . 


The approximate nature of this expression will be realized when it is 
seen that values greater than NA, the fully-extended length, are not 
excluded, although their probability is given as very small. However, 
this expression is adequate for our purposes. Suppose a force F is 
applied to the end of the chain in the direction AB (fig. 2). If this 
force succeeds in increasing h by an amount dh, the 
work done will be F dh. According to the first and 
second laws of thermodynamics, we have for a re- 
versible, isothermal change of state 


TdS+Fdh=dU. .. (2) 


However, since the internal energy U is indepen- 
dent of h, the right member of the equation is 
zero and the force is given by 


os 
Fig. 2 r=—1(F). » + + (3) 


In order to compute the entropy, we need only apply the Boltzmann 
equation to the probability formula. The probability that the length of 
the line AB, drawn in the direction of F, shall be between h and h + dh 
is proportional to 


~ 
PS 


_ 3h 
e 2NA* dh, 


The factor 47h? does not enter, since the end of the chain is no longer 
considered to move on the surface of a sphere, but is restricted to the 
direction of F. We then get i 


a 


3kh? 
S = — gy qa + const. ee as (4) 
3kTh 
and fas 


Thus the stretching force F corresponding to a given h increases with 
the temperature, or the equilibrium length A corresponding to a given 
tension F decreases with increasing temperature. We saw (p. 575) that 
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for a crystalline solid the elastic forces are determined by electrical 
forces between the molecules. For an elastomer, on the other hand, 
the elasticity is caused only by thermal motion which makes a coiled 
configuration of the molecule more probable than an extended one. 

Now it is obviously not possible to experiment with an individual 
molecule. A collection of such giant molecules is not a piece of solid 
rubber but a viscous liquid, since the individual molecules are free to 
move relative to each other. This is true for the latex and for the 
sticky raw rubber precipitated from it. Only by the introduction 
of sulphur atoms (vulcanization) are the individual molecules tied 
together, permitting us to apply—at least qualitatively—the results 
obtained for an individual molecule to finite pieces of technically-pro- 
duced rubber. 


2. A Model of Muscular Action. 


In the contraction of a muscle, nature is able to do something that 
we have succeeded in doing only indirectly—the immediate conversion 
of chemical into mechanical energy. Since the amount of free energy 
thus convertible differs but little from the total energy (cf. p. 553), 
the efficiency of the process is very high. In the laboratory we can 
convert the free energy of a galvanic cell into electrical energy which. 
in principle, could be converted in turn with no loss into mechanical 
energy. Unfortunately, however, we have not been able to find an 
electrochemical process for using our greatest source of energy—the 
oxidation of carbon—for the direct generation of electricity. We are 
forced to use the roundabout means of heat engines, with their notori- 
ously low efficiencies. In the light of such considerations, the action of 
animal muscle, which up to now has been quite mysterious, is all the 
more remarkable. The growing understanding of the nature of giant 
molecules (proteins belong to this category) offers the possibility of 
explaining the situation. It has made possible the description of a 
model for the process whereby chemical energy is converted into 
mechanical energy. 

If the molecular segments mentioned above are now considered to 
contain electric charges, the internal energy willno longer beindependent 
of h, and the distribution of lengths will be fundamentally changed. The 
presence of the electrostatic forces acts to favour the extended con- 
figurations in which the charges are as widely separated as possible. 
Such electrically-charged groups occur when the sodium salt of poly- 
acrylic acid is dissolved in water. The sodium ion Na+ dissociates from 
the COONa group to some extent; and instead of the COOH groups 
occurring in the acid, charged COO- groups are present. 

A complete computation yields the following results: For uncharged 
segments, the commonest value of h is about 0-08 of the fully-extended 
length of the molecule. With 20 per cent dissociation, on the other hand, 
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this increases to 0-7 of the maximum length. Suppose the molecule is in 
a solution whose concentration of H+ ions (or of OH~ ions) can bechanged. 
If such a change occurs, the law of mass action will bring about a change 
in the degree of dissociation of the COOH group, and the molecule will 
thus be either shortened or extended—the former if there is an excess 
of H+. In the process, work can be performed by lifting a weight, the 
energy coming from the chemical energy of neutralization. This model 
of the muscular process is found to correspond with experience at many 
points. For example, it correctly predicts that each cubic centimetre of 
the dry substance should be able to lift about 70,000 times its own 
weight. 


MATHEMATICAL ADDENDUM 


Some Functions Occurring In CoNNEXION WITH THE 
Wave Equation 


1. Generalization of z! for any Value of xz. 


In the following development we set ourselves the task of finding 
a function of z which shall represent the value of a factorial for any 
kind of x, including complex values, although this function was origin- 
ally defined only for z a positive integer. This function is called II(z). 
it is often designated also as T(z + 1). It is characterized by the re- 
lation 


Mie aie. ... « 
For positive, real values of x this condition is satisfied by the integral 
T(z) =P (@ +1) = fo tre-tas; Se a2) 
0 
for, integrating by parts, 
” aes —— =o] ” j2—1p—t 
fi tretat [ewe] taf tet, . . (3) 


and this is equal to zII(z — 1). Now II(0) = 1, as may be seen by set- 
ting x equal to one in equation (1). Hence repeated application of (1) 
gives, for integral values of the variable, 


I(x) = T(a +1) =1.2.3.4...2=al 
The integral does not converge when 2 is negative or when it is 


complex with a negative real part. For this reason Gauss supplied a 
generally valid definition of the function II (x) in the form 


: n?n! 
ie) = 1 eceenea. wry 7! 


Obviously, from this definition, I(x) will be infinite for any integral, 
negative value of z. In order to show the identity of both definitions 
for positive z, consider the integral 
1 
J,(x) = if +1 —e)"-"dt. . . we. (8) 
0 
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When n = s this becomes 
‘tnd : 6 
aad ig = 25 ) 
Integrating (5) by parts, 
J,  n—s 
ees a (7) 
Repeated application of this recurrence formula yields 
— : © — f\” — Jo Jy Je J n—-1 
Jo= ft 7) al ce Gon 
= n! il 
I+a@+2)...@+a) npopr 


whence 
nn) 


(+2) @+2)...+2) 
Setting ¢ = u/n in the integral, 


n*n| _n+e2+1¢" u\" . 
a ae 


According to the definition of e as the limit of [1 + (1/n)]" for m 
approaching infinity, we have in the limit 
ees n*n! 

n—>w (1 + 2) (2+ 2)... (n+ 2) 
whereby the agreement of the two definitions for positive values of z 


is proved. 
It follows from (4) that 


i 
= n(n + a+ yf t*(1 — t) "db. 


@ 
= f uve-“du, 
0 


Il (— a) (a — 1) Pe “. 
== lim ——_—_______ — 
“= acl —29)(1—2)(1—2) Aster ae (n — x) 
= lim : 


=0-3B)0-3) Cw) 


The denominator, however, is merely the familiar infinite product 
expression for sinwz/7, whence 


- (8) 


sin7e 
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In particular, putting ¢ = 1/2, 
D(—b)a=4/n7, . . . . ss. (9) 


The expression (x) is conventionally used to represent the 
logarithmic derivative of the II function. It follows from equation (1) 
that 


¥ (2) =2-+¥(@—1). js 


Values of this function may be found in tables. According to the 
definition (4), 


a a a2 
2) = me log. 2 lta 242 ree} uw) 
In particular, 
é 1, ge! l\ = 
(0) = Him (log, —7—5—5—-+-5) = C. (12) 


The negative of the limiting value of the parentheses is called the 
Euler-Mascheroni constant; its numerical value is 0:-5772.... If an 
integer m is substituted for x in (11), the subtracted terms from 1 to 
m will be missing in (12) with the result that 


¥(m)=—C+ it 5+e.-m. (13) 


For negative integral values of x the function II(x) goes to infinity 
as 1/2 when x goes to zero, and so its derivative tends to infinity as 
1/z?. Hence ¥(z)/II(x) will be finite, and its value may be deduced as 
follows: We have 


way YTetV-sq b+ [re+n— | 
T(z) ~—_1_ Te +1) ~ TI (« +1) 
a+1 


from which we get, by repeated application, 

1 1 —!] 
(o-+1)(0+2)...(e-+m) |Ye-+m) — | 
i ee ee eee ee. 


(a) _ atl 242°" ot 

IT (a) 7 II (x-+m) 

When x == —m all terms of the numerator vanish except the one 
multiplied by 1/(a 4+ m). Thus, on account of the fact that IT(0) = 1, 


Y(—m) __ __1\m pa Q 
Tey (im — Ds (14) 
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2. Bessel Functions of the First Kind. ° 
(a) The Bessel differential equation 


The wave equation 


Au=55% (15) 

is transformed in the usual way, by substitution of a periodic solution 
“—oOee” =6C ee! 
into the equation pee 0, ae. rT 


where k = w/c =27/A. We now investigate the case of cylindrical 
waves, which are independent of the z co-ordinate. Then, according 
to Ex. 22, p. 43, the relation between the two remaining co-ordinates 
p and ¢ will be 
ay , lov , 1 av ; 
dp? Rip Ose 2 ihe id (18) 
Assume the solution o(p, ¢) to have the form of a product of R(p) 
and ®(¢). In general, only those solutions which are single-valued 
functions of position are physically valid, so ® must be periodic with 
a period of 27. Therefore we set 


O(¢) = er, Sw ww C19) 
where generally, in physical problems, p is an integer. In some cases, 
however, non-integral values of » come into consideration, so that in 
what follows we shall assume p to be an arbitrary positive or negative 
number. Writing for convenience y(x) in place of R(kp), we get the 
equation 

oY 4 oY 4 (a2 — pry =0 
dz? dz P*)y = 0. Oe oO (20) 


This is the Bessel differential equation. Apart from certain special values 
of p, its solution is not expressible in terms of elementary functions. 


(b) Solution by power series 
We substitute the power series 
Y = a0" + a2 + asa + .,.a,a +... . (21) 
into the differential equation, getting 


(m,? — p?)aya™ + (1,2 — p®)a,a™ + (m,? — p®)aya™ +... 
+ a,amre + Gum? + arene + goo ==). 
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In order that the coefficients of each power vanish we must have 


My = M, + 2, (22) 
Ms = My + 2. 
Since the term with the smallest exponent appears only once, 
m2 = p, 
Mf — ap. 6 ww ww ew tl (28) 
Let us examine first the solution +-p. From (22), 
M,=p+2, m=p+2.2, m=p+(r—1)2. 
We then obtain the coefficients 
ty = — = — = ey 
Mm," — p pare 4—p 2?(p + 1) 
Qe, Ge ay 


3 me — pe «(p+ 2).2 24 2(p + 1)(p + 2)’ 
a 


~—— as 2 nL! 
me—p?  2(p+3).3 26 .2.3(p + 1)(p + 2)(p + 3) 


From this we generalize to 


Ch == 


= ed 
x4 = ®k(p + &) 

_— (—])Fa, = (—1)F IT (p)a, (24) 

= TK) (p+ 1(p+2)...(p+H) PRI (kT (p + ky 
The coefficient a, is arbitrary, since a multiplicative constant may be 
inserted into any homogeneous linear differential equation. The 
normalization of what are called Bessel functions (sometimes cylinder 
functions) of the first kind is attained by setting a, = 1 /2?1l(p). The 
result is 


uP re 4 
a 2°11 (p) E ~ 22(p + 1) ‘ 2411 (2)(p + 1)(p + 2) 


Ee ] 
~ 2811 (3)(p + 1)(p+2)(p +3) 


2 (=) _ fz" (8B 
-i mene Fos) aa 


Comparison with sinz and cosx shows that the convergence of these 
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series is excellent. The character of Jj and of J, is to be seen from 
fig. 1. 

In the above derivation there is nothing which restricts the order 
of the Bessel functions to whole numbers. Even for non-integral values 
of » we are able to find at once a second independent solution which 
supplies the second constant of integration (the general solution of the 
second-order equation (20) must contain two independent constants). 
Examining now the value m, = —p, we get an entirely different power 
series. For instance, for p = 1/3, the exponents 1/3, 7/3, 13/3... occur, 


Fig. 1 


while for p = —1/3 we get —1/3, 5/3, 11/3.... Thus for non-integral 
Pp, the general solution of the Bessel equation is given by 


y=Al,+ BI. . 2 7. . 1 ee 


The power series behaves quite differently for negative integral 
values —n of p. Since II(—n) is zero according to equation (4), p..807, 
there is no contribution to the sum until 4 =n. In order to begin 
the summation with zero again, we set k=1-+-n and obtain the 


expression © (—])ltn +28 
1,3 ae 
E ee tt) aS 


But this is identical with (—1)"J,,. Hence for integral values n of the 
order number p, 
Jap SEN )dae 5. es oa 


In the important instance, then, where p is integral, m = —p does not 
supply a second independent solution. This solution must be de- 
termined separately (see § 3, below). 


MATHEMATICAL ADDENDUM 813 


(c) Relations between the Bessel functions and their derivatives 


The Bessel functions have certain similarities with the trigonometric 
functions; in particular, J,(x) is comparable with cosz, J,(x x) with sine. 
Like the Bessel functions, the trigonometric functions have infinitely 
many zeroes. This similarity also exhibits itself in the relations between 
the derivatives of the functions and the functions themselves, com- 
parable with the relation d(sinz)/dx = cosa. 

Let us show, first, that 


J y (2) a $[J 54 (x) — J 41 (2) ees eee (29) 
By differentiation of the series expression for J, we get 


eee sults 2ky(—1)" fx p+2k—1 
Joe) =4 * Try p +b) G) : 


Writing the factor p + 2k in two parts, p + k and k, we can obtain 
two summations. The first yields the series 


2 (p ae k)(— —1)* € — 
g-0 L1(k) I (p + &)\2 


eS ee | ae Pee 
=» Tle +k— 5(5) = 37,1 (2). 


The series formed with the second factor will be 


© k( 1) p+2k—-1 pa o ee (1) ae —1)* Gm 
+3 mong ala) - +2 Te — Net 


Since 1/II(—1) = 0, the term corresponding to k = 0 will vanish and 
the denumeration will really begin with k=1. In order to start 
counting with zero, we put k =1-+ 1 and obtain 


5 (— 1 ee me (2) 
Sis, Ty eee) cone ren (3) elt 


which proves the relation (29). In particular, since J_,(%) = —J, (2), 
ae Tate. . es, -cngel20a) 


In the same way, we find that 

Jqi (0) =— EJ, (2) + Ioa(t). » - » - (0) 
From (29) and (30) it follows that 

2 3, (2) =Jea(t)+Joula). - + + Gl) 
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A variety of further relations may be deduced from the recurrence 
formulee (29) to (31), but none of these will be given here. An impor- 
tant integral relation, however, will be derived. Multiplication of (30) 
by «? yields 

a°I5' (2) + por-J, (2) = Jy 4 (2). 
The left side of the equation is the exact derivative of x? J, (x), so that 
the result of integration is 


f WPI, 1 (x)de=arJg(z) . . . . (82) 
(2) Representation of Bessel functions of integral order by 
definite integrals 


It will be shown that for integer values n of p, the fundamental 
differential equation (20), p. 810, is satisfied by the function 


Jn(a) == [cosasing —nd)dg. (83) 
Differentiating, 
TS he eae . ; 
oa) ye ae sin(x sind — n¢d)sind dd; 
a], (x) 


Lg : ‘ 
if f cos(x sind — n¢)sin*¢ dd. 
CEA 
Substituting in the differential equation, we must have 


ih "908 (x sing — nd) sin? d dd + : i Taina sind — nd)sind dd 
+f(G- 1) cos(x sind — nd)dd = 0, 


To prove the validity of this equation, transform the second integral 
by integrating by parts, obtaining ; 


i ‘sin(e sing — ng)sing dg = — [sin( sing — n§)oos] 
+f “cos ¢ cos(a sind — nd) (w cos — n)d¢. 
Combining with other integrals, we get simply 
a wef cos(e sing — ng)(2 cos$ —n)dp = —" [sin(w sing — nd)]. 


which turns out to be zero, thus proving that the function (33) satis- 
fies the Bessel equation. 
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(e) Orthogonality of the Bessel functions 


The computation of the coefficients of Fourier series is made possible 
by the vanishing of certain integrals of trigonometric functions. The 
Bessel functions have similar properties, so that series developments 
can be set up in terms of Bessel functions instead of in terms of trigo- 
nometric functions. This may be shown by starting with the following 
differential equations: 


ay," + ay,’ + (a2? — p*)y, = 0, 
ays!’ + xy + (Bx — p*)y_ = 0. 


By making the substitutions z = ax, z = fz, it is easy to see that the 
solution of the first equation is y, = J, (ax), and that of the second is 
Y, = J,(fx). Multiply the first equation by y,/%, the second by y,/2, 
and subtract: 


@(Y1""Y2 — Yo Yi) + (y1'Y2 — Y241) + (a2 — f*) xy, 4. = 0. 


Multiply by da and integrate from 0 to 1. Then, since the first two 
parentheses taken together are exactly equal to the differential of 


a (Y'Y2— YoY). we have 
' 1 
(2 — F) f myry2de = —[e(yr'ya— v2'us)] . 


Substituting the Bessel functions in place of y and remembering that 
y,/ = ad,’ (az), there results 


1 
(a? — f°) i ad» (az) Jy (Bx) da 
— [2{BI, (a2) Jy!(B2) — ad y (Ba) I," (a2)}] 


If we exclude functions of fractional, negative orders, p< —1, which 
become infinite of too high an order when # = 0, the expression in 
brackets will vanish at the lower limit and we get 


f "ady (az) Jy (Bx) dx = Poa (a) TB) — ed 9 (BI » (a), 
oO 


a? — 


If, now, a and f are two different zeroes of the Bessel function, we have 
the first orthogonality equation, 


f ' 2d» (ast) J y(Ba)de = 0. 
0 
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The expression becomes indeterminate when a == 8. Assuming B 
to differ from a by a small quantity which is allowed to approach zero, 
the value for a = 8 may be obtained by differentiating numerator and 
denominator with respect to 8, and then setting B =a. The result is 


_ ad y (a) Fy’ (a) — J p(a) Jp (a) — ad (a) Jp" (a) 


2a 


ii o (ax) J, (ax) dx 
0 


Using the fact that J,(a) = 0, we get the second orthogonality equation 


ff 2d? (a2) de == 4J,(a). . . . . (38) 
“0 


3. Bessel Functions of the Second and Third Kinds. Asymptotic Values 
of Bessel Functions. 


(a) Expansion of Bessel functions of the second kind in series 


When integers are substituted for p in equation (25) no new function 
is obtained. To find this result, we pass to the limit by letting an 
order number which differs slightly from a whole number approach 
the integer value. Consider the expression 


D (x) cos par — J_» (x) 


i 
N, (2) = == . . = 86) 


which certainly represents a solution of the Bessel equation. When 
is an integer, both numerator and denominator vanish, and the limit- 
ing value is obtained by differentiating numerator and denominator. 
The result is 


—7 sin pd »(x) +- cos pr oF (2) = deals) 
we? 7 COS pT P 
(S08) s\n Cela eda) ; 
Pe: [ 4 a ne (a) 


Using the notation of § 1, we get, further, 
rad _¥ (—1)* g\n+2k bs 
i Op p=n Coen re) G) [loess —VFin+ | 


“a pan Lm atB oe | —lo8e§ +¥(—n+ H)|. 
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Multiplying by (—1)" and subtracting, we have, by (14), 


wea) = eS (=F P(n + &) g\ n+2k 
Nq(z) = 249(2) logs —® Trattin +B) G) 


ea (—s Fea 
= TI (k) I (—n + &) G) ee) 


As long as k => n, the same powers of z occur in the first summation 
in connexion with n + & as do in the second one in connexion with k. 
The coefficients are Y(k)/II(k + )I1(k), and if these are combined 
with the first summation, all that remains of the second one is the 
part from k= 0 tok=n—1. Here the coefficients are [cf. equation 
(14) of § 1]: 


alesis yyy. nt VY) 
H(A) (=n + &) a 
Finally, 
Bee) Ss i at Pee 
N (2) = 7 In loges re yy II (4) II (n + &) (3) 
1 "111 (n — k —1) a\ —2+2k 
iene G) ' aa 


It follows from this development that the Bessel functions of the 
second kind (also called Neumann functions) become infinite as 2" 
when x approaches zero. For Ny the sum involving negative powers 
drops out and the first term makes the entire function approach an 
infinite value logarithmically (see fig. 2). 


(b) Bessel functions of the third kind (Hankel functions) 
Bessel functions of the third kind are defined by 
HY (a) = J,(2) + tN, (2), 
Ha) = J,(2) — tN, (2). 


(40) 


As will be shown immediately, these functions are related to J, and 
N, in the same way that e* is related to sing and cosz. 


(c) Asymptotic forms of the Bessel functions 


The differential equation (20) may be reduced to a simpler form 
by setting 
y =" . «© © © © © © 8 (41) 
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No 


Os 


-05 


Fig. 2 


and determining the exponent m in such way as to make the term 
containing the first derivative of z vanish. As may be readily verified, 
this occurs when m == —1/2, leaving the following equation for z: 


te(1-254) =o tee (42) 


Obviously when p = +1/2 this becomes the differential equation of 
simple harmonic vibration and J 12 48 Well as J_1/. must be of the form 
(A sinz + Bcosz)/4/x. Comparison of the series expressions yields 
the correct values of the constants: 


(43) 


However, for any value of p we again get the harmonic equation if x is 
made large enough. The asymptotic values of the Bessel functions 
become, after determining the constants, 
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H,™ (2) =a HS) : gix—in(P*t) 


He (x) — (S) A e-ixtin (2) 


J,(x) = x (=) . COS E —T @E)| for x large. 


This leads to a way of representing cylindrical waves. If, in accordance 
with equation (16), p. 810, we set 


u = J (kp)e™, 


for x large. 


That is, 


all particles will vibrate in the same phase and we have a standing 
wave. A progressive wave will be characterized by the use of w(¢ — x/v) 
as the argument of the periodic function. As the asymptotic form 
shows, this is accomplished by the Hankel functions H, in conjunction 
with e*. 


Ex. 135. Represent J3;2 by means of elementary functions. 


4, Spherical Harmonics. 
(a) Differential equation of spherical harmonies 


The Laplacian potential equation Aw = 0 leads at once to another 
class of functions. We seek such solutions as are homogeneous and of 
degree n in the co-ordinates x, y, 2. These solutions, expressed in 
three-dimensional polar co-ordinates, are of the form 


wae. 2 


We write the potential equation in polar form and substitute (44). 
Then, according to p. 268, the equation for F,, becomes 


i af ,dP\ , 100m ” 


Inasmuch as the equation remains unchanged if —(n + 1) replaces n, 
-+DF,, is also a solution if r"F’, is a solution. 

Assuming independence of ¢, a simpler equation results by setting 
cos6 =z and F, =y: 


J la-ag] +a +ny=0. Je (46) 
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(b) Legendre polynomials 


As in the case of Bessel functions, we can find a power-series solu- 
tion for the differential equation. It is found that for one of the two 
solutions the power series terminates, i.e. the solution is given by a 
polynomial. However, a more vivid way of arriving at our goal is the 
following: Consider a unit electrostatic charge located on the z axis 
at unit distance from the origin. Ata point P whose distance from the 
charge is ¢’, the electrostatic potential will be 


=, = (1+ 2? — 2rcos8)-!? = [1 + r(r — 2a)]-*, (47) 


If r is small, the radical may be expanded by the binomial theorem, 
yielding a series in powers of r. Since each term is a solution of the 
Laplace equation, the coefficients will be the Legendre polynomials (or 
surface zonal harmonics) P, that we seek. Denoting the largest integer 
which is less than or equal to n/2 by [n/2], the general expression for 
these functions may be written 


1:85... =e) 


(/2] 
P, (2) = % (—1)t agro eee 


The poleneeeals for n = 0 ton = 5, inclusive, were given on p. 699. 
Since z = cos0, we obtain F,, in powers of cos@. Using the well-known 
formule, these functions may be cape) in terms of multiples of the 
angle. For example, for P,, 


P,(x) = $(3a? — 1) = (3 cos 20 + 1). 


(c) Relations between spherical harmonics of various orders 


The development of (47), arranged in ascending powers of r, has 
the form . 


(1 — 2ra + 1)-¥? = P(x) + rP,(x) + r?Pa (2) +... 9"P, (x) 
+ rPt1(P. (2) +200 
Differentiating throughout with respect to r, 
(1 — 2ra + 9°)? (x — 1) = P,(z) + 2rP, (x) +... r"-1P,, (2) 
F(t + 1)r" Pays (2) + eee 


or 


(1 — 2ra + 17°)-*? (@ — 1) = (P,(2) + 2rP,(z) +...) (1 —2ra + 4%), 
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Developing the left side once more according to powers of r, 
(@ — 1) (Py(a) + rPy(a) +... "Py (2) + 7*P yay (a) +...) 
= (P,(z) + 2rP,(a) +...) (1 — 2ra + 1°). 
Comparison of the same powers of r yields the relation 
(2n + 1)aP,(x) = (n + 1)Pasi(@) + mPp_(z). « (49) 
In the same way we obtain, by differentiating with respect to 2, 


Qa 1) Pa@)— Pie) PP), (2). . . ~ (50) 


(d) The associated harmonics 


We now take up the consideration of a single-valued dependence of 
F,, on the azimuth ¢, setting 


Tetiad) ef), . . . = « (bl) 
We then obtain as the differential equation for f, 


sing gp 8093 | + [mo +1) — Pag |fa= 0. . (62) 


sin? 
Taking f,,(cos0) = y(a), this gives 
a d i 
(1— 2%) 54 — 20 + [mm — 1) = 5 ue s]y=0. (53) 


=a 


In order to simplify this relation, we set y = (1—2*)?u,, and deter- 
mine p in such a way as to make the coefficient of u,, a constant. 


The result is p=km y=(1—2)"Um « . «+ (4) 
and the differential equation for u,, becomes 
dm dtm = 
() — m+ lea + [n(n + 1) — mm + 1)] 4m = 9. 
(55) 
Differentiating, 
Mim = 


(1 at) SMe — 2¢m 4.2) TA + n(n +1) — (m+ IYlon-+2)] 
(58) 


Thus if up, satisfies (55) for m, then du,,/dx satisfies (55) for m + 1. 
For m=0, wu, becomes identical with P,, and so dP, (x) /dam 
satisfies (55) for m = m, and the solution of (53) for m = m 1s 


P,m(x) = (1 — 22)? oe ie etn 


822 MATHEMATICAL ADDENDUM 


These functions are called the associated Legendre polynomials or 
associated harmonics. Since the nth derivative of a polynomial of nth 
degree is a constant, we have 


P,."(z) = C(1 — 27)* = Csin"d 
and P,.™(«) =0 for m>%. 


If (49) is differentiated m times, the result is 


d*P, ae P,, 
(2n + 1)x a) + m(2n + 1) —— 
= (1) een) 5 9 Teale), 


Now if (50) is differentiated (m — 1) times, we get 
eee) dt dm dg * 
Multiplying the last equation by m and subtracting the result from the 
preceding equation, we get, after multiplying by (1 — 2?)”?, 
(2n + 1)aP,™(a) = (n — m+ 1) Pris (2) + (m+ m) P71 (x). (58) 


(e) Orthogonality of the Legendre polynomials 
Consider two Legendre polynomials having the same upper index 
but different lower indices and n’ and satisfying the differential equa- 
tions 


ip [ 0-2) | + [nn +) — | Pam <0, 


d dP,” (x) a me 

[0-2 | + [ww ep] Pte) =o, 
Multiply the first of these by P,™, the second by P,™, and subtract 
the second from the first. Integrating the result between the limits —1 
and +1, we get 

+1 
[nim I) — nin’ +1) f Pama) P,™(a)de = 
+1 Ps d adP,™2) +1 d dP..™ 
J Pe (2) | a) = |ee— ‘M Pama) (2) ae a 
(59) 
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Integrating by parts, the first integral on the right becomes 


i ‘? n(x) = ja — 2°) eee) dx = 


= EO a ile dP,"(x) dPy™ 
[a ee dx L-S a ai dx *) a 


The bracketed expression vanishes at both limits, while the integral 
expression cancels the corresponding one that is obtained in a similar 
way from the second integral in (59). Hence 


ort 
He Po @)Pere@)de—0 forn’ +n. s . (60) 


+1 
The computation of f [P,™(x)]?dx is somewhat more trouble- 
1 


some, and so we content ourselves with quoting the result: 


Pam __ 2 (n+m)! 
iL [Pamir Sam (Off OD 


As in wave mechanics, the proper functions—mostly Legendre poly- 
nomials—are assumed to be “ normalized to unity ”, the values given 
in tables must be multiplied by the reciprocal of the square root of the 
preceding expression if numerical values are of concern in the problem. 


(f) Application to the wave-mechanical calculation of the selection 
rules for the magnetic and azimuthal quantum numbers 


In the older quantum theory, the selection rules were deduced by 
applying the correspondence principle to the atom model. In wave 
mechanics, these rules are consequences of the orthogonality properties 
of spherical harmonics. Imagine a unique direction chosen in an 
arbitrarily weak magnetic field, and let this direction be the z axis. 
Neglecting normalization, two proper functions of hydrogen may be 
written in the form (p. 702) 


pb; = R,(r)P,," (cos8) cosm,¢ (¢==ivor 2). 


According to p. 705, the dipole moment governing the radiation ac- 
companying the transition from 1 to 2 will be 


p=e rv by p,d7, 


where the integration is to be extended over the entire space. Since 
z= 10030, the z component of this moment may be written out in 
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the form of a product of three aoe 
ef rR, (r) R,(r) 2dr 
x ik P,,™ (cos 6) P,,™(cos6) cos@ sin6d6 
0 


2n 
a cosm,¢ cosmapdp. . « « (62) 


The last integral vanishes, except when m, = m,. This is the selec- 
tion rule applying to the magnetic quantum number for light vibrating 
parallel to the field direction. For m, = m, = m, the second integral, 
written in terms of the variable x, becomes 


+1 
A hd) oh er ()) 
= 
According to equation (58), this becomes 


+1 
J, = =i ‘ 4 — 7 eae ant 1 P,,™ (x) P;,™ (x) da + if ane Pyr_1(2) P,™ (x) da 
(64) 


The first integral is zero except when 1, =1,-+1; the second is zero 
except when J, =1,— 1. This is nothing more nor less than the selec- 
tion rule 1 = i; 


(9) Legendre functions of the second kind 


For the sake of completeness it should be added that the Legendre 
polynomials, containing as they do only one multiplicative constant, 
represent only one of the pair of solutions of the differential equation. 
A second solution, for m = 0 and n = 0, is 


Qo.) =tanhe, .... . . (Hj 
and for m= 0 and» = 1, : 
Q(z) =atanhtea—1. ....., (66) 


The succeeding Legendre functions of the second kind are obtained 


from the following recurrence formula, corresponding to equation 
(49), p. 821: 


(n pe 1)Qns1 (x) — (2n =f 1)20, (z) a Qn (x). ° (67) 


In the same way, the associated Legendre functions of the second kind 
are obtained from 


Ges (a) = (1 peeks ayes ae A Ps (68) 


APPENDIX 
SOLUTIONS OF THE EXERCISES 


: The more difficult exercises are marked with an asterisk. In such instances 
it is intended that the solution should be consulted as an aid in solving the problem. 


£z.1,p.10. A+B+C=0. 
Hx. 2, p.10. (a2) B= «aA; (6) C = «A + BB, where « and 8 are scalars. 


Ez. 3, p. 12. This is the trigonometric Law of Cosines. The alteration in sign 
of the term 24B cos(A, B) is due to the fact that here cos(A, B) refers to the 
exterior angle of the triangle. 


Ex. 4, p.12. (A+B) and (A — B) are the diagonals of the parallelogram 
formed by A and B. In the particular instance where A? = B* there results the 
theorem that the diagonals of a rhombus are mutually perpendicular. 


Ex. 5, p. 12, Cos = s,s, = cosa, cosa, + cosB, cosB, + cosy, COS Y2. 


Ez. 6, p. 15. Project the vectors B, C and (B + C) on the plane normal to 
A, in which the product vectors [AB], &c., lie. The product vectors are obtained 
from the projections by rotation through 7/2 and multiplication by | A|, since 
the magnitude of the projection of B is | B| sin(AB). Since the projection of the 
sum of vectors is equal to the sum of the projections, and since the altered parallelo- 
gram of the projections is similar to the original form, (16) is proved. 


Bx. 7, p. 15. A%B* sin?@ + A?B? cos*® = A2B?, 
Ez. 8, p. 15: 


(a) Since the projection upon » of a radius vector drawn to any point of the 
plane must be equal to p, the equation of the plane must be 


m=p or xcosa+ycosB +zcosy —p=0. 

(6) Po = (% — 7) = 1 — P- 

(c) The vectors (ry — 73), (%, — 7) and (7; — ,) are to be coplanar, i.e. the 
parallelepiped formed by them must have zero volume, whence the equation 
of the plane is 

(7 — 71) {(%_ — 11) (%s — %1)] = % 
or, in terms of the co-ordinates, we get the equation of the plane: 
e—-% ¥ —-Y¥ % —-% 
_— 2 Yo—Y1 %—% |= 9. 
%ye—% Ys— Yr *%e—%4 
Ex. 9, p. 17. If we set [AB] = E and apply (24) we obtain 
C- ED —D-EC = GC: ABD — D: ABC, 
f.e. a vector in the plane of C and D. Similarly, putting [CD] = F yields 


B- FA — A-FB=B: CDA — A: CDB, s vector in the plane AB. Hence the 
825 
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product [[AB][OD]] is a vector along the line of intersection of the planes of AB 
and CD; this is also evident geometrically. . 


Ex. 10, p. 20. When A has a constant direction. 


Ez. 11, p. 20. Since ¢d§8 =0 for any closed surface, the integral over the 
curved surface is equal and opposite to the integral over the plane surface bounded 
by the curve. But this has the direction of the normal to the plane, which is also 
the direction of the binormals of the boundary curve. 


Hz. 12, p. 23. The level surfaces of the function 7(x, y, z) are spheres, so that 
the gradient has the radial direction. Proceeding by dy in the direction normal 
to the sphere, the function changes by dr = d| » | —hence the magnitude of the 
gradient is unity, and grad r represents a unit vector in the direction of y. We 
designate it by 7. 

d, 

Hz. 13, p. 23. grad f= grade = red tee eg 

Hz. 14, p. 25. For a geometric derivation choose as volume element a portion 
of the spherical shell of radii 7, r + dr, which subtends a solid angle dQ at the 
centre. Since » is radial, it is normal to the spherical surfaces and the surface 
integral becomes 


$rd§ = dQ(r + dr)’ — dQr = 3dQrdr. 


Since the contained volume is dt = dQr*dr, the limiting value becomes divy = 3. 
According to the formula, this is obtained immediately from 
Ox , Oy , Oz 
ant ay BM 

Ex. 15, p. 25. The value of the exports is equivalent to the gold import; the 
value of goods imported is equal to the gold export. The “ sources ”’ of the out- 
wardly directed stream of gold are the places where imported goods are consumed, 
and a similar statement is true for the centres of production of exported wares, 
which are “sinks ’’ for the corresponding flow of gold. The integral of the gold 
stream over the boundaries represents the balance of trade; according to Gauss’s 
Theorem, this is equal to the change of the gold supply within the country. By 
the term “ gold” we mean simply any item of credit. These considerations do 
not include payments without recompense (interest, &c.). 


Ex. 16, p. 29. If radius vectors are drawn from O to points on a curve, 
ds = dr, i.e. rds = $dr?/2 = 0, so that curly = 0. This results also by direct 
computation from dz/dy = 0, &c. : 


=. 


Ex. 17, p. 37. tgrad: t= . tgrad: b = —cv. 


Ex. 18, p. 37. If x, y, z are the co-ordinates of a point on an axis, 
Ayy® + Ayy + A492 = Ax 
g1% + Ago + Agsz = AY be e 6 © © «© & (1) 
Ag + Agey + Aggz = 22 


These equations, homogeneous in 2, y, z, are solvable only if the determinant 
vanishes; 


@,—A Ay G3 
Qo; Ao, — a Qo, == (1) * © © @ (2) 
3) As, Asa — A 
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This so-called secular equation is of third degree in 2. If one root is known, two 
of the equations (1) then give values of y/x and z/z, i.e. the directions of the prin- 
cipal axes. If we imagine the co-ordinate system placed along the principal 
axes, will give the ratio of the magnitudes of the vectors ®y and » for the axial 
directions. Since this is true for any co-ordinate system, the coefficients of the 
secular equation must be independent of the co-ordinates. Since, in the system 
of the principal axes, they contain only the a,,, which we denote by ay, an, 
@m, we have 


Ay, + Ogg + O33 = Ay + On + Om, 
By1F29 + Aye%gg + 33%, — (Ayq" + Ay5" + Ayg*) == Arty + Anam + ama, 
yj AnoQgg + AyeMyg%g1 + Ay9%q1Agq — (A4%25 + Ayoy3" + Agg%49”) = Anam 


An application of this tensor invariant appears on p. 176. 


* Ha. 19, p. 40. 


(a) For a finite volume, integration of equation (58) (p. 31) gives 
fudS = fgradudr. But grad tr = z, hence fir - dS = f ide =2V. 


(b) We determine first the projection upon ¢ of the vector v, which we seek, 
by scalar multiplication by #: 


tu = $ir-¢d8 = if ir d8 = iV. 


Divide the volume into cylinders parallel to #. The lateral surfaces contribute 
nothing, since 7d§ = 0, while the bases together yield »- ¢d8, a vector paralle} 
to #. The resultant vector is therefore parallel to 7, hence v = 2V. 


1 ; 1 : r 3r le 
Ez. 20, p. 40. A} = div grad * = div ( — 7) a= + “i gradr — 5, divr. 


i 
Now gradr = 7/r, divry =3, sothat A (>) = 0. 
Ex. 21, p. 40. Cf. p. 270. 
Ez. 22, p. 43. Cylindrical co-ordinates: 


1a 
(grad ¥), = 5%, (grad We = 54 (grad yp = 37% 


diva = OAs 4 24) Lads 
(ourl A), = = °UG22) = 1 oe 
(curl A)p = 2 542 — 
(curl Aly = 920 — Fa 
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Spatial polar co-ordinates: 


(grad 4), = 2, (grad yo = 12%, (grad Wa = aig 54 
div A= 42 (r84,) + — 5 & (ein 040) 
1 Ag 
resin @ dd 
(cur! A), = 5 a B (sin 044)) 
soa Bt se LBL nel 
+ ano age 


Ex. 22a, p. 46. The truth of (a) is already contained in the solution of Ex. 18. 
Here, in order to show the application for arbitrarily many dimensions, we call 
the co-ordinates 21, %, Z,-.-, %, instead of x, y, z. In this notation, the system 
of equations (1) appearing in the solution to Ex. 18, corresponding to the root 4») 
of the secular equation, becomes 


Ss 


YVege™ = Ma, i= 1,2,...m. . « - « (Ia) 
k 


Likewise, for any other root 2”), 


Vitam = Az, 4 =1,2,...m . . . . (2a) 
k 
Multiply the first equation by ,@) and the second by z;, perform a summation 
on each and then take the difference: : 
SD2Mage,™ = Sdz,a ey? = (AM) — AM) Sx, a,©, Pe .) 
ik ik i 


But A is assumed to be a symmetric matrix (a;, = a;,;), 50 that the double sums 
on the left are equal and the components of the “ characteristic vectors” * which 
correspond to various roots of the secular equation have the property that their 
scalar product vanishes. They are mutually orthogonal in n-dimensional space. 
Inasmuch as the equations (1) are homogeneous, they tell us only the ratios 
of the z,), e.g. the directions of the vectors. Their magnitudes are still at our 
disposal, and we may set them equal to unity (“‘ normalize” them). The 2," 


* German: Higen(vectors). 
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give the direction cosines of the co-ordinate system associated with A (in three 
dimensions, the axes of a second-degree surface) relative to an arbitrarily-chosen 
system. If these n? quantities are used to form a matrix in such manner that the 
components corresponding to a given 4) are placed in one column, then this 
matrix § will be orthogonal and the matrix §—! will be its transpose. If the com- 
ponents of any vector 7 are z;,* in the characteristic system, then the components 
in any arbitrary system are obtained, according to p. 34, by taking 


y = Sr*, 
Multiply » by matrix A, giving a transformed vector 


vy) — Ar — ASr* 


whose components are given in the arbitrary system. According to p. 34, to 
obtain from this the components in the eigensystem we must take 


vit — §-171 = S"ASr*. 


When this is calculated out, S~'AS is found to be a diagonal matrix having A), 
2@), ... as diagonal elements. This must be the case, since in the eigensystem 
we have simply z,!* = A%)z,*, 2,2* = A)z,*, ete. 


Ex. 23, p. 57. In the real form, f(é) = 1/2, 
2x/ 2z/ 
b, = of 1- cos neat dt = 0, =e f ain n cot dt 
TS) nim Miz 


2n/m 
aio 


= 2 
or Cy, = —= [cos net] Sree for n odd, 


= 0 for n even. 


Ex. 24, p. 57. By equation (25) (p. 56) the coefficient A, for the interval from 
2 to s + ds is given by 


pe) 


4,= f e-3* cos wr e~ 2ri8r daz, 
0 


where the variable of integration is denoted by z, and f(x) is understood to be 0 
for negative values of x. This yields 


ao oo 
A,= if e—ax gime—Anizs dz + if e~ at e— tw 2atas dy 


¢ 


a — (wo — 2r8) 


F a + (@ + 2r8) 


In practical cases « <, so that it is only when 2m is in the neighbourhood 
of --@ that A, assumes values appreciably different from zero. The conjugate 
complex value is obtained for A_,. As may be seen by combining the two forms 
and passing to real values, the amplitude of the vibration of frequency ¢ turns 
out to be twice the modulus of A, (or A_,). The square of the amplitude, which 
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determines the intensity in the case of light vibrations, has the following value 
when the second integral is neglected: 


| ee eee 
3s a2 -+- 4n?(v ae 8)?” 
or for v=s8, Inx = il 
a 
p a 
and hie = $ Imax, for v— 81/2 = =. 


2r 


Ex. 25, p. 61. The extreme cases are a “ figure eight ”’ closed curve for 8 = 0 
and a parabolic arc for § = 7/2. 


Ex. 26, p. 64. If the polar angle $ does not enter, 
atu, 1du_ 1 au 
lc a a i) oe 

Setting u = v(r)et, we obtain 


dy _ldv, w? 
drt ty dp + a 9% 


If we put x = rw/c, we obtain the differential equation of cylinder functions of 
zero order: 


This equation has two distinct integrals, the Bessel Function J,(x) = J,(re/c), 
which remains finite at the origin, and the Neumann Function which becomes 
logarithmically infinite there. The general solution is the sum of each multiplied 
by an arbitrary constant. Tables of these functions may be found in the Jahnke- 
Emde collection (see reference on p. 868). 


Ex. 27, p. 66. Integration of the differential equation (54) (p. 66) under the 
condition 1/V = kr yields the law of dispersion 


v 
ay k(v? — C2)" 


Ex, 28, p. 71. Of. p. 202, formula (32) et seg. 
Ex. 29, p. 74. 


22 db _{™ db a! dz 
i Pecee i 1 + S(eit + e-i#) ‘Ion, = (oa) 


Assuming e < 1, the roots of the denominator are 


I 1 1 1 
= — 2 Ne laa = ai 
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The point z, lies within the path of integration. Decomposing the denominator 
into partial fractions, 


(2 — z)(z — 2) % — % 


1 1 1 1 


1 
1 9 
2&/q—1 
(a db -_ ari 2 oo 
so that 0 l+ecosd .,. anf —2 mt 


Ex. 30, p. 78. lf F = (Fy, y’), the —o equation gives 


igeaY + 5 a oy =O 


rae by y’ and adding and subtracting the expression y’(@F/éy’), we 
obtain 


_4aF 
Sse 
from which the result follows. 
Ex. 31, p. 85. From the equation of motion 


it follows that 
dr 
dt 


Let (dv/dt)) = v, for ¢ = 0; then 


A 
Toes — ino C8 Ot +O. 


Integrating again, 
A. A 
y= — —",sinet + (v9 +) t+ ro 


It is to be noticed that in general there is also a uniform translatory motion 
superposed upon the oscillation. 


Ex. 32, p. 85. Since F = —mgh, where & is the unit vector directed vertically 
upward, we have from 


the result that the motion is independent of the mass. Integrating once, 


5 = —gkt + U9. 
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Thus the hodograph is a vertical straight line. Taking the origin at the position 
of the point when ¢ = 0, a second integration gives 


pan — 9 PR te, 


This shows that the orbit remains in the plane of & and vo. Taking this to be 
the xz-plane and calling the angle between the initial velocity and the z-axis a, 
we have 

% = Vol Cosa, 


z= vot sina —4gi?. 
Elimination of ¢ shows that the orbit is the parabola 


= ae 
z= 2 tana du) conta 
Besides 2 = 0, there is a point ¢ where the trajectory crosses the z-axis. This is 
given by 
a 89 a V9 
tang = Pn one a or 8 7 sin 2. 

This so-called range of the projectile is a maximum for « = 7/4, and has the 
same value for « = 7/4 + 6 as for a = 7/4 — B 


Ez. 33, p. 87. Motion is communicated to the coin by means of friction, 
which depends in this instance only upon the normal pressure between the sur- 
faces. The frictional force may be taken equal to umg where up. is the coefficient 
of friction. Take the x-axis in the direction of motion, the origin being at the 
rim of the glass. Assume the rear edge of the card to be at this point also. Then, 
for the coin, Pp 
T=ATUI Ss, 


where @ is the radius of the glass. If n is the velocity of the card, the rear edge 
of the card has reached the opposite rim after 7’ = 2a/v seconds. If the coin is 
to fall into the glass, it must not move farther than # = 2a in this time, so that 


=s+ — <2a 
is the condition to be satisfied. 


Ez. 34, p. 87. No work is done, hence the feeling of fatigue must be*due to 
other causes. The system is analogous to an electromagnet carrying a weight. 
No work is done—all the energy consumed appears as heat in the windings. The 
fact that energy is dissipated at all has nothing to do with supporting the weight, 
and if the windings had zero resistance no energy would have to be supplied. 


Hx. 35, p. 88. U = +kr*/2, since grad U = +-krr, = kr. 
Ez. 36, p. 89. Take the fixed axis as the z-axis. Then 
F=p(r +2) =m 


Multiplying vectorially by », 


(Py 
Au[rRk] = m an 
v[rz] m(r | 


dy 
a” 
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The projection of the directed areas on the plane normal to the #-axis is ob- 
tained by taking the &-components of the auxiliary vectors, Scalar multiplication 
by & yields Py 
0= [r aaa 
dt. 
which proves the theorem. 
Ez. 37, p. 89. If, in equation (9), p. 83, the derivatives with respect to ¢ are 
replaced by those with respect to $ according to the rule 
Lae ae eon 
dt db‘ dd’ 
a simple computation leads to 
pe eee ‘|: 
Pas? r 


For r = p/(1 — e cos) we obtain b, ee 1/1. 


Ex. 38, p. 94. In the position of equilibrium x, we have 
ey a 


Zi? or Ze ° (1) 
For a displacement 8, we have, to a first approximation, 
F, = Fi, -- as 8 | 
Re. se Se . (2) 
108 
i.e. the total force is é 
2« 108 od 
a =— 3° B ls) 
whence oe 
sis ey ° (4) 
Zo°m 


m being the mass of the particle. 


Ex. 39, p. 100. The maximum of the square of the amplitude involves the 


maximum of the function : 


hich lies at w* = a," — B*/2m’*. ” 
: On the other hand, the kinetic energy at the origin is concerned with the 
maximum of the function , 
ra) 


of the derivative +. This maximum is at w = «po. It is to be observed 
‘hee oreting system is non-conservative, for the friction dissipates energy; 
for this reason the potential energy at the points of reversal—which is propor- 
tional to the square of the amplitude—is not equal to the kinetic energy at the 
origin. The mean energy is 


Fu 5a (o,® + ©), 
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and this is a maximum if (neglecting small quantities) 


ry rs 
oy Oo? = ant — 7, dampede 
* Ex, 40, p. 103. If a quadratic term is added to the elastic restoring force —kz 
the vibration becomes unsymmetric, since changing the sign of x does not change 
that of the quadratic term, so that the force has different values at two points 
symmetric with respect to the origin. The differential equation becomes 


moe tke peat = Fooswh . 2... Ol) 


As a first approximation, we assume 
Z=acosmt+b 2. 2. 2 2 ee ee (2) 


The constant b allows for the dissymmetry. We insert this expression and de- 
termine a and b in such way as to make the constant term and the fundamental 
vibration satisfy the differential equation. Using cos* wt = $(1 + cos2mt), we 
obtain the two equations 


+ ib +dat=0, . ww ee ee OS 
and 
a( sea cee SG 2) ony Beema(4) 
mm 
For ¢ small, it follows from (3) that 
a 
beste Peer eS 


2k 


The other solution has ¢ in the denominator and so is of no consequence, since 
we consider only small correction terms. Putting the above value into equation 
(4), we obtain a cubic equation quite similar to that for the symmetric case: 


a F 
F@ + alo? — wt) + 7° = 0. er) 


This may be solved graphically in the same way, and under certain conditions has 
three real roots, so that the “skip” phenomenon occurs here also. For further 
details consult G. Duffing, Erzwungene Schwingungen bet verdnderlicher Higen- 
frequenz und thre technische Bedeutung, Sammlung Vieweg Nr. 41, 42, Braun- 
schweig (1918). 


* Bx. 41, p. 107. Let 2) be the height of the point of reversal above the lowest 
point. Then at any height z the conservation of energy gives 


i= imes,. -.. eee 
or 


= V2q(zo — 2). 


: ae 


We seek to determine ¢ as a function of z. Putting s = f(z), we have ds/dt = 
f (2) dz/dt, and we obtain 
1 _ Sf) 
dt =— —_— = ° 
V2g V2zg— 2 = 


Cote ah he Lem 
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Integrating from z = 0 to z = z, corresponds to a quarter period, so that 
AM 1 ze f'(z)dz 


4 ct V29 . 0 Vig —® e ° e . ry e e (3) 


The integral in the right member should be independent of 2). The difficulty is 
that this parameter occurs not only in the integrand but also in the upper limit. 
To remove this difficulty we set 


BS Ws s ge uo oe p 6 (EG) 
whence 


= at i) Le 
vil — gy (0) 


T sake ie Veoh (yee) dy 1p Vyzof (yz) dy 
~ 0 Vi-y V2% iE 


The result is independent of zp if 


V y2q°f' (yo) = V2 f(z) = const. =a. . . . « (6) 
Integration gives 
f() =ea=Qave «2 we ww ew we fl) 
This curve ia a cycloid, as may be shown readily: by equation (6), 
# _ sing = 2 ve; 5 f A oma ol (ES 
therefore : 
z= a?sin’ 6 = 5 (1— cos 24); 2) cent) 
= __dzcos __ 2a sin > cos* > 
oN a aT His 65 2 6 (GC) 
“Zl a 
a = 5 (2) + ain 24). 5 es, He 


(9) and (11) are the familiar parametric equations of the cycloid. This method 
of solution is given by Marcolongo (see reference, p. 869). 


Ex. 42, p. 107. Denoting the coefficient of friction by p, the condition for 
equilibrium on the horizontal plane is mv,2/e, = wmg, while on the cylindrical 
surface mg = wmv,"/p,. Elimination of y yields 


Mi " V (P1P 2)» 


Substituting the numbers, v, = 45 km./hr. 


Ez. 43, p. 110. Since the motion is such that the common centre of gravity 
ia at rest, we locate the origin there. Let m, be on the positive side, m, on the 
negative. At any instant we have 


MX, + Mee = 0, - - 2 ee tee (1) 
and Wye — Mm HOtm 2s ee er es (2) 


The equation of motion for m, is 


m, 228 + ep — my —a)= 0 es + 08) 
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Eliminating x, by using equation (1), we obtain 
[f, now, we put 


we obtain the ordinary equation of vibration 


d*x, 


k 
ae hy oe a) chet oie (6 uletenEe: 6 (6) 


Mz 


but with a constant term which gives the rest position of m,, since a particular 
integral ia 


of eat a.. - - --» 8 
ma itty my + my” Ce 

The general integral is 
2 = 2,(% + A sin(wot — 8), oat so om (8) 


. Thus, in place of the mass m we have the ‘‘ reduced mass” u.. 


Ex. 44, p. 113. Since the kinetic energy of rotation about an axis is given by 
3m, a? $%, 
where d; is the distance of m,; from the axis, the first quantity to be computed 


is the moment of inertia J = Xm,d,? for the sphere. In spherical co-ordinates, 
d =rsin6, so that 


or pT 2x o 
=| LS aso ae 
0 J0 0 


5-3 5 
and r 
eTieat = Mr $3; eile eluates! le =, (2) 
also, 
ds\® 
Terone = 4 (F We 
For rolling without slipping, we have the relation 
da=ndo; . . 62. 1 es s 
then, by the conservation of energy, 


T = (3M + 4M) (4) = Mgosing, <0 ete) 
and so (f) = gs sina. eee, eee 


If the body were to slide without rotation, the factor would be 2 in place of 10/7. 


Ex. 45, p. 113. Designating the velocities before impact by w, after impact 
by v, we have for elastic collision 


MU, + Meu, = Mv, + m,v, (Conservation of Linear Momentum) (1) 


mu? + mzu,* = myv,* + mv," (Conservation of Energy) . (2) 
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from which it follows that 


(my, — Mp)¥y + iste on (mM, — my), + 2myty (3) 


y1= 
m, + m, m, + m, 


For inelastic impact, the energy equation is 


Muy? + meu? = myyv,2 + mv +e; 6 6 6 2 @ (2’) 


then ire be 
ty + Py — (u, — 44)? (+ +) 
a es 
14% 
Me 
: - wee et (on) 
Ms _eee (2 
ae te) 
1423 
Mm 


Ex. 46, p. 121. We have 
ds* = R*(d§? + sin*6d$*), 


hence T= sn (62 + sin?@ 4%), 


and the Lagrange equations for conservative forces become 


mR) — mR sin@ cos 0 4 + 6° = 0. 
: Fe ‘ eee GI) 
mR? sin? 6 d + 2mR? sin 8 cos 6 06 + a 


Er. 47, p. 145. The line of action for each force and for the resultant RB is in 
the vertical direction. The force polygon degenerates into a single vertical line 
of length R. From an arbitrary pole O draw lines to the ends of this line. These 
correspond to the segments F),; and Fy, in fig. 5, p. 146. Through any point on 
BR draw lines parallel to Fy: and F,,o, cutting the verticals drawn through the 
ends of the beam at points A and B. Through O draw a line parallel to AB cut- 
ting R in the ratio of the load forces. If there are several loads, first find their 
resultant and then proceed as above. 


Ex. 48, p. 151. On account of symmetry, the principal axes of inertia are 
tines through the centre of gravity parallel to the edges of the cube. The moment 
of inertia is the same about each of these axes, so that the ellipsoid of inertia is 
a sphere; hence the moment of inertia about any axis through the centre of 
gravity has the same value. This means that the moment of inertia which we 
seek is equal to that about the z-axis, or 


2 [2 al2 Ma? 
I=pe Hl foe il (a? + y?) da dy dz = “7 
-a/2 J-a/2 J-a/2 


Ex. 49, p. 151. If I, is the moment of inertia about the parallel axis through 
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the centre of gravity, comparison of the ii of the simple pendulum with that 
of the compound pendulum yields 


This is a quadratic equation for s, for a fixed value of J. The sum of the roots is 
8, + 8, = 1. 


Ex. 60, p. 151. The period of a compound pendulum whose centre of gravity 
is at a distance s from the point of suspension is 


T =2n Na Me, 
Msg 


where I is the moment of inertia about the axis through the centre of gravity 
and M is the mass. Putting [/M = a, we have 


whence ee = (1-4) Ae 
8 


This expression vanishes when a/s? = 1, i.e. when J = Ms?. Comparing the 
value 
JM == Dee sf al 
] 


for this case with the formula for the simple pendulum 


TP = onal 
9 


we see that the equivalent length 7 must equal 2s. 


Ex. 61, p. 151. . 
T=toTl+4M% . 2... - (2) 


I=afM,+a3M, ........ (2) 


where a, and a, are the respective distances of M, and M, from the centre of 
gravity. Then 


_ M Ma 
a eee,” a ee a 
so that i= nea, oa a er 
where co dss 
u MM, NM, 


Ez. 52, p. 160, According to fig. 8, p. 156, the angle between % and 2’ is equal 
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to (6 — 8). Then, from the magnitudes of the product vectors of equation (54), 
p. 160, we have mga sind = Pw sin(} — 8). Solved for 5, this is 
sin ¢ 
mga ’ 
=— + cos 
Po = \ 


tan § = 


* Hz. 53, p. 160. The deviation of projectiles is a very complicated problem. 
It is treated in detail by O. v. Eberhard in Auerbach-Hort, Handbuch der physik- 
alischen und technischen Mechanik, Vol. 2. The principal effects are due to gyro- 
scopic action. For projectiles of usual form, the effect of the air resistance is to 
raise the front of the shell, i.e. there is a torque about a horizontal axis normal to 
the axis of the projectile. Since the axis of symmetry is the principal axis of 
inertia in this case, we see from the relation 


dP dP 
@7 @ tle 


that the change in P, and hence the change in the position of the axis in space, 
has the direction of the horizontal axis normal to the axis of the body. For 
right-handed spin, the deviation is toward the right when looking in the direction 
of advance of the projectile. At this stage the projectile is inclined to the trajec- 
tory and the forces exerted on it by its motion through the air make it veer to 
the right. However, after half a precessional cycle the body is inclined toward 
the left. It is often stated that the precession is so slow that the projectile has 
reached its goal before half a precession cycle is completed. This is not true. 
Actually the path of the tip of the projectile is not a circle; because of the changing 
inclination of its axis and the resulting shift in the point of application of the 
air resistance force, the point describes a type of cycloid which is always to the 
right of the tangent to the trajectory. The purely hydrodynamic Magnus Effect 
(p. 211) operates in the contrary direction, but is small compared with the gyro- 
scopic effect. 


Ar v¥a— vr 


Ex. 64, p. 167. ; ae : 
7A Ou a? , 4 (du , dv\ zy 
Via [lt oe +E + ae) aw ...], 
go that 
Ar du ou , Ov Ov ov ow 
an + Fhe a e) 1 Xe A il +4(2 a5 a) Onhs 
7] 
+ Pas ti(Zt x) gy: 


Ez. 55, p. 179. The moment of inertia of the cross-section is 
Uz 
I= in “i 3 sin? 6 drdb = 7 (r,4 — r;‘). 
™% JO 


The depression of the middle is then given by equation (65) (p. 178): 


Qa* 


= 12x (r,¢ — 13) H 
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Ex. 56, p. 179, Take the origin at the uppermost point of the surface. At this 
point we have 


az 1 i 

— = ° . e . e ° ° . . ° ° . 1 
- - (1) 
ez ] rod 

ay 5 
Oz Oz 

ery z=0. , cane ac) 


Integrating equations (1) and (2), and using equation (3) yields the equation of 
the surface: 1 

— == 2 

= A oy"). fees Go erties: (3) 


The contour lines z = const. are hyperbolas whose asymptotes form an angle « 
with the x-axis. This angle is given by 


CN a de a a 


Ez. 57, p. 180. Of an elementary hollow cylinder of radii r and 7 + dr, con- 
_ sider an element included between the polar angles @ and @ + d@. In the process 
of torsion, the upper face of this element is displaced a distance r@ with respect 
to the lower face, which is at a distance / from it. Then, by p. 173, there will 
be a restoring force of amount d*/ = Srdrd6rd/l, whose moment is d?M@ = 
rd°F = Sr°odrd6/l. Integrating over the entire ring, we have dM = 2xSr*dr d/l, 
and integrating over all layers fromr = 0 tor =a yields M = (nSa*/2l)h = td. 
t is called the moment of torsion of the wire. 


Hz. 58, p. 190. Since z must vanish at the boundary at all times, the par- 
ticular integral is of the form 


Mne . Ney : 
2 = Cmy sin —— sin = 7 Pe (1) 


The differential equation is satisfied if 


ga ae es 


where 0 is the density of the material of which the membrane is made. Equation 
(2) thus gives the possible natural frequencies. As in the case of the string, we 
write the solution, which must satisfy the initial conditions, as the sum {in this 
case, double sum) of particular integrals: 


_ ME , nT 
2= =m En Ann sin —— sin a COS 27 Vymnt 
0 


Gey & . mre . ney , 
+ . i Bos sin —— sin =~ SIN 2TVymt. . - - « (3) 
The coefficients A,,,, are obtained by the method given in the text: 
4 fa rb mrn . 
Ann = a f. ff Soles y) sin ™ cin dz dy 


Ban = snap ff fee ¥) sin = sin" ae dy, 
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where f,(x, y) represents the initial form of the membrane, and f,‘(x, y) gives the 
initial distribution of velocities. 


Ex. 59, p. 194, The force acting on an element of surface d§ whose normal 
is directed outward is dF = —pd§. The minus sign is due to our convention 
regarding the sign of p. The resultant is 


=— $pd8S=—fgradpdr . . ~~~ + (I) 
If pg is the vector gravitational force acting on 1 cm.*, we have by equation (1a) 
(p. 192), 
F=—JSpgdt=—gfpdr . .-. + = (2) 
Ex. 60, p. 197, Take the z-axis vertically downward. If the cross-section of 
the vessel is large and the orifice small, the flow may be considered stationary. 


Since the only velocity component is one in the direction of the z-axis, we have 
by equation (10a) (p. 196), 


fg eae 
v a =9 0 a? e eee © e & « (1) 
whence, by integration, = = gz =s 0 iansen ouusuia nee emnte? 


According to our conditions, we may take vy = 0 in the vessel itself and may 
assume that p is equal to the hydrostatic pressure pgz. Then C=0. Atz=h, 
i.e. at the orifice, p vanishes, so that 


Us = V2gh. 


This is Torricelli’s Theorem, according to which the fluid emerges with a velocity 
equal to that which it would attain by free fall through a distance h. 


Ex. 61, p. 197. Taking the z-axis in the direction of flow, we have 


"Ge op dx ef © © © @ @ 


P = za 7- eee ee e® © @ ¢ 2) 
and hay ( 
dv = py 1 dp 
Hence © dz = Sa 1 Pp dx’ ° ° e e ° L) e s (3) 
v 
Integrating, 3 ease log p + C. oe ee @® @ @ (4) 


We may set v = 0 within the vessel; this determines 


c=h log p;- 
P1 


Then the velocity of efflux becomes 


v0? _ PrIJXo Pi aoe Uk oe ‘ek lhe CO (5) 
2 P1 CP 


For another gas under the same conditions of pressure, 


Vo” _ P1 Jog 21, Ss 6... one) Nemmteen (Do) 
2 py Pe 
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This relation is used to determine the density of a gas in the instrument known 
as Bunsen’s Effusometer. 


Hence e 68 e e e e . e e (6) 


Ez. 62, p. 213. For the case of water the difference between adiabatic and 
isothermal compressibility may be ignored. We thus have 


e=ep(l+xp)=p(l+a), . 2... (I) 
or grad p = + grad, “eGo So 8 (24) 


whence, as in the text, we obtain the wave equation 


so that o= v=" 


To obtain v in cm./sec. we must convert x to (dynes/em.?)-1, We have x= 
60/(1:013 x 101%), hence 
v = 1423 m./sec. 


The two compressibilities differ considerably for some liquids. For example, 
ethyl bromide has c,/c, = 1-87. 


* Ha. 63,.p. 227. We start from equation (115) (p. 226). For the case of 
rotational symmetry, this equation becomes, after putting ® = gz, 
dz 


ad "ar 


‘—- eo 8 © e © (1) 
+(z) 


(the negative sign is to be taken for a concave surface). If z is measured from the 
surface of the liquid in a large vessel, 4 must be zero, since dz/dr and d®z/dr® 
vanish. Remembering that the height of rise will be large compared with the 
dimensions of the meniscus, we may, approximately, take 


2c eee ee ww es 2) 


and neglect § in comparison with z). Then 


a 
ad "or 
r dr f+) —TRGeo «© « © « « »& « (3) 
=F ) 
Since d¢/dr = 0 for 1 = 0, integration yields 
us 
dr egzor 
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The expression on the left is the value of cos@ for r = 1); in the present case, then, 
(cos 8 = 1), Qa 


z= > 
o 997 


5 o o (&) 


where 2, is the mean height of the column. The same result is obtained more 
simply by noting that, since the liquid wets the tube completely, the surface 
film supports the weight of the ascended liquid. The total upward force at the 
film boundary is 2nroa, while the gravitational force on the liquid in the tube 
is rer,2g. Setting these quantities equal, we obtain (5). 


Ez. 64, p. 227. The pressure is the same on both sides of a film, hence we may 
set p = 0 in equation (110) (p. 224). But the resulting equation, 


A tape 


defines a family of minimal surfaces, i.e. surfaces having the smallest area for 
a given boundary curve. The rotational surface of this family, which is sought 
here, is the catenoid—a surface obtained by rotating the catenary y = cosh « 
about the x-axis. 


* Hx. 65, p. 235. According to the results of p. 106, a pendulum swinging with 
small amplitude behaves like an oscillator with a “ quasi-elastic binding con- 
stant” &k = mg/l. By equation (18’) (p. 234) the equations of motion are 


da dy’ 
m aq + ke! = 2me sin > ar (1) 
dy’ a de 

and ig tke — 2menin ‘dt’ e es @ ° ° . (2) 


which may be combined into one equation for the complex variable (x’ + ty’): 
a pm: | an gee Seely core 
mitt ha + iy’) = —2iw sind = (x +- ty’). - (3) 


Introduce a system of co-ordinates which turns with respect to the 2’, y’ system 
with the angular velocity w sind in a sense opposite to the rotation of the earth. 
Then we have 


a’ + iy’ = (E/ + tr/)e~twsin de 
AC + iy’) = e~twsin $f - (6 + tn’) — gw sin >(&’ + “y/)e-twsin of, 


3 sala a ——" seaccoaeith ; 
& (a! + iy’) == e~iwsin gt a (& + in’) — 21a sin pe~twsin $¢ at (&! + tx’) 
—a? sin? o(&’ + in’) e-iw sin $t, e e ® e e ° (4) 
Neglecting «?, " F 
ap (© ee) te (S +inf)=0. 2. 6 « © » (5) 
Thus the ordinary pendulum equation obtains in the rotating system. This 
means that the plane of vibration of the pendulum, seen by an observer at rest 
with respect to the earth, appears to turn from east to west with the angular 
velocity w sind. 
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Ex. 66, p. 235. If the fundamental equation (7), p. 110, is resolved into 
components along the system of principal axes of inertia fixed in the body, it 
must be remembered that 


dP d,P dw _ d,w 
aa Tt lel and a ea 
However, in this system Py = Thay, Py = Inwy, Py = Imo’, so that 
: oe 
My = 1, S* — (In — Imn)ay oy, 


My = In 9% — Um — h)wy wg, 


d “2 
My =I a — (ly — In)oy wy. 


These are known as the Euler equations. If M = 0 they are satisfied if 
@x’ = const., ay = @,' = 0, 
or ®,’ = const., @' = wz = 0, 


or 2’ = const., wy = ax = 0; 


that is, in the absence of any torque a rigid body can continue to rotate about 
one of the principal axes. Stability considerations show that rotation about 
either the axis of greatest or of least inertia will be stable, while that about the 
middle one will be unstable. 


a. 67, p. 258, The energy radiated in one year is 
4m X (150)? x 10% x 2 x 4:19 x 10” x 60 x 24 x 365 ergs; 


dividing by c? = 9 x 10° cm.?/sec.*, the decrease in mass is determined to be 
138 x 10" metric tons per year. 


_ Ex. 68, p. 269. No, for a field of this kind is not irrotational; of. fig. 19, p. 26. 
Ex. 69, p. 269. 
o = —2-65 X 10~* .8.u. = —8-83 x 10-4 coul./om.? 
p = 1:32 x 10% e.s.u. = 4-40 x 1079 coul./om.® 


Ex. 70, p. 269. Graphical differentiation of the curve yields —E; a second 
differentiation furnishes the value of —4xp. The differentiation is most simply 
performed with the aid of a mirror rule, which may be set very accurately per- 
pendicular to the curve simply by observing when the reflection is a smooth 
continuation of the curve itself. The angle which the rule makes with the y-axis 
is equal to the slope of the tangent. 


Ex, 71, p. 276. If the two plates are a distance d apart and if they have a 
difference of potential V, the uniform field between them will be of strength 
V/d. Apart from the slight non-uniformity at the edges, the external field is | 
everywhere zero. This may be looked upon as the mutual cancellation of the 
oppositely directed lines of force from the two plates. Between the plates, on 
the other hand, the number of lines is doubled. According to the footnote on 
p. 266, the force exerted by one charged plate on the other is thus given by 
F = Ve/2d, and since C = e/V = 8/4nd, we have F = 2ne*/S or F = V28/8rd*. 
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Ex. 72, p. 276. Since the situation is independent of the polar angle and of 
the z-co-ordinate, we have, in cylindrical co-ordinates, 


_@V , dv _ 
AV= aa cae e e e e . e ° (1) 
The solution is V =Alogr+ B, es «cee ae eee (2) 
whence V, =A loga + B, V»=Alogh+B,.-.,.- - (3) 
from which it follows for Vp = 0 that 
log; 
i ae Se | 
log 5 
The field is then given by 
me See Ege a eo 8) 
log ¢ ‘ : lege 
b a 
and the charge e per unit length by 
GEds = 4ne = Ease eee « = © @ (6) 
a log — 
Thus the capacity is 
o-—,. 
2 log 


The solution for the parallel plate condenser is 


4 8 
V=Az+B, E=7 hence C = 7 > < eee) 


The distortion of the field at the edges is neglected. 


Ex. 73, p. 276. Call the radius of the sphere a and let the image point—whose 
charge is —e’—be a distance R’ from the centre of the sphere. Then 


e 
Ve o 6 « « © « Sem sare (1) 


The value of V must be zero on the sphere, i.e. 


Introducing the angle 6 between a tadius of the sphere and the line joining the 
external charge and the centre, we have 

Re+ a 2a cos 8 
a ft = R44 gt — 2aR’ cos8 _ FF’ R’ 


Eh ibaa Eins ieee ae e e 3 
R? + a® — 2aR cos8 B p45 — 200080 - 
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This relation must hold for every angle 6; this is true if 


Re’ 
= es 


which determines the position and charge of the image. 


* Hx. 74, p. 276. Taking the origin of co-ordinates at the point under con- 
sideration, the power series development of V at this point is 


V = Vo + ax + agy + gz + A442" + Aggy? + dg32? 
+ 2a,ry + 2a.syz + 2ag,za+.... ceeeo 6 (0) 


The product terms may always be made to vanish by rotating the axes; in this 
system we have 


V = Vo + bya + boy + baz + B12? + Booy® + bggz? +... . « (2) 
The components of field strength are given by 


“C= See. 


_ These all vanish at the singular point. In place of the equation of the tangent 
plane at an ordinary point, we have here the equation of the tangent cone 


648% + boon? + bs3G3 = 0, 


where &, », § are the running co-ordinates. The nature of the singularity depends 
upon whether the cone is real or imaginary. Now the potential equation 


AV = 2(by, + bee + 53) = 0, ie. bss = —(by, + oe) 


always obtains. This guarantees the reality of the cone and the only possible 
singularity is of the nature of a conical point (corresponding to a real double 
point in plane geometry). For the case of rotational symmetry the angle of this 
cone is determined. If b,, = 6,,, we have b,, = —2b,,, and the half-angle of 
the cone is given by 

tana = V2, 


This condition must be satisfied for the tangents to the potential curves in the 
meridional section at the “ abaric point”, e.g. between the earth and the moon 
or between two point charges. 


Ex. 75, p. 284. The case of a uniformly polarized sphere was treated in the 
text. The result was an additional field —4nP/3 due to the free charges en the 
surface of the sphere. In the present instance the homogeneous polarization is 
present outside the sphere, hence div P has the opposite sign, and so the free 
surface charges are equal and opposite to those arising in the case of the uniform] y 
polarized sphere. Thus their field is given by 


B= +— 


Kz. 76, p. 284. At any point, D, = e/r®; moreover, for 


APPENDIX 847 


‘ e 1 1 e/fl 1 
i.e. cat = a — *-(- — . ae 
aa je Ke ae )* 
and since Ce ee... 
Ve—Ve 

1 1 1 1;sl 1 
we have = = oe 

C Ka Ke a ia x) 


Ex. 77, p. 284. We give the image a charge —e’. For the external space we 
may set 


nett 


without contradicting the relation ¢EdS = 4ne, since e’ is not in this region, 
and a closed surface in this space does not enclose the charge —e’, which is really 
non-existent. But within the dielectric we must put 


fe 


e 
v,= cy 

The quantities e’ and e” are at our disposal for satisfying the boundary con- 
ditions. 

The prescribed discontinuity of the normal component yields e + e’ — e” = 0. 
The continuity of the tangential component is certainly satisfied if Vy = V2 
at all points on the surface of separation, for if we form the derivative dV /és 
along this surface, it will have the same value on both sides if Vy = Vg. This 


‘Se 


relation furnishes the second equation connecting e’ and e”’: 


whence e=e 


Ex. 78, p. 286. The force acting on the charge —e is —eE, that on the charge 
+ e is e(E + ds grad: E); hence the force acting on the dipole is 


F = grad: E. 


Ex. 79, p. 290. The density of surface charge is 
pat a OWN a) 
a 8 J 

and the energy is 


U =f (VY, — Vs)ods = 40(V1 — VaY 
or, denoting the potential difference by V, 
U =3CV*. 


If the charge is held constant, V’ = V/K, C’ = KC and U’ = U/K, so that 
U'—-U=} G _ 1) Cyi= 4 -, V2, for a parallel-plate condenser. 


Now (1 — K)/4n = —%, Vid= |E,|, V/K¢= |E|, S@=7, in conformity with 
(40), is proved. If the potential difference ia held constant, U’ = KU. 
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Hz. 80, p. 290. The value of the potential inside the sphere as given by 
equ. (25), p. 272, must be inserted in (31’), p. 287, and integrated from 0 to a. 


One then obtains . 167*p'a>_ 3 2 


where e is the total charge. 


Ez. 81, p. 292. Call the distance between the plates z, and measure z from the 
level of the lower plate, which is fixed in position. Then, if z’ is the height of the 
counterweight, 


S 2 
U = Va + Vann = BSE + ge. a 


For equilibrium and for a constant charge (in this case only is the total energy 
given by (1)), i.e. for 


KSV KS KS dV 
Fag Const, OP egal Ohi ae Oy a (2) 
KSy3 
we have 0 = 0 =e d2-+-mgdz, . . 2. ~ © (8) 
Since 82’ = —8z, we have, for z =a: 
KSV* 
n= Bxga® Gnnie:) s.*, » (w. Jomic een ine (4) 


It appears strange that K occurs in the numerator, while the force of attraction 
between given charges diminished to 1/K times its former value when a medium 
of dielectric constant replaces one whose value is unity. In this case, however, 
it is not the charge but the potential difference which is held constant. Cf, also 
Exercises 71 and 79. 5 


Hx. 82, p. 295. If a quantity of electricity de is removed from the condenser 
in a time dt its potential difference changes by 


By Ohm’s Law, 
Combining, oe 


Integrated, this gives 
log V = — ae + log Vg or V=Vye-CR, . . , (4) 
Hence 


=: — ¢-t/CR, (5) 


e e . ° . . . ° 


Ez. 83, p. 295. As in the preceding problem, the process of charging the 
condenser is found to proceed according to the equation 


V=V,(l—e-#CR, » . 1) 
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For t= T we must have V = ¥,; hence the time of charging—which, for in- 
hy eel discharge, must be equal to the period of the pulsating current—is 
given by 


V 
T = R&C +. 
eT, 


Er. 84, p. 300. A uniformly magnetized sphere may be replaced by a mag: 
netic doublet at its centre. Its potential is 


mr 
ae he e e e e ° . . e ° (1) 
From this, 
H=—erndV =—% +5 mr ee. ee 
whence 
m sin dm sin 2m sin 
pc ing Z $ _ many See) 
=. . ° ° s . e e e . (4) 
vag 
7 all ° e e . . ° e e ° e ° (5) 


Ez. 85, p. 300. It follows from 


$ Hds = te = 0-4rI (J in amperes), 


that a current whose density is 3-9 x 10-¥ amp/cm.? flows into the surface of 
the earth from above. This current is many times the normal atmospheric cur- 
rent, and no adequate explanation of its presence has yet been given. Moreover, 
the reality of the vortical part of the earth’s field is doubted. 


Ex. 86, p. 305. From considerations of symmetry it follows that the magnetic 
lines of force are circles whose centres lie on the axis of the cylinder and whose 
planes are normal to this axis. It follows from 


¢ Have 27 
C 
that, for a constant current density i inside, 
2a . 
bee et ice 
c ¢C 
outside, ne = 
2 Ppa, . 
one = ARH ie, Hy = HK, 
c rc re 


where r is the distance of the field point from the axis of symmetry. 


Ex. 87, p. 310. If the coil has N turns, each of cross-section 9, the torque 
acting on it in its normal position in a field H when a current J flows is, by equa- 
tion (29’) (p. 309), 


fief NSH 
NSH! = qd, (¢ = =) . 8 e . ee (1) 
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The equation of motion of the coil whose moment of inertia is J and whose 
damping constant is 7 is 


Jo+ro+ro=ql ........ (2) 


where t is the moment of torsion of the suspension. Under the assumption that 
$ does not depart appreciably from zero while the current impulse is applied, 
equation (2) may be integrated, giving 


Jo=af 1a, oe . eM 


Thus the angular velocity is proportional to the total quantity of electricity 
which flows. We then have this value of the initial velocity in the equation 


Jo+ro+7o=0 ......2.. (3) 


of the free, damped vibration of the coil. The solution, which yields = 0 for 
t=0 is 


Vv me 
= Ae-(rie) cin( =" 2). rere 
For t = 0 we must have 


me 4 
Oy mes 


2ge 


ie. A = ————., 
ps V4etJ — r2 


The first maximum deflection will be reached at a time t,, determined by 


__ tf . vad — 2 V4eJ — Pr Vat — 
C= a7 82 aah ace bm + oy ae OO as ie (6) 
or 
V4tJ — r2 V4tJ —-r? vy 
tan Oy toe = ae . . e . e (6 ) 


For the usual case of weak damping, r< 4tJ, and the right member may be 
set approximately equal to tanz/2, and we have 


Td 


‘n= gees ee ee (7) 
whence bmax = yg oY, eo) oe (SS) 


It should be noticed that the damping constant r is determined largely by the 
induced current resulting from the motion of the coil (cf. Hx. 88). The “ gal- 
vanometer constant” C, the number by which the observed deflection must be 
multiplied to give the current or quantity of charge, is usually stated. Neglecting 
the damping, the ballistic constant C, is, by the last equation, VzJ /q, while 
the constant for steady current, Ca t/q, by equation (1). The two constants 
are related approximately by C, = CyVJ/+ =*C,1'/2x, where 7’ is the period of 
swing. 

Ex. 88, p. 313. In turning away from the rest position, in which the normal 
to the plane of the coil is perpendicular to H, the change in flux in a medium of 
permeability 1 is given by a@/at = NSH 6. Hence the induced voltage is 
V; = —NSH}$/e = —q% and the induced current is I, = —q/R. The torque 
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acting on the current-carrying coil amounts to M = qI, = — 24/R. The damping 
constant r in Exercise 87 thus has the value q*/R. 


Ex. 89, p. 316. Cf. p. 664 et seq. 


* Ex. 90, p. 316. 
(a) We have 


a Lf faim cosh _ fax? _ a, cosddd ; 
c* T1. ce 0 Va, + a? — 2a,a, cosd + 2% 


In our case the angle between ds, and ds, is equal to the polar angle 9. 

Maxwell succeeded in referring this integral back to tabulated elliptic integrals. 
The formule for this conversion may be found in Gratz’s Handbuch der Elek- 
trizitdt und des Magnetismus, Bd. V, p. 55. We confine our considerations to two 
circles of almost equal size whose distance apart z is small. Introducing the 
largest and smallest distances 

pi= 2+ (a, — a.) and @ = 2 + (a, + ay)" 

we have 


g? — pt = 4044, Ty" = p® + (y° — p*) sin? a 


so that the integral becomes 


4 
Lay =H. Pity. f° — EE > EL, 
© apt + (¢ — B*) sin* 5 
Since, according to our assumptions, g >p, we can neglect p as compared 
with g for larger values of the angle >. This is not allowable when 9 is small, 


since g* is multiplied by sin?}/2. We thus divide the range of the integral into 
two parts—one for small values of (0 to a), the other for large values (a to 7): 


_ nH (1 — 2 sin? db 
: 0 cae > 


a g sin 9 


7 2ax® _ jog % — ) = jog 9 
a eae log] 2 7 (log . VF 
or, since z< 4,, 2a,/g~ 1, 


8 
a —— a) 
Ly (a 47M (log wma, a — 2" 


'This formula was given by Maxwell. 
(b) On account of the expression 


sal 
8x H?dt 


the electromagnetic field energy is & positive definite quantity. If we use the 
quadratic form of equation (13) (p. 316), its discriminant must always be positive, 


i.e. 
L nl 22 = L 12" 
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The result may be seen physically by considering the flux which a given coil 
causes to pass through itself and through the other coil. The most favourable 
ease, e.g. when both coils are wound upon the same iron core, gives Lyle, = 14,3. 


Gx. 91, p. 319. The familiar relation for resistances connected in parallel, viz. 
1 1 1 


R-R, +R, 
holds also for complex resistances, i.e. reactances in the complex plane; hence 
1 1 


Thus for « = 1/V IC (resonance) we have R = , 


Hz. 92, p. 319. Since with increasing field the permeability of iron y=|B| /B| 
decreases, the self-induction of an iron-cored coil will also decrease with increasing 
current. Hence the natural frequency of the circuit increases as the current 
grows. The details are given by Schunk and Zenneck, Jahrbuch der drahtlosen 
Telegraphie, 19, p. 170 (1922). 


Ex. 93, p. 332. From § = c{EH]/4z it follows that the mean energy flux in 
® vacuum (| BE | =| H)) is 
_ © we 2X 419 x 107 
‘a a 
whence 


| =| - 107? e.8.u. = 10 volts/om. 


ae tw X 4:19 
3 2 


* Ex. 94, 342. Both terms of equation (43) (p. 337) must be taken into account 
in the transitional region, so that 


H = [p oY pletott— rle+ 3), oo e@ e e e@ @ « ( 1 ) 
where 


8 => i tan-1 (- =). 
ra) or 
Hence the phase angle is 


1 s 
(47) =o (t—7— 2 tant 2), ia Cee 


The wave velocity is that of an observer +, who moves in such way that ¢ = const. 
Thus, by differentiation, we obtain 


r 1 cr 
iia oe ee e he ‘. ‘oles (3) 
+ oma 
Or 
r= on > @ * ° ° e e ° (4) 
il 
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Ex. 95, p. 354. We have 8 = 45°, 6” = 28° 7-5’, I, = 0-046 Io, I, = 0-0042 Io, 
whence P = 83 per cent. 


Ex. 96, p. 354. We perform the calculation for normal incidence; the pro- 


cedure is entirely similar for oblique incidence. In a vacuum, | H| =| E|, in 
the dielectric | H| =| E|. Also 
—1 2 
p’| =” ei 
vee n+1 ars n+1 e 


so that we have (to a common factor) 


= ‘j= (223) |= (2 )'nes 
18|=E% [8'| eo EY, | 8”|= a 
from which we see that § = S;+ 8”. It is to be noticed that this balance is not 
obtained by simply setting | S| proportional to A? in each medium, since the 
factor of proportionality contains n. 
3 cos0Vsin?6 — nt 
Ez. 97, p. 356. tan —"" 
n signifies the index of refraction for the ray emerging from the medium into air, 
i.e. n <1; if we put n = 1/n’, n’ is the usual index of refraction of the material. 


We seek the smallest value of n’ for which tan(3/2) can still be equal to unity. 
This extremal problem for n = f (sin®) then yields the equation 


is 
cos? 6 l-—2 


must equal unity. In this formula 


n? = sin? 0 — 


which is an extremum for n’ = 2-41. 
For two reflections 


cos6V sin? 6 — n? 


$ T > 
fo ee V2 —1= an®6 . 


For n = 2/3, this gives the two angles 
6, = 50°20’ and 6, = 53° 10’. 


* Hx. 98, p. 375. It follows from considerations of symmetry that the curves 
of equal difference of phase are circles. The position of the planes of vibration 
within the crystal may be found as follows. The wave surface corresponding to 
the ordinary ray is a sphere, and the same is true of the normal surface; hence 
in equation (26) of the text (p. 365) we put v1 = Ym for a uniaxial crystal. If we 
take the z-axis along the optic axis, we have D, = 0 for v = tp, i.e. D is normal 
to the axis. But since we always have » = vm for the ordinary ray, the plane of 
D is always normal to the axis. In addition, D is in a plane which is normal to #, 
ie. it is determined by the line of intersection of a plane perpendicular to ” and 
one perpendicular to the axis. Thus, for all incident rays corresponding to a 
given plane of incidence, D is in the same direction, viz. normal to the plane of 
incidence. Now, if the plane of incidence is normal to the direction of trans- 
mission of the first Nicol prism, only the ordinary ray will be present in the crystal; 
if the incident plane is parallel to the direction of transmission, the ordinary ray 
will be absent. Hence the isogyre is a right-angled cross. 


Er. 99, p. 390. If the index diagram be drawn as in fig. 4, p. 383, which cor- 
responds eee case, the amplitude of the direct image will be 4/2, where A 
is the amplitude of the incident light. The amplitude of the first order diffraction 
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pattern will be A/m; the orders 2, 4,...2n yield zero, since in these instances 
the vector diagram is closed for any grating space. The third order, on the other 
hand, yields A/3m—in general, the odd orders have amplitudes A/(2n + 1)r. 
The corresponding intensities are 
A? pile A? A 
f= hae t= gv +++ tee @, aaa 

The combined intensity of the direct image and the diffraction patterns on both 
sides is 


Aly ezAs 1, 1 1 ange (| gee Be 
eg ee (+ os) =F 
Since the intensity of the incident light is given by A?, and since half the energy 
is absorbed, the energy balance is maintained. Thus all the diffraction patterns 

together have the same intensity as the direct image. 


Ex. 100, p. 390. The distance 6b between the slits is large compared with the 
slit width a; as a result, the diffraction pattern of the single slit is crossed by 
maxima and minima whose separation is given by (« — a,)b = ,A. For normal 
incidence, « = h,A/b; for almost normal incidence, «’ = h,A/b +e. The best 
visibility of the fringes is obtained for 


aa’, ee wee or bye 

b b € 

If b is changed, two adjoining distances for which the best visibility is obtained 
are separated by Ab = /e. This relation is of use in measuring the distance 
between two stars which are close together and in measuring stellar diameters. 
In the latter case = is approximately the angular distance between the centres 
of gravity of the two halves of the stellar disc. “ 


Hz. 101, p. 390. From equation (30) (p. 387) it follows that 
ni” VERMA. 
sin 5 = 506 A, + H,** + H,*. 
We limit our considerations to the reflected rays which are normal to the axis 
of rotation; for these H,* = 0. Then for 


H,* 4H,* 


m 0/2 Hy, H,* m 06/2 

1 0 1. 14°20 1 1 21 20°20 
1 0 2 29°30’ 1 14% 2 44°10* 
1 0 8 47°40 2 2 1. 33°20 

1 0 4. 80°00’ 


The ray reflected from the plane H,* = 2, H,* = 0 coincides with the second order 
reflection from the plane H,* = 1, H,* =0. Similarly, the angles resulting by 


interchanging H,* and H,* coincide with those already contained in the above 
list, and so are not set down separately. 


Ex. 102, p. 403. It follows from y’ = f tana that the diameter of the image 
is 1-74 cm. 


Ez. 103, p. 403. Let the plane in question cut the axis at P and the principal 
plane on the object side in the line G. The point P has a corresponding image 
point P’ related to it by the image equation, while to G there corresponds a parallel] 
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line G’ in the principal plane on the image side. G’ and P then determine the 
image plane required. 


Ex. 104, p. 409. Project the incident and refracted rays on the given plane 
and describe a unit sphere about the intersection. The normal to the incident 
surface, the rays themselves and their projections on each side of the refracting 
plane define a right spherical triangle. Calling the angle of incidence «, the angle 
of refraction «’’, the corresponding angles with respect to the given plane 6 and 
6”, and the angle between the given plane and the plane of incidence 6, the 
sine law of spherical trigonometry yields sin® = sin« sin 8 and sin0” = sine” sin B, 
whence sin @/sin 6” = sina/sina’’ = n. 


* Hx. 105, p. 409. To each point of the slit there corresponds a parallel beam, 
and each of these beams corresponds to a point in the focal plane of the camera, 
Only the rays coming from the centre of the slit pass through the prism in a 
direction perpendicular to the edges; in fact, it is usually only the path of these 
rays which is reproduced in diagrams. The rays coming from the upper and 
lower parts of the slit pass through the prism obliquely, and a computation shows 
that their deflection is greater than that of the central rays. The result is that 
the spectral lines are curved, the convex side being toward the red. The analysis 
is given in H. Kayser’s Handbuch der Spektroskopie, Bd. II, p. 260, Leipzig (1900). 


Ez. 106, p. 409. Taking account of the signs, the focal lengths of the front 
and back lens surfaces are 


mn . nr. nr tr 
eee ee 7 A pe 


If d is the lens thickness, the interval D = —f,’ + d+ f,, so that 


where R = n(rz — 1;) + (n — 1)d. 
Ex. 107, p. 409. Write the sine condition in the form 


/ / 


sinu ny’ 
sinw’ ny 


This relation is, obviously, also valid in the region near the axis, where the sine 
and the angle are interchangeable. Consider a ray from an axial point, distant 3 
from the lens, and making an angle u with the axis. Let h be the distance from the 
axis at which this ray meets the first surface. Then sinu = h/s. For a very dis- 
tant point, s may be replaced by x, the distance from the principal plane on the 
object side. Furthermore, since y and y’ are small, y’/y may be replaced by the 
relation y’/y = —f/x which holds for points near the axis. We then have 


onsequence of this relation is that the largest possible value of the Tatio 
a the sence of a beam parallel to the axis to the focal length will be 2, if the 
sine condition is to hold. It is more usual to specify the relative aperture of an 
objective, which is defined as the reciprocal of the above quantity. Thus the 
limiting value of the relative aperture will be “f/0:5”. 


i ith li d in the posi- 
Ex. 108, p. 410. Let the prism be completely filled with light an 1e Pi 
tion of eaities deviation. Recording to the principles of geometrical optics, the 
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optical paths along those parts of the extreme rays included between planes norma] 
to the beam must be equal. Calling the base of the prism 6 and the path in air 
of the ray through the vertex /, we then have 


nb — 21 = 0. 


Also, the limitation of the width of the beam is responsible for diffraction such 
as would be produced by a slit of the same width. The first minimum of the 
diffraction pattern falls in a direction for which the difference of the optical paths 
of the two marginal rays is 1, for then, as in the case of a slit, the two halves of 
the beam annul each other. This occurs, then, when 


nbitigmiNewme, . . 0. 6 se (1) 


If the direct image for a neighbouring wave-length falls in this position, the two 
spectral lines can just be separated, and we have 


dn 
nb + b= dd — 21 = 0. 27 2 e@ © @ eo @ (2) 


Subtraction of equation (1) gives 


x dn 
Fm ate «tee oe 


Thus the resolving power of a prism is equal to the product of the base by the 
dispersion of the substance of which it is made. 
Ex. 109, p. 413. By equation (31) (p. 411) the path difference is 
Are ae 
COS & 
Ex. 110, p. 424. 
(a) The attraction between two electrons at a distance apart of 10-* om. is 


gs (4:80)? «x 10-20 
f = 10-28 


— 2d tang’ sing = 2d Vn? — sin? a, 


== 2:30 x 107° dynes. 


(b) The attraction between the ion groups is given by 
(6-02)? x 104° x (4-80)? x 10-20 


oa (12600)* x 10% = 5:3 x 101° dynes = 54 metric tons, 
(c) The volume density of the charge in a sphere of radius r is 7 
_ oF 
an 


where F' is the Faraday equivalent charge. The work needed to add a shell of 
thickness dr and density of charge p to the sphere is 


dW = arr? p i 4rr* pdr = 18 pipt 2 dy, 
3 r : 


i cy up the entire sphere from widely scattered charges requires an amount 
of wor 


. (716 F 
w= es pirtde = TE =F 
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This is the potential energy of the sphere (cf. Hz. 80). 1f we consider a virtual 
expansion dR, the energy decreases by 
FP 


tale. 


This change in energy is equal to the work done by the total pressure in the 


virtual expansion: 
pdv = p.4nk? dR. 
Equating the two quantities, 
F? 8 x (9649)? x 9 x 10” 
-Ré 


a 5 SOE = 4 X 10% dynes/cm.® ~ 4 x 10” atm. 


p= §% 


Ez. 111, p. 431. The electrical deviation after traversing a condenser of length 
a is, by equation (8), 
Ea* 
hei = 4V° Sees el ele 8 8 Te (1) 


It follows readily from equation (5) or equation (6) (p. 427) that the slope of 
the tangent to the path is 
dy Ea 


tana = 7 or yo oat ot so 9G Oo (2) 
If the screen is a distance J cm. from the end of the condenser, the total deflection 
is 
Ed . Eal Ea/a a 
See Ao Pee = = Sap aee 
Ha = ay oy ~ 2V (5+) ae (5+?) (3) 


Ex. 112, p. 431. As long as « is small, cos « may be set equal to 1. This amounts 
to taking the velocity parallel to the field to be the same for all rays. Inasmuch 
as the projection of the orbit on a plane normal to the field is a circle, all the 
electrons describe helical orbits. It is readily shown that all have the same period 
of revolution: From equations (11) and (12) (p. 428), it follows that m(d?a/di?) = 
—(e2/mc*)H*x. This is the well-known wave equation, for which the period is 
given by T =2nmc/eH. The speed v does not appear, so that after a given time 
all particles have described one revolution and have returned to the axis. The 
subject of geometric electron optics, which concerns itself with image formation 
by electrons as brought about by electric and magnetic fields, has undergone a 
rapid development in recent years. 


Ex. 118, p. 455. If there are in all vy, molecules of Substance 1 present, the 
number of molecules per cubic centimetre is 


M= 5 


where m, is the mass, p, the density of Substance 1. Then we have 


4x ne —1 ™; 


— = OO ° e ° e e . e ] 
3 Vy% ny +2 R, (1) 
Similarly, for Substance 2, 
4n nt — 1m, _ 2 
gy V2% RT ES o | ee oe (2) 
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The mixture contains a total of y= v, + v, molecules whose average polariza- 
bility is, say, a, whence ' 
an. ni im (3) 
3 ‘xc — TD, a 9 0 = tle - oo . . = os 
But on account of the linear superposition of the effects of the dipoles, the average 
polarizability is calculated according to the simple rule 


Vi%_T Vette ro 
a (5) 


Substituting this in equation (3), it follows that R = R, + R,. 
Hx. 114, p. 455. The molecular refraction of water is 


2c= 


_v#~—1 Sas 5 
a gag: B= ay == S77 .CMan, 
[3 X 3:7 a 
==, | Sa aS x 105 coms 
whence r 4nL 
4n 
Further, from p. 454, 3 Loe, 


and, according to p. 284, « = a5, where a is the radius of a metallic sphere. Thus 
a is identical with the r calculated above. 


fz. 115, p. 455. Since vy = 0, we obtain 


Pee pee se al O' ams 
BE oases eet 
‘G) iaye=o 
<a Lg) VEC 
Ug dv sc dy ~ Vee 
=°¢./. fer 
Ug SAVY C a 


Thus the phase velocity in the Heaviside Layer is greater than c. 
Ex. 116, p. 457. We have 


or Kes nae °° 


(The value of n extrapolated to A= © is about 4/3.) It then follows that 
p= 0:8 x 10-8 e.8.u. 

This value is too small; the actual value is 1-8 x 10-18, The reason for this 
discrepancy is association taking place in the liquid state, in which case the 
dipoles are no longer independent. The true value is to be obtained by measure- 
ments on gases or, in other cases, on solutions in dipole-free solvents. 


* Hx. 117, p. 483. For the medium at rest, my) = c/v,; further, from equation 
(41) (p. 244), the phase velocity in the moving medium, for an observer at rest, is 


2 
p= Ty tu Be, 
1+ oe 
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where u is the velocity of the medium (u<c). Then 
= ae 
8 =% + u(1 =i 


Ez. 118, p. 494. 6 is given by equation (6); there results p = 232 atm. 


_ Bx. 119, p. 500. From the definition of x, this quantity for an ideal gas is 
given by 


1 
Xid = —. 
Pp 
For a van der Waals gas, 
1 if 1 b a 
“real Ti 2a Gaya ale pe) 
(v—bF vw = v v 


Ex. 120, p. 510. Setting the coefficient of Av, as given by (34), equal to zero 
and combining with (26), p. 499, we have 


irae 7 Qa = ae 


Expressing « in terms of + and substituting in the reduced equation of state, 
we obtain the equation of the transition curve: 


TI = —27 + 24V3rt — 12r. 


Ex. 121, p. 518. By no means! Electrical energy is equivalent to mechanical 
work; and according to the second law one can, by expending work, transfer 
heat from a cooler reservoir (say @ body of water) to a warmer one (a boiler), 
of. p. 517. If 1’, = 283° and T', = 293°, then n = 10/293 += 1/30 and W = Q,/29 
or Q, = 29W. Thus the thermal effectiveness may be increased, theoretically, 
by a factor of almost 30. “Heat pumps ” of this kind are coming into use; the 
actual efficiency is, of course, less than the figure given. 


Ex. 122, p. 524. Starting at an arbitrary point, say 0° C., the entropy before 
bring ia 
373 cdT 288 ¢dT’ 373 288 
8, = 10 Pon T + 20 = a = 10 log 575 + 20 log 575 


(specific heat of water c= 1). After mixing, the final temperature is 43-3° C., 
and so 


316-3 ¢dT 316-3 
fe 


73 


In taking the difference, the initial temperature 273 drops out—as it must do— 
and we have 


S, — S, = 30 log 316-3 — 10 log 373 — 20 log 288 = 0-23 cal./deg. 


Er. 123, p. 524. In one point only. If the two curves could intersect in two 
points, they would enclose a surface which represents work done. One could 
thus construct a perpetuum mobile of the second kind by permitting work to be 
done along the isothermal—the energy being taken from a boiler—and allowing 
the system to return to its initial configuration by moving along the adiabatic. 


860 APPENDIX 


Ex. 124, p. 524. The areas under the two arcs must be equal, for it must be 
impossible to construct a perpetuwm mobile of the second kind by traversing this 
part of the curve. 


Ez. 125, p. 528. We have 
[dS = dU + Ode = (Fr). dT + = se aoe e@ de 


=7[(%) a+ (yar... - 2-1 


Comparing coefficients, 


e ale %: | ee. 
= 21 feu. 
ee 
Differentiating equation (2) with respect to 7', equation (3) with respect to e, 
we have 
1 rial Of o® 2 jG) 1 @U 
7 laeaT * aloe (ea) = ‘j= Tora °° 
oU a® oD 0U 
whence ®O=— =), (sn), ° ro — T(r) = - (5); . (5) 


If the Faraday equivalent charge F has passed, one gramme equivalent has been 
converted and the energy difference is equal to the heat of reaction per mol 
divided by the valence Z, i.e. equal to —q,.—/Z. Then 


(=), =-% 
and © — a) ee 


which is Helmholtz’s equation for the galvanic cell. Observe that ZF® corre 
sponds to the free energy. 


Hz. 126, p. 628. It follows from the first law, at constant pressure, ~~, 
oh 
dq = du + pdv = d(u + pv) = dh = (sr) ,@ 


whence Cc, = ) 


By analogy with equations (34) to (37) on pp. 527-528 it follows that 


oe ee ar + (3 =), d = 7 (du + pao) = 7 (ah — vdp) 


HG) 7+ (G),--] +} 
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Through comparison and “ crosswise differentiation” there results 
oh a(v/T) 
—} = —T?| |. 


Ez. 127, p. 530. In equation (38) (p. 528), replace p by H and v by —l. The 


result is 
a= —2(Fn), (Sr) 5* 


and with the equation of state 1 = (C/T)H, we get 


lH H3 
C2 —% = i =X 


where x = susceptibility per mol and c, is the ordinary specific heat. 


* Hx, 128, p. 584. For T= 0, i.e. for z-> ©, tanh x — log cosh x becomes 
equal to 2, and so s,, = —Rlog2. Statistically, Wmag = 1, 8mag = 0. 


Li Ik 2 


a (3) 


W. a eA lane, 
~ GEG)E Gy") 
so that 8unmag = AL log2 = R log2. 


Thus the entropy, in agreement with the above, is an amount R log2 greater in 
the unmagnetized state than in the magnetized state. 


* Bx. 129, p. 608. The energy levels of the rotator are given on p. 681. In 
the old quantum mechanics, 
mh? 1 
Meee 
Of a total number L of oscillators, the number in the mth quantum state is given 
by the Boltzmann Principle as 
Lenmht 8 IkT Le-m'x 
Zn = Le a BaIRT = Saree (2) 
where 2 = A?/8x*/kT. Remembering that there are two rotational degrees of 
freedom, i.e. two axes normal to the axis of figure, the total energy is 
=, ,mixe—m'x 
U. r= QLkT oem ° ° . © @« Swe «© (3) 
Differentiating with respect to 7’, we obtain—after some computation—the 
rotational part of the specific heat: 


—732 
oy = 2Rat TOB Mn) 5 os 


The evaluation of the sums was first carried out by P. Ehrenfest, Verh. d. Deut- 
gchen Phys. Ges. 15, p. 455 (1913). It leads to qualitative agreement with the 
results found for H,. Nevertheless, this simple theory is considerably in need of 
improvement. Every advance in the quantum theory 1s marked by an improve- 
ment in the theory of c,. This was terminated by the discovery that H, is a mix- 
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ture of two modifications—ortho- and para-hydrogen—one of which can possess 
only even, the other only odd quantum numbers. For details consult Eucken’s 
Lehrbuch der chemischen Physik, Edn. 2, II, 1, p. 253 (1943). 


* Ex. 130, p. 624, According to p. 616, radiation incident at an angle @ exerts 
@ pressure amounting to pe = (2S/c) cos? and so in an angular interval dé, 
dp = 27(28/c) cos?@ sin6d9. Integrating from 0 to x yields p = 8nS/3c. But 8, 
is identical with K, in equation (15), and so p, = p3/3 and p = 9/3. Now, at 
temperature (7' + dT), let a piston be pushed forward by radiation pressure of 
amount p + (dp/dT) dT until the volume increases by v; then follow with adia- 
batic expansion that lowers the temperature from (7’+d7') to 7. Finally, 
perform a compression at temperature 7. The work done is v(dp/dT)dT’, while 
heat energy of amount 


(0+ gpar)o+ (e+ Gper)s 


was supplied in the expansion. Neglecting quantities that are small compared 
with p and p, the second law yields 


ap ap . (P — 


ar or 


dp _ 4p 
dT Gp 


Integration gives the result ans: 


* Ex. 131, p. 636. The atomic weight of electrons is 1/1840, hence the chemical 
constant is 
t= —6-48. 


Written in exothermal form, the reaction is 


Ion + Electron = Atom + q,-. 


The quantity g9~ is calculated from the ionization potential V, according to 


= aa eV ,L - 
as = £1 x 10 sqnuo ee 
The chemical constants of the ion and atom are equal; also, the specific heat of 
each of the monatomic gases is 5R/2. If the degree of dissociation (ionization) is 
a, the partial pressure of the ions is 


a s 
P. ry ] + a Ps 
that of the electrons is 
ie 
reo dae Ps 
and that of the atoms 
l+ea 
Pe = a, Ps 


since, in all, (1 + «)N particles result from N neutral atoms. Then, by equation 
(44) (p. 541), 


2 = 
log = 4 =— fo_ 4 5 oer — 6-48, 


APPENDIX 863 


For Ca (ionization potential 6 volts) at 6000° and 1 atm. we obtain « = B per 
cent; at 6000° and 10~* atm., a = 64 per cent. Thus, observation of the relative 
intensity of the lines of Ca and Ca+ in stellar spectra furnishes us with the possi- 
bility of determining the conditions of temperature and pressure. This was 
first recognized by M. N. Saha, to whom the theory in its simple form is due. 
Consult Handbuch der Astrophysik, Vol. I, Berlin, J. Springer (1929). 


* Bx. 132, p. 674. 


LS coupling: 8, + 8 yields (2) S = 0 (singlet system), (b) S = 1 (triplet 
system); 1,-+ J], yields L=1. (a) gives rise to the term 
1P,, and (b) to the three neighbouring terms *Po, *P,, *P2. 

jj coupling: 8, + J, yields (a) j, = 4, (6) jx = 35 % +1, yields j, = 3. 
(a) gives rise to two neighbouring terms having J = 0 and 
J oe and (b) to two terms close together having J = 1 
and J = 2. 


Thus LS coupling produces a grouping of 1 and 3 terms, jj coupling produces 
two pairs of terms. 


* Ex. 133, p. 674. In the longitudinal Zeeman effect the absorption frequency 
for right-handed circularly polarized light is somewhat different from that for 
left-handed circularly polarized light. The component which rotates in the same 
sense as the current which would cause the magnetic field and which, by p. 663, 
is displaced toward higher frequencies is designated the right-handed component. 
Jn the normal effect, 

Av = 


e 
4mme 


H, i.6. Vo =o + AY: Yat = Yo — fico, 6 so (Q5) 


Now this displacement of the characteristic frequencies causes a change in the 
refractive index (p. 451); and a difference in refractive index—i.e. in phase 
velocity—for the right- and left-handed rays means, according to p. 65, a rotation 
of the plane of polarization in the direction of turning of the faster-moving wave, 
i.e. the wave with the smaller index of refraction. The angle of rotation is equal 
to half the phase difference, so that for a layer of thickness D we have 

$  2nvD 


[> ad 3 = a (n, a Ny) . 2° «© 8 © # @ (2) 
According to the dispersion formula in its simplest form 


Nf ,e*/m 
2n[ (vo — Av)? — v3] 


Nf,e?/m 


= On{(vy + Av)? — J (3) 


n,—-1l= ’ (ae 


At higher temperatures—a condition always satisfied when investigating gases— 
both components are of the same intensity, 80 that f, =f, = f/2, where f is the 
strength of the oscillators for the uninfluenced line. At lower temperatures, at 
which the line spectra of crystals are observed, one of the Zeeman components 
may, on account of the Boltzmann distribution of orientations, be considerably 
weaker than the other, so that f, and f, will be different, and this can cause the 
sign of the effect to reverse, giving the so-called “ paramagnetic Faraday Effect ”. 
Considering only the normal case where fi, =5,-=f/2, we have 


_ Nfe 1 a 1 \ _Nfe 4Av.vo (4) 
MMe = Com \fvp AvP (vo Avyt— vf com" (ve? — v4) 
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Nfevvy 


a ea eae : ee = ee) 


and so o 


Thus the rotation is proportional to H. Similarly, we find that in transverse 
observation, on account of the equality of the intensities of the parallel and 
perpendicular components, there is no linear effect but rather a small quadratic 
one. In the same way, the Kerr effect is found to be given as a consequence of the 
Stark effect. 


Ha. 134, p. 743. According to equations (5) and (6) of the text we have, for 
@ given velocity, dH/dx proportional to z* but independent of M, and d# pro- 
portional to 1, so that the range will be proportional to Mz—*. Thus R, = (4/4) 
and Ry = k(1-0081/1), from which Ry = 1-008 R,; i.e. for the same velocity the 
ranges are nearly equal. But we wish to know, from the ranges, the energies of 
the particles. Because the energy, for a given velocity, is proportional to the mass. 
we have that 

z = ch or Ey = 3:02 Mev. 

This is the proton energy corresponding to a range of 14-53 cm. For heavy particles 
of these energies, relativistic effects may be neglected. 


Ex. 135, p. 763. (a) 8- decay (neutron > proton + B-,Z—> Z + 1): Nucleus 
Z stable if M,,, + me > M, or, after addition of Zme), Aj, > A,. 


(5) B+ decay (proton— neutron + 6+, Z-> Z—1): Stability of nucleus Z 
if M,_1 + mel > M, or, after adding Zmei, A,_, + 2me) > A,. 


(c) K-capture (proton + 8- > neutron, Z> Z — 1): Stability of nucleus Z 
if M,, > M, + me or, after addition of (Z — 1)me, Ay; > Ay. 


Stability with respect to (a) and (c)—hence also for (b)—is assured if A, < 
A,_, and A, < A,4,. 


Bx. 136, p. 819. Putting p = } in (31), p. 813, and using (43), p. 818, 


Ja, = V 2/nx (sin x/z — cos x). 


TABLE I 
CONVERSION OF UNITS 


All equations in the text are in the absolute C.G.S. system of units and some 
are given also in M.K.S. units. If it is desired to introduce into the C.G.S. equations 
a quantity which is given in other units, it must first be multiplied by the numeri- 
cal factors given in the table; if the result of the computation is to be expressed 
in other units, it must be divided by these factors. All electrical quantities are 
in the absolute electrostatic system, all magnetic quantities are in the electro- 
magnetic system of units. 


Mechanical Quantities 


Force: 1 kg. wt. = 981,000 dynes = 9-81 newtons. 

Pressure: 1 atm. (old unit) = 760 mm. Hg = 1-013 x 10° dynes em. 
= 1-013 x 10° newtons m.~? 
= 1013 millibars, 

1 mm. Hg = 1333 dynes cm.~, 
1 atm. (new unit) = 1 kg. cm.-? = 981,000 dynes Ciiem=. 

Energy: 1 joule = 10’ ergs, 

1 cal. = 4-19 x 10 ergs = 4:19 newton m., 

1 large calorie (kg. cal.) = 4:19 x 101° ergs = 4190 newton m. 

1 electron volt = 1-60 x 10-2 erg = 9-65 x 10" erg mol™ 

= 23,030 cal. mol.—, 

1 kilowatt hour = 3-6 x 10" ergs. 
Power: 1 watt = 1 joule sec! = 10’ erg sec.—, 

1 horse-power = 746 watts. 
Modulus of elasticity: 1 kg. mm.—* = 9-81 x 10” dyne Cnivm- 
Compressibility: 1 atm.—1 (new unit) = 1/981,000 = 1-02 x 10-* cm. dyne“. 


Electrical Quantities (with dimensions in €.8.U.) 


Charge: 1 coulomb = 3 x 10° cm.5/ gm.1/? sec., 
1 e.m.u. =3 x 10” es.u. 
Current: 1 ampere = 3 x 10° cm.3/? gm.'/? sec.~*, 
1 e.m.u. =3 x 10'%e.8.u. 
Potential: 1 volt == 1/300 cm.1/2 gm.}/2 sec.—}, 
lem.u. = 1/(3 X 10") e.8.u. 
Resistance: 1 ohm = 1/(9 x 10) cm. sec., 
1 e.m.u. = 1/(9 x 10°) e.s.u. 
Capacitance: 1 farad =9 x 10" cm., 
1 e.m.u. =9 x 107 e.s.u., 
1 microfarad (mf.) = 9 x 10° cm. -_ 
Inductance: 1 henry = 1/(9 x 104) cm. sec.", 
1 e.m.u. = 1/(9 x 10”) e.8.u. 
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Important relations: 
If the magnetic flux through a circuit changes at the rate of 1 maxwell/sec., 


an electromotive force of 10~* volt is induced. 
The energy sent to an area of 1 cm.? normal to the direction of radiation, and 


at a distance of 1 m. from a Hefner lamp is 900 ergs/sec. Of this, about 1 per 
cent falls in the visible region. (1 Hefner unit = 0-9 international candle.) 
Excitation (or ionization) potential is connected with the wave-length of the 
corresponding radiation (cf. p. 432) by 
A xX V = 12380. 


(A.U.) (volts) 
De Broglie wave-length and volt velocity of electrons are related by (cf. 
equation (24), p. 695) 
_, |B 


ey (volts) 


Relation of energy in electron volts and in ergs: 
lev = 1-601 x 10- erg. 


Mass-energy relation, atomic mass units, and mega-electron volts: 
la.m.u. = 932 Mev. 


TABLE IT 
PHYSICAL CONSTANTS* 


Charge on the electron 
e = (4:80286 + 000009) x 107?° e.s.u. 


Rest mass of the electron 
m = (91083 + 0-0003) x 10-28 gm. 
Ratio, proton mass to electron mass 
Ht/mN = 1836-12 + 0-02. 
Planck’s constant 
h = (662517 + 0-00023) x 10-?? erg sec. 
Boltzmann constant 
k = R/L = (1-:38044 + 0-00007) x 10-1 erg. deg.-. 
Velocity of light 
c = (2-997930 + 0-000003) x 10! cm. sec.—. 
Constant of gravitation 
Y = (6-664 + 0-002) x 10-® dyne cm.? gm.—?, 
Specific charge of the electron 
e/m = (5:27305 + 0-00007) x 10!” e.s.u. gm.—, 
Bohr magneton 
Uz = (9-2837 4+ 0-0002) x 10-2! erg oersted-1. 


Faraday 
eL = 96,521-9 + 1-1 coul. equiv.—! (chemical scale). 


* Values taken largely from Cohen, Du Mond, La: d Rollett, Rev. Mod. ; 
27, pp. 363-380, Oct. 1955. d, Layton an , Rev. Mod. Phys 
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Avogadro’s number (Loschmidt’s number) 
L = (6-:02486 -+ 0-00016) x 10%5 (physical). 
Number of molecules in 1 cm.? of gas at 0° C. and 1 atm. 
N = 2-6872 + 0-0001 x 10% em.-%. 
Volume of 1 mol at 0° C. and 1 atm. 
Up = (22-4207 + 0-0006) x 10° cm.? mol™. 
Universal gas constant 
kL = R = (8-31696 + 0-00034) x 10? erg. mol“ deg.—? 
= 1-98 cal. deg.—. 
Constant of Stefan-Boltzmann law of radiation 
o = (5-6687 + 0-0010) x 10-* erg cm.—* sec.—! deg.*. 
Constant or Wien’s Displacement Law 
b = 0-289782 + 0-000013 cm. deg. 
Rydberg’s number (infinite mass) 
R,, = 109737-309 +. 0-012 cm.-. 
Radius of the first hydrogen electron orbit (first Bohr radius) 
a, = (5:29172 + 0-00002) x 10~* cm. 
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Abaric point, 846, Ex. 74. Atom, model of, 647. 

Abbe’s sine law, 403. — structure of, 641. 

Aberration, 245. Atomic mass unit, 750. 

Absolute electrometer, 292. — number, 431, 646. 

— space, 228. — observations, inexactness of, 690. 
— velocity, 230. Avogadro’s law, 495. 

— zero, unattainable, 559. — number, 420, 572, 598. 
Absorbing media, 357. Axes, optical, 369. 

Absorption frequency, 453. Axis of figure, 153. 

Absorptive power, 620. 

Accelerated reference frame, 231. Babinet’s theorem, 380. 
Acceleration, 82. Balmer series of spectral lines, 649. 
Action, 123. Band group, 685. 

— at a distance, 286. — spectra, 680. 

— variable, 129. — system, 685. 

Adiabatic change. 506. Band, 731. 

— law, 212. Bars, longitudinal waves in, 180. 
— lines, 507. Beats, 57, 323. 

— principle, 662. Bernoulli’s equation, 197, 203. 
Aeromechanics, 191. Berthelot’s principle, 513. 

Affinor, 33 n. Bessel functions, 810. 
Alpha-particle, 646. — — asymptotic forms of, 817. 

— scattering of, 641. — — of second kind, 816. 
Alpha-ray, 745. — — of third kind, 817. 
Alternating current. 316. — — orthogonality of, 815. 

— — transient phenomena, 319. Beta-ray, 745. 

Alvarez, 772. Binormal, 19. 

Ampére’s theorem, 305. Biogenetics, fundamental law of, 675. 
Amplitude, 50. Biot-Savart law, 110, 206, 207, 300, 303, 
Anfahrwirbel, 21] n. 337, 338. 

Angular frequency 50. Black body, 613. 620, 624. 

— momentum, 89. Bloch and Alvarez, 772. 

— — total, 110. Bohr magneton, 665, 744. 
Anisotropic substances, 278. — model of atom, 647. 

Ankylosis, 598. — theory, 707. 

Antecedent, 35. Boiling-point, elevation of, 546. 

“ Anti-Stokes ” line. 721. Boltzmann constant, 452, 593. 
Apparent force, 231. Bond, non-polar, 712. 

Are spectra, 674 n. Born, M., 706. 

Argand diagram, 69. Bose-Hinstein statistics, 624. 
Associated harmonics. 700, 821. Boundary layer, 210. 

Astigmatic difference, 409. — — detachment of, 210, 211 n. 
Aston’s isotope rule, 762. — — waves in, 345. 

Atled operator 30 n. Boyle and Mariotte, law of, 494, 565. 
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Boyle’s law, 212. 

Brackett series of spectral lines, 650. 
Bragg law, 388. 

— method, 389. 

Breakdown, electrical, 436. 
Bremsstrahlung, 743, 779. 

Brewster’s law, 353. 

Brownian movement, rotational, 602 n. 
Bulk modulus, 173. 

Bunsen’s effusometer, 842, Ex. 61. 


Calculus of variations, 75. 

Calorie, gramme, 487. 

— large, 487. 

— small, 487, 

Canal rays, 440, 

—— — Doppler effect in, 441. 

Canonical transformation, generator of, 
127 

— transformations, 124. 

Cantilever beam, bending of, 176. 

_ Capacity, 274. 

Carnot cycle, 514. 

Cathode drop, 437. 

— rays, 426, 427. 

-—— — origin of, 440. 

Cations, 419, 441. 

Cauchy integral theorem, 72. 

Cauchy-Riemann conditions, 71. 

— — equations, 201. 

Caustic, 406. 

Cavity, 613. 

Central axis, 144, 

Centre of gravity, 109. 

— of inertia, 109. 

— of mass, motion of, 108. 

Characteristic curve of thermionic tube, 
799. 

— functions, 186. 

— radiation, infra-red, 607. 

— values, 185. 

— -— of wave equation, 698. 

Charge density, 703. 

— surface density of, 266. 

Chemical affinity, 553. 

— bond, nature of, 712. 

— constant, 541 636. 

— — of gas, 538, 557. 

— equilibrium, 543. 

— valence, 716. 

Circuits, inductively coupled, 322. 

Circularly polarized waves, 64. 

Circulation, 202, 203, 210, 211. 

Classical quantum statistics, 603. 
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Classical statistics, 579, 603. 
Clausius-Clapeyron equation, 533. 
Cloud chamber, 740. 

— — Wilson’s, 642. 

Coefficient of emission, 619. 

Collinear system, 403. 

Combination lines, 660. 
Compensator, 357. 

Complex potential, 201, 209, 210. 

— velocity, 203, 207, 208, 210. 

“ Complexion ”’, 582. 

Compressibility, isothermal, 493. 
Compton effect, 687, 690, 691, 743. 
Conditionally periodic systems, 132. 
Conducting media, propagation in, 333. 
Conduction, electrolytic, 417. 

— metallic, 444. 

— of electricity in gases, 425. 

— of heat, 570, 571. 

— — in metals, 447. 

Conductivity, 294. 

— electrical, 631. 

— equivalent, 421. 

— surface, 489. 

— thermal, 488. 

— thermometric, 489. 

Conformal mapping, 69, 70. 
Conjugate complex velocity, 201. 

— tensors, 35. 

Consequent, 35. 

Conservation of energy, principle of, 88. 
Conservative forces, 87. 

Constrained particle, 103. 
Contravariant components, 12. 
Convection coefficient, Fresnel’s, 477. 
Convergence ratio, 401. 

Co-ordinates, curvilinear orthogonal, 40, 
Coriolis acceleration, 233. 
Correspondence principle, 655. 
Corresponding states, theorem of, 500. 
Cosmic-ray showers, 781. ‘ 
Cosmic rays, 780. be 
Coulomb, 267. 

Coulomb’s law, 266. 

Couple, 144. 

Coupled circuits, 322. 

Coupling, Russell-Saunders, 669. 
Covariant components, 12. 

Crystal, biaxial, 373. 

— cohesive forces in, 574, 

— compressibility of, 577. 

— lattice, 360. 

— uniaxial, 370. 

Crystals, properties of, 573. 
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Cubical dilation, 166. 

Curie and Joliot, 755, 756. 

— constant, 458. 

— law, 529. 

— point, 460, 461. 

Curl of a vector, 25. 

Current density, 293, 726. 

— strength, 293. 

Curves of equal thickness, 411. 
Cut, 73 n. 

Cyclic variables, 126. 

Cylinder functions. See Bessel functions. 


d’Alembert’s principle, 113, 116. 

Dalton’s law, 496. 

Damping, 320, 348. 

Debye-Hiickel theory of electrolytic con- 
ductivity, 421, 423. 

Decomposition of lithium, 750. 

Deformable solids, mechanics of, 161. 

Degenerate system, 136. 

Degree of degeneracy, 126. 

Del operator, 30 n. 

Delaunay elements, 136. 

Density of charge, 265. 

— of ideal gas, 580. 

Deuteron, 653, 743, 751. 

Dia-electric susceptibility, 280. 

Diamagnetic susceptibility, 463. 

Diamagnetism, 451. 

Diatomic molecule, 585, 605. 

— molecules, rotation spectra of, 702. 

Dielectric constant, 267 n., ile 

— — electron theory of, 450. 

— constants, principal, of crystal, 362. 

— displacement, 277. 

— media, 277. 

— polarization, 451, 47 3. 

Dielectrics, polarization of, 279. 

Diffraction at circular aperture, 390. 

— at slit, 382, 390. 

— optical, 696. 

— reciprocal theorems of, 379. 

—— theory of, 376. 

Diffuse series, 660. 

Diffusivity, 489. 

Dilatation, Einstein time, 243. 

Diopter, 403. 

Dipole, 272. 

Discord, 99. 

Dispersion, 65, 451, 716. 

— anomalous, 453. 

— region of, 413. 

Displacement current, 327, 328, 475. 
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Divergence of a vector, 23. 

— theorem, 24. 

Domains, magnetic 462. 
Doppler effect, 235, 245, 691. 
Double layer potential of, 273. 
Doublet, 273. 

— magnetic, 298. 

Droplets, 263. 

Dulong-Petit law of atomic heats, 598. 
Dyad, 35. 

Dyadic products, 36. 
Dynamics of rigid bodies, 143. 


Earth’s horizontal magnetic field, in- 
tensity of, 297. 

— pole, wandering of, 155. 

Eccentric anomaly, 137. 

Efficiency of heat engine, 517. 

Effusometer, Bunsen’s, 842. 

Eigenfunktion, 186 n. 

Eigenwert, 186 n. 

Einstein-de Hass effect, 111. 

— — — anomaly in, 669. 

— time dilatation, 243. 

Einstein’s velocity addition theorem, 244, 
245. 

Elastic potential, 175, 176. 

Elasticity, 161. 

Elastodynamics, 161. 

Elastomers, 803. 

Elastostatics, 161. 

Electret, 473. 

Electrical charge as source of flux, 264. 

— oscillator, 338. 

Electrocaloric phenomena, 528. 

Electrodynamics of moving bodies, 471. 

Electrolytic theory of Arrhenius, 422. 

Electromagnetic equations, invariant form 
of, 480. 

— waves, 360. 

_— — in conducting media, 333. 

— — in two media, 343. 

— — propagation of, 328. 

Electrometer, absolute, 292. 

Electron, 426, 429. 

— mass, variability of, 476. 

— optics, 443, 787. 

— revolving, 463. 

— spinning, 669. 

Electrons, secondary, 433. 

— thermal emission of, 433. 

Electrophoretic force, 423. 

Electrostatic potential, 267. 

Elementary cell, 574. 
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Ellipsoid, Fresnel, 363. 

— index, 363, 366. 

— of stress, 169. 

Ellipsoid, tensor, 363. 

Elliptic motion, left-handed, 59. 

—— — right-handed, 59. 

Elliptically polarized waves, 64. 

Emissivity, 489, 619. 

Enclosure, 613. 5 

Endothermal reaction, 540. 

Energy, 85. 

— bands, 725. 

— density, 175, 287, 616. 

— distribution, 588. 

— function of a gas, 603. 

— inertia of, 252. 

— internal, 527. 

Enthalpy. ’ 509. 

— free, 525. 

Entrance pupil, 785. 

Entropy, 522, 524, 540, 556, 579. 

_ — constant, 636. 

Equation of state, 493, 527. 

— — of ideal gas, 494. 

— — of real gas, 497. 

Equations of motion, canonical form, 122. 

Equilibrium, chemical, 539. 

— of disintegration products, 746. 

— of sedimentation, 589. 

— of thermodynamic systems, 531. 

— thermodynamic, 619. 

Equipotentials, 201, 202. 

Ether, 259. 

Euler formula, 50. 

Euler-Lagrange differential equation, 75, 
77. 


Euler-Mascheroni constant, 809. 

Eutectic points, 534. 

Exchange energies, 712. 

— forces, 712. 

Excitation potential, 649. 

Exit pupil, 785. 

Expansion, isobaric volume coefficient of, 
493. 

External forces, 108. 


“ Falling characteristic ” of arc, 440, 
Faraday effect, 674, Ex. 133. 

— — paramagnetic, 863, Ex. 133. 
— equivalent charge, 554. 

Fermat’s principle, 395, 407. 
Fermi-Dirac statistics, 625, 631. 
Fermi gas, 769. 

Ferromagnetic materials, 305, 306. 
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Ferromagnetic media, 343. 

— metals, 299, 460. 

Field equations, Hetz’s solution of, 335. 
— strength, electrical, 263. 

Fields, quasi-stationary, 311. 

— rapidly alternating, 327. 

— slowly varying, 311. 

“ Fine structure ”’, 669. 

First law of thermodynamics, 495. 
Fission of heavier nuclei, 767. 
Fizeau effect, 245. 

Fizeau’s experiment, 477. 

Fleming’s left-hand rule, 309. 

Flow, irrotational, 196, 197. 

— laminar, 214. 

— rotational, 196. 

Flux, 264. 

Focal length, 399. 

— — of electron lens, 763. 

— plane, 396. 

Focus, principal, 420. 

Force, 84. 

— moment of, 110. 

Forced vibrations, 96. 

Fortrat, 684. 

Foucault pendulum, 235, Ex. 65. 
Four-dimensional world, 247. 
Four-force, 256. 

Four-velocity, 256. 

Fourier integral, 54, 56. 

— series, 54, 101. 

— — multiple, 132. 

Fraunhofer diffraction phenomena, 382, 
Free charge, 277. 

— energy, 525. 

— oscillations, 320. 

— path, 438. 

Freezing-point, lowering of, 546. 
Frequency, 50. 

Fresnel diffraction phenomena, 382. 
Fresnel’s formulz, 350, 352. is 
Frictional resistance, 94. . 
Funicular polygon, 145. 


Galilean transformation, 229, 230. 
Galvanometer, moving-coil, 309. 
Gamma functions, 808. 

—-ray, 745. 

Gas constant, 593. 

Gauss plane, 69. 

Gauss’s theorem, 23, 270. 
Gay-Lussac’s experiment, 504. 

— law, 494. 

Geiger-Miller counter, 741. 
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Geiger-Nuttall formula, 747. oe 
Generalized co-ordinates, 118. 
— momentum co-ordinates, 121. 
Geodesic, 75. 

Geometric velocity, 245. 

Giorgi system of units, 266. 
Glancing angle, 389. 

Goudsmit and Uhlenbeck, 669. 
Gradient, 21. 

Gravitational mass, 259. 
Green’s theorem, 270. 

Grid, 434. 

Ground wave, 345. 

Group velocity, 65, 245, 694. 
Gyrocompass, 159. 

Gyroscope, 162. 


Hahn and Strassmann, 754. 

Half-value period, 746. 

Hall effect, 734. 

Halley’s formula, 192. 

— law, 589. 

Hamilton-Jacobi 
126, 127, 130. 

Hamilton’s characteristic function, 128. 

— equations, 121. 

— Principle, 123, 124, 693. 

Hankel functions, 817. 

Harmonic analyser, 55 n. 

— vibrations, 93. 

Heat conduction, differential equation of 
488. 

— engine efficiency, 517. 

— function, 509. 

— of fusion, 539. 

— of sublimation, 539. 

— of vaporization, 536. 

— specific, 487. 

— theory of, 484. 

Heaviside layer, 455, 858, Ex. 115. 

Heisenberg, 705. 

Heitler and London, 712. 

Helmhotz-Lagrange equation, 405. 

Helmholtz’s vortex theorems, 205. 

Herpolhode, 141, 142. 

Herschel effect, 738. 

Hertzian oscillator, 335. 

— vibrator, 338. 

Hess’s law, 512. 

Hittorf’s relation, 420. 

Hodograph, 81. 

Holonomous-rheonomous system, 121. 

Holonomous systems, 114. 


differential equation, 
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Hooke’s law, 171. 

Huygens’ formula, 376. 

— principle, 368. 
Hydrodynamical equations, 196. 
Hydromechanics, 191. 
Hydrostatics, 191. 

Hyperbolic orbits, 702. 
Hyperfine structure, 743. 
Hysteresis loop, 461. 


Image distance, 399. 

— space, 397. 

Images, electrical, 275. 
Impedance, 318. 

Impulse, 86. 

Incidence, principle angle of, 357. 
Index (of complex number), 50. 
Indicator diagram, 516. 
Induction, 264, 473. 

— law, 311. 

— magnetic, 298. 

Inertia, 83. 

— of energy, principle of, 258. 
— product of, 149. 

Inertial force, 231. 

—- frames, 229. 

— mass, 84, 254, 259. 

— resistance, 167. 

Insulating media, 349. 
Intensity of magnetization, 298. 
— of wave, 724. 

Interference fringes, 395, 410. 
— instruments, 410. 
Interferometer, Fabry-Pérot, 411, 412. 
Internal forces, 108. 

Ion, 418. 

“Ton cloud ”, 550. 

Ionization bursts, 765. 

— photo-, 432. 

— potential, 432, 649. 

— thermal, 432. 

Trrotational flow, 196, 198. 

— region, 197. 

Isobares, 759. 

Isogyre, 375, 853, Ex. 98. 
Isometric pressure coefficient, 493, 557, 
Isothermal compressibility, 493. 
— lines, 498. 

— volume elasticity, 493. 
Isotope of hydrogen, 743. 
Isotopes, 745. 

Isotopic mass, 765 n. 

Isotropic substance, 171, 278. 
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Jacobian function, 107. 
Joule heat loss, 296. 


Kater’s pendulum theory of, 151. 
Kelvin temperature scale, 518. 

Kepler ellipse, 656, 659. 

Kepler’s first law of planetary motion, 91. 
— second law, 89. 

— third law, 92. 5 

Kerr effect, 864, Ex. 133. 

Kinematics, 81. 

Kinetic energy, 86, 112, 113. 

-— theory of matter, 563. 

Kirchhoff’s formula, 376, 378. 

— laws, 294, 620. 

Kutta-Joukowski lift formula, 208, 210. 


Lagrange’s equations of the first kind, 
113, 117. 

— — of the second kind, 118, 120. 

Lambert’s law, 617. 

Laminar flow, 214. 

Langevin function, 463. 

Laplace’s equation, 71, 269. 

Larmor frequency, 772. 

— precession, 664. 

Lattice constant, 574. 

— defects in dielectric crystals, 735. 

— energy, 576. 

Laue-London theory, 466. 

Law of areas, 89. 

— of equipartition of energy, 595. 

— of gravitation, 89, 90. 

— of mass action, 539. 

Le Chatelier’s law, 542 n. 

Left-handed elliptic motion, 59. 

Legendre functions of second kind, 824. 

— polynomials, 699, 820. 

— — orthogonality of, 822. 

Level surfaces, 21. 

Light quantum, 432. 

— principal velocities of, in crystal, 
362. 

Line integral, 22, 72. 

— of nodes, 136, 137. 

— spectra, 680. 

Linearly polarized waves, 64. 

Lines of force, 264. 

— of motion, 194. 

Liouville’s theorem, 585. 

Liquid films, 227. 

Lissajous figure, 58, 60, 132. 

Local time, 255. 

Logarithmic decrement, 96, 100. 
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Longitudinal mass, 476. 

— waves, 64. 

— — in bars, 180. 

Lorentz contraction, 243, 244. 

— transformation, 240, 249, 250. 

— — consequences of, 242. 

— triplet, 667. 

Loschmidt’s number. 
number. 


See Avogadro's 


p-mesons, 779. 

Macro-state, 627. 

Magnetic domains, 462. 

— lens, 431, Ex. 112. 

— permeability, electron theory of, 450. 
— reluctance, 308. 

Magnetization by rotation, 464. 
Magnetized shell, 303. 
Magnetocaloric phenomena, 528. 
Magnetomechanical parallelism, 464. 
Magnetomotive force, 308. 
Magneton, Bohr, 459, 665, 744. 
— Weiss, 459. 

Magnetostatic field, 297. 
Magnification, angular, 401. 

— in depth, 400. 

— transverse, 399. 

Magnus effect, 211. 

Malus, law of, 397. 

Manometer method, 290. 

Mass action, law of, 422, 539, 542. 
— correction, 765 n. 

— defect, 765 n. 


| — number, 765 n. 


— of photon, 688. 

— spectrograph, 441, 442. 

— variability of, 252. 

matrix calculus, 46. 

Mattauch’s laws, 761. 

Matter waves, 693. 
Maxwell-Boltzmann law, 588, i" 
Maxwell’s equations, 311, 312, 467, « 
— relation, 331. 

Mayer’s equation, 505. 

Mean anomaly, 137. 

— free path, 567. 

— relative velocity, 566. 

Media, anisotropic, propagation in, 360, 
Meissner and Ochsenfeld, 466. 
Meitner, 778. 

Melting-point curve, 534. 
Membranes, 183. 

Mesons, 778. 

Metals, optics of, 357. 
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Metals, properties of, 725. 

— reflecting power of, 359. 
Michelson-Gale experiment, 478. 
— -Morley experiment, 237, 477. 
— stellar interferometer, 375, 853, Ex. 98. 
Micro-state, 627. 

Millikan oil-drop method, 425, 426. 
Mobility of an ion, 419. 

Modu'ated vibrations, 57. 

Modulus of compression, 173. 

— of elasticity, adiabatic, 508. 

— — isothermal, 508. 

Molecular diameter, 572. 

Moment of deviation, 155. 

— of inertia,146-9. 

—- — principal, 150. 

— of torsion, 147, 297. 
Momentum, 84. 

Monogenic function, 69. 

Moseley’s law, 655. 

Moving bodies, electrodynamics of, 471. 
Moving coil, induction in, 472. 
Multiple products, 15. 

Multiplets, theory of, 669. 
Multiply periodic systems, 128. 
Muscular action model, 805. 
Mutual inductance, 313. 

— induction, 313. 

— —- coefficient of, 313. 


Nabla operator, 30. 

Nernst heat theorem, 553. 
Neumann function, 830, Ex. 26. 
Noutrino, 778. 

Neutron, 752, 757. 

— mass of, 753. 

Newton (unit), 266. 

Newton’s laws of motion, 84. 
— third law, 108. 

Nicol prism, 374, 375. 
Non-conservative forces, 88. 
Non-divergent field, 302. 
Non-irrotational motion, 198 n. 
Normal acceleration, 82. 

— surface, 368. 

Nuclear attraction, 764, 765. 
— electrons, objections to, 757. 
— isomerism, 763. 

— magneton, 744, 

— moment, 743, 744, 772. 

— physics, 739. 

Nucleus, 431, 645, 646. 

— artificial transformation of, 747. 
— excitation of, 747. 
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Nucleus, liquid-drop model of, 763. 
— motion of, 651. 

Nutation, 154. 

— cone of, 158. 

— of force-free top, 158. 


Object distance, 399. 

— space, 397. 

Oersted (unit), 298. 

Ohm’s law, 293. 

— — for electrolytes, 417. 

— — for metals, 446, 447. 

Onnes, H. K., 466. 

Onsager theory of electrolytic conduc 
tivity, 421, 423. 

Operator V, 30. 

Optical path, 395. 

— systems, resolving power of, 409. 

Optics, electron, 443. 

— geometrical, 395. 

— interference, 395. 

Orbits, electronic, perturbation of, 662. 

— hyperbolic, 702. 

Orthogonality, 189. 

Ortho-hydrogen, 862, Ex. 129. 

Orthotomic system, 264. 

Oscillations of plasma, 801. 

Oscillator, stabilization of, 794. 

Osculating plane, 19. 

Osmotic pressure, 547, 594. 


a-mesons, 779. 

Packing fraction, 765. 

Parabolic velocity profile, 215. 
Para-electric susceptibility, 280, 450. 
Para-hydrogen, 862, Ex. 129. 
Paramagnetic, 450. 

Parelectric susceptibility, 450. 

Partial pressures, Dalton’s law of, 496. 
Paschen-Back effect, 667, 743. 
Paschen series of spectral lines, 650. 
Paschen’s law, 436. 

Pauli and Sommerfield, electron theory of, 


449. 
— principle, 632, 679, 715. 
Pedal-surface, 370. 
Perihelion, 186, 137, 260. 
Periodic system, structure of, 674. 
— systems, 128. 
Permeability, 298. 
— magnetic, electron theory of, 450. 
Permittivity, 267. 
Perpetuum mobile, of first kind, 502. 
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Perpetuum mobile, of second kind, 517, 


519, 521, 859, Ex. 123. 
Perturbation, 731. 
— of electron orbits, 662. 
Perturbations, theory of, 707. 
Phase, 493. 
— change of, in reflection, 355. 
— difference, 51. 
— integral, 130. . 
— orbit, 604. 
— space, 584, 
— velocity, 694. 
Phosphorescence, 736. 
Photo-electrons, 433. 
Photon, 688. 


Pickering series of spectral lines, 653. 


Piezoelectric constants, 792. 
— moduli, 793. 
Piezoelectricity, 792. 

Planck’s law of radiation, 621, 622. 
— quantum of action, 432. 
Plane circulatory motion, 207. 
— mathematical pendulum, 104. 
— wave, 62, 

Planetary motion, 90. 

Plasma, oscillations of, 801. 
Point charge, 275. 

Poiseuille’s law, 214, 215. 
Poisson’s equations, 268. 

— ratio, 171. 

Polarization, 280, 284, 350, 528. 
— dielectric, 451, 473. 

— electrical, 450. 

— elliptical, in reflection, 355. 
— linear, in reflection, 355. 
— magnetic, 450. 

— vector, 450. 

Polhode, 141, 142. 

Polygon of forces, 145. 
Ponderomotive forces, 285. 
Porous-plug experiment, 509. 
Positive rays, 440. 

Positron, 752, 754, 757. 
Potential, 87, 88. 

— barriers, 721. 

— elastic, 175, 176. 

— energy, 113, 114. 

— excitation, 432, 649. 

— flow, 198. 

Gibbs, 525, 527, 532 n., 541. 
— retarded, 340, 

— thermodynamic, 524, 526. 
Power factor, 319. 

— of a lens, 403. 
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Poynting vector, 331, 332, 356. 
Precession, 157. 

— cone of, 158. 

— Larmor, 664. 

— of axis of earth, 158. 
Pressure, radiation, 613. 
Primary cosmic rays, 780. 
Principal extensions, 167. 

— normal, 19, 

— plane, 399. 

— point, 399. 

— rays, 786. 

— series, 660. 

— stress, 169. 

Principle of correspondence, 655. 
— of uncertainty, 628 n. 
Prism, Nicol, 374, 375. 


— resolving power of, 856, Ex. 108. 


— spectrograph, 409, Ex. 105, 855. 
Product of inertia, 149. 

Projectiles, deviation of, 839, Ex. 53. 
Propagation in anisotropic media, 360. 
Proper functions, 186. 

— time, 255. 

— values, 185. 

— — of wave equation, 698. 

Proton, 646, 757. 

Pupil, entrance, 785. 

— exit, 785. 


Quantum, light, 482. 

— of action, Planck’s, 432. 

— statistics, classical, 603. 

* Quantum-mechanical square ”’, 683, 
Quartz vibrator, 797. 

Quasi-elastic forces, 93. 


Rabi, 772. 

Radiation pressure, 613. Z 
Radioactivity, 745. . 
— artificial, 756. 

— induced, 756. 

Radius of gyration, 148 n. 

Raman effect, 689. 

— — in wave mechanics, 716. 
Raoult’s law, 546. 

Ray axes, 371. 

— surface, 369, 370. 

Rayleigh waves, 182. 

Reactance, 317. 

Rectifier, 434. 


Reference frame, uniformly rotating, 232. 
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Reflecting plane, 387. 

— power, 354. 

Reflection, optical law of, 349. 

Refraction and anisotropic medium, 371. 

— electron theory of index of, 450. 

— external conical, 373. 

— index of, 331. 

— internal conical, 373. 

— molecular, 455. 

— optical index of, 451. 

— optical law of, 349. 

Refractivity, 455. 

Relative aperture, 855, Ex. 107. 

Relativistic mechanics, 228. 

Relativity, generalized theory of, 258. 

Reluctance, magnetic, 308. 

Residue, 74. 

Resistance, 293. 

Resistivity, 294. 

Resolution, limit of, 410. 

Resolving power, 384, 409. 

— — of prism, 856. 

Resonance, 96, 99, 319. 

— curve, 99, 102. 

— energies, 754, 762. 

Retarded potential, 340. 

Reversible process, 503. 

Revolving electrons, 463. 

Reynolds’s number, 215. 

Richardson-Hinstein-de Haas effect, 464. 

Right-handed elliptic motion, 59. 

“ Ritz term ”, 659. 

Réntgen and Kichenwald, experiment 
of, 475. 

Rotating earth, free fall on, 231. 

Rotation of a vector, 27 n. 

Rotation-vibration bands, 682. 

Rowland’s experiment, 474. 

Rutherford, 747. 

Rydberg number, 651. 

“ Rydberg term ”’, 659. 


Sagnac’s experiment, 478. 
Sargent’s formula, 747. 
Saturation, 461. 

— current, 433. 

Scalar, 7. 

— product, 10. 

Scattering power, 719. 
Schmidt limits, 774. 
Schmidt-Schiiler curves, 774. 
Schrédinger. 705. — 

— equation, 696, 722, 726, 727, 774. 
Scintillation method, 740. 


Scleronomous systems, 114. 
Screw motion, 142. 

Second law of thermodynamics, 514. 
Secondary cosmic rays, 780. 
Self-inductance, 314. 
Self-induction, 313, 314. 

— coefficient of, 314. 

Shadow, geometric, 382. 

Sharp series, 660. 

Shear modulus, 173. 

Shell integral, 14. 

Signal velocity, 66. 

Simple harmonic vibration, 50. 
— pendulum, 103. 
Simultaneity, 242. 

Sine condition, 785. 

Single-ray direction, 373. 
Singular point, 73. 

Skin effect, 324. 

Smoke rings, 206. 

Snell’s law, 350. 

Soap bubble, 227. 

Solenoidal field, 289. 

Solid state, 607. 

Sound waves, 212. 

Space curves, 17. 

— relativistic conception of, 240. 
Spark discharge, 433, 436. 

— spectra, 674 n. 

Specific heat, 503, 529, 595, 605. 
— — of solids, Debye’s theory, 608. 
— — rotational, 861, Ex. 129. 
— inductive capacity, 267 n., 275. 
— resistance, 294. 

Spectra, are, 674. 

— rotation, 702. 

Spectral lines, 719. 

— — intensity relations of, 703. 
Spectrograph, prism, 409, 855. 
Spectrum of alkalis, 657. 

— of hydrogen, 652. 

— of ionized helium, 652. 

— order of, 384. 

— X-ray, 653. 

“ Sphere of influence ”, 566. 
Spherical condenser, 274. 

— harmonics, 699, 819. 

—- — relations between, 820. 

— wave, 63. 

Spin of electron, 669. 
Spontaneous magnetization, 462, 
Standing waves, 67. 

Stark effect, 475, 662. 

Starting vortex, 211. 
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Statistics, Fermi-Dirac, 625, 631. 
— quantum, classical, 603. 
Stefan-Boltzmann law, 624. 
Steiner’s theorem, 148. 

Stern and Gerlach, experiments of, 665. 
Stokes ” line, 721. 

Stokes resistance, 418, 419, 425. 
Stokes’s law, 218. 

— — of fluorescence, 721. 

— theorem, 25, 72, 203, 204. 
Strain, 162. 

— ellipsoid, 171. 

— tensor, 171. 

Stream function, 200. 

— lines, 194, 201. 

Stress, 167. 

— tensors, 171. 

Strings, transverse vibration of, 183. 
Subordinate series, first, 660. 

— — second, 660. 
Superconductivity, 466-70, 635. 

- Superposition of plane waves, 68. 
Surface brightness, 614. 

— curl, 345. 

— invariant, 404. 

— tension, 222, 223. 

— waves, 182. 

— zonal harmonics, 699, 820. 
Surfaces of discontinuity, 43. 
Susceptibility, 280, 450, 453. 

— diamagnetic, 463. 

— ferromagnetic, 458. 

— paramagnetic, 458, 669. 

— parelectric, 280, 455. 

Swinne formula, 747. 

Symbols in nuclear physics, 748 n. 
Systems of particles, 108. 


Tangent vector, 18. 

Tangential acceleration, 82. 

Taylor’s series, 76. 

Temperature, critical, 499. 

— scale, thermodynamic, 518. 

Tensor analysis, fundamental principles 
of, 32. 

— antisymmetric, 36. 

— ellipsoid, 37. 

— invariants of, 172. 

— symmetric, 36. 

Thermal radiation, 613. 

Thermionic tube, characteristic curve, 
799. 

Thermochemistry, 511. 

Thermodynamic equilibrium, 547. 
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Thermodynamic potential, 524, 526. 
Thermodynamics, first law of, 501. 
— second law of, 514. 

— third law of, 553. 

Thomson’s theorem, 204, 205, 211. 
Timbre, 187. 

Time, relativistic conception of, 240. 
Top, spherical, 152. 

— symmetrical, 153. 

— theory of the, 151. 

Torricelli’s theorem, 841, Ex. 60. 
Torsion, 20. 

Total heat, 509. 

— reflection, 354. 

Transport numbers, 420. 

Transverse mass, 476. 

— waves, 64. 

Trouton and Noble, experiment of, 475. 
“Tunnel effect ”, 747. 

Turbulence, 215, 216. 

Turbulent motion, 198 n. 


Unbounded elastic media, waves in, 180, 
Uncertainty principle, 628 n. 
Undulatory propagation, 212. 

Unital stress, 167. 

Unit plane, 399. 

— vector, 9. 

Units, C.G.S., 266, 330. 

— M.K.S., 266, 330. 

Uranium 1, 721. 


Valve, electrical, 434. 

Van der Waals’ equation, 498. 
Van’t Hoff’s law, 547. 

Vapour pressure curve, 534. 
Variation, 78. 

Variations, calculus of, 75. 
Vector, components of, 8. 

— concept of, 7. 

— diagram, 52. : 
— differentiation of, 17. 

— gradieut, 36. 

— multiplication by scalar, 8. 
— polarization, 450. 

— potential, 302. 

— product, 12. 

Vectors, addition and subtraction of, 8. 
— axial, 15. 

— equality of, 8. 

— polar, 15. 

Velocity, ray, 364. 

— resonance, 99 n. 

— vector, 81. 


Vibration, plane of, 351. 
Virtual displacement, 114. 


— displacements, principle of, 113. 


Viscosity, 568, 571. 

— coefficient of, 214. 
Viscous fluids, 214. 
Vortex filament, 205, 206. 
— lines, 205. 

— motion, 203. 

— ring, 206. 

— strength, 205, 206. 

— tube, 205, 206. 


Wattless current, 319. 

Wave equation, 328. 

— — proper values, 698. 

— normal, 371. 

— surface, 368, 369, 370. 

— velocity, 61 n., 245. 
Wave-length, 62. 

“ Wave-length, De Broglie ”, 695. 
Waves, 61. 


INDEX 


Waves, elliptically polarized, 64. 
— linearly polarized, 64. 
Weiss law, 529. 
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Wiedemann and Franz, law of, 447, 449. 


Wien’s displacement law, 622. 

— experiment, 474. 

Wilson’s cloud chamber, 642. 
Wireless telegraphy, 341. 

Work, 85. 

Work of escape, 431. 
World-tensor, antisymmetric, 251. 
World vectors, 247, 250. 


Young’s modulus, 171. 
Yukawa’s theory, 778. 


Zeeman effect, 663, 671, 742. 

— — anomalous, 667. 

— — longitudinal, 863, Ex. 133. 
Zone lens, 394. 

— plate, 390. 
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DOVER BOOKS 


IN SCIENCE AND MATHEMATICS 


Astronomy. 


BURNHAM'’S CELESTIAL HANDBOOK, Robert Burnham, Jr. Thorough guide 
to the stars beyond our solar system. Exhaustive treatment. Alphabetical by constel- 
lation: Andromeda to Cetus in Vol. 1; Chamaeleon to Orion in Vol. 2; and Pavo to 
Vulpecula in Vol. 3. Hundreds of illustrations. Index in Vol. 3. 2,000pp. 6% x 9%. 
23567-X, 23568-8, 23673-0 Three-vol. set 


THE EXTRATERRESTRIAL LIFE DEBATE, 1750-1900, Michael J. Crowe. First 
detailed, scholarly study in English of the many ideas that developed from 1750 to 
1900 regarding the existence of intelligent extraterrestrial life. Examines ideas of 
Kant, Herschel, Voltaire, Percival Lowell, many other scientists and thinkers. 16 illus- 
trations. 704pp. 5% x 844. 40675-X 


A HISTORY OF ASTRONOMY, A. Pannekoek. Well-balanced, carefully reasoned 

study covers such topics as Ptolemaic theory, work of Copernicus, Kepler, Newton, 

Eddington’s work on stars, much more. Illustrated. References. 521 pp. 5% x 84. 
65994-1 


AMATEUR ASTRONOMER’S HANDBOOK, J. B. Sidgwick. Timeless, compre- 
hensive coverage of telescopes, mirrors, lenses, mountings, telescope drives, microm- 
eters, spectroscopes, more. 189 illustrations. 576pp. 5% x 8%. (Available in U.S. only.) 

24034-7 


STARS AND RELATIVITY, Ya. B. Zel'dovich and I. D. Novikov. Vol. 1 of 
Relativistic Astrophysics by famed Russian scientists. General relativity, properties of 
matter under astrophysical conditions, stars, and stellar systems. Deep physical 
insights, clear presentation. 1971 edition. References. 544pp. 5% x 8%. 69424-0 


Chemistry 


CHEMICAL MAGIC, Leonard A. Ford. Second Edition, Revised by E. Winston 
Grundmeier. Over 100 unusual stunts demonstrating cold fire, dust explosions, 
much more. Text explains scientific principles and stresses safety precautions. 
128pp. 5% x 84. 67628-5 


THE DEVELOPMENT OF MODERN CHEMISTRY, Aaron J. Ihde. Authorita- 
tive history of chemistry from ancient Greek theory to 20th-century innovation. 
Covers major chemists and their discoveries, 209 illustrations. 14 tables. 
Bibliographies. Indices. Appendices. 851pp. 5% x 84. 64235-6 


CATALYSIS IN CHEMISTRY AND ENZY MOLOGY, William P. Jencks. 

Exceptionally clear coverage of mechanisms for catalysis, forces in aqueous solution, 

carbonyl- and acyl-group reactions, practical kinetics, more. 864pp. 5% x 8%. 
65460-5 
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THE HISTORICAL BACKGROUND OF CHEMISTRY, Henry M. Leicester. 
Evolution of ideas, not individual biography. Concentrates on formulation of a coher- 
ent set of chemical laws. 260pp. 5% x 8. 61053-5 


A SHORT HISTORY OF CHEMISTRY, J. R. Partington. Classic exposition 
explores origins of chemistry, alchemy, early medical chemistry, nature of atmos- 
phere, theory of valency, laws and structure of atomic theory, much more. 428pp. 
5% x 84. (Available in U.S. only.) 65977-1 


GENERAL CHEMISTRY, Linus Pauling. Revised 3rd edition of classic first-year 
text by Nobel laureate. Atomic and molecular structure, quantum mechanics, statis- 
tical mechanics, thermodynamics correlated with descriptive chemistry. Problems. 
992pp. 5% x 84. 65622-5 


Engineering 


DE RE METALLICA, Georgius Agricola. The famous Hoover translation of great- 
est treatise on technological chemistry, engineering, geology, mining of early mod- 
ern times (1556). All 289 original woodcuts. 638pp. 6% x 11. 60006-8 


FUNDAMENTALS OF ASTRODYNAMICS, Roger Bate et al. Modern approach 
developed by U.S. Air Force Academy. Designed as a first course. Problems, exer- 
cises. Numerous illustrations. 455pp. 5% x 8. 60061-0 


DYNAMICS OF FLUIDS IN POROUS MEDIA, Jacob Bear. For advanced stu- 

dents of ground water hydrology, soil mechanics and physics, drainage and irrigation 

engineering and more. 335 illustrations. Exercises, with answers. 784pp. 6% x 944. 
65675-6 


ANALYTICAL MECHANICS OF GEARS, Earle Buckingham. Indispensable ref- 
erence for modern gear manufacture covers conjugate gear-tooth action, gear-tooth 


profiles of various gears, many other topics. 263 figures. 102 tables. 546pp. 5% x 8%. 
65712-4 


MECHANICS, J. P. Den Hartog. A classic introductory text or refresher. Hundreds 
of applications and design problems illuminate fundamentals of trusses, loaded 
beams and cables, etc. 334 answered problems. 462pp. 5% x 84. 60754-2 


MECHANICAL VIBRATIONS, J. P. Den Hartog. Classic textbook offers lucid 
explanations and illustrative models, applying theories of vibrations to a variety of 
practical industrial engineering problems. Numerous figures. 233 problems, solu- 
tions. Appendix. Index. Preface. 436pp. 5% x 8. 64785-4 


STRENGTH OF MATERIALS, J. P. Den Hartog. Full, clear treatment of basic 
material (tension, torsion, bending, etc.) plus advanced material on engineering 
methods, applications. 350 answered problems. 323pp. 5% x 8%. 60755-0 


A HISTORY OF MECHANICS, René Dugas. Monumental study of mechanical 
principles from antiquity to quantum mechanics. Contributions of ancient Greeks, 
Galileo, Leonardo, Kepler, Lagrange, many others. 671 pp. 5% x 84. 65632-2 


CATALOG OF DOVER BOOKS 


METAL FATIGUE, N. E. Frost, K. J. Marsh, and L. P. Pook. Definitive, clearly writ- 
ten, and well-illustrated volume addresses all aspects of the subject, from the histori- 
cal development of understanding metal fatigue to vital concepts of the cyclic stress 
that causes a crack to grow. Includes 7 appendixes. 544pp. 5% x 84. 40927-9 


STATISTICAL MECHANICS: Principles and Applications, Terrell L. Hill. 
Standard text covers fundamentals of statistical mechanics, applications to fluctuation 
theory, imperfect gases, distribution functions, more. 448pp. 5% x 84. 65390-0 


THE VARIATIONAL PRINCIPLES OF MECHANICS, Cornelius Lanczos. 
Graduate level coverage of calculus of variations, equations of motion, relativistic 
mechanics, more. First inexpensive paperbound edition of classic treatise. Index. 
Bibliography. 418pp. 5% x 844. 65067-7 


THE VARIOUS AND INGENIOUS MACHINES OF AGOSTINO RAMELLI: 
A Classic Sixteenth-Century Illustrated Treatise on Technology, Agostino Ramelli. 
One of the most widely known and copied works on machinery in the 16th century. 
194 detailed plates of water pumps, grain mills, cranes, more. 608pp. 9 x 12. 
28180-9 


ORDINARY DIFFERENTIAL EQUATIONS AND STABILITY THEORY: An 
Introduction, David A. Sanchez. Brief, modern treatment. Linear equation, stability 
theory for autonomous and nonautonomous systems, etc. 164pp. 5% x 84. 

< 63828-6 


ROTARY WING AERODYNAMICS, W. Z. Stepniewski. Clear, concise text cov- 
ers aerodynamic phenomena of the rotor and offers guidelines for helicopter perfor- 
mance evaluation. Originally prepared for NASA. 537 figures. 640pp. 6% x 9%. 

. 64647-5 


INTRODUCTION TO SPACE DYNAMICS, William Tyrrell Thomson. Com- 
prehensive, classic introduction to space-flight engineering for advanced undergrad- 
uate and graduate students. Includes vector algebra, kinematics, transformation of 
coordinates. Bibliography. Index. 352pp. 5% x 8'4. 65113-4 


HISTORY OF STRENGTH OF MATERIALS, Stephen P. Timoshenko. Excellent 
historical survey of the strength of materials with many references to the theories of 
elasticity and structure. 245 figures. 452pp. 5% x 8%. 61187-6 


ANALYTICAL FRACTURE MECHANICS, David J. Unger. Self-contained text 
supplements standard fracture mechanics texts by focusing on analytical methods for 
determining crack-tip stress and strain fields. 336pp. 6% x 94. 41737-9 


Mathematics 


HANDBOOK OF MATHEMATICAL FUNCTIONS WITH F ORMULAS, 
GRAPHS, AND MATHEMATICAL TABLES, edited by Milton Abramowitz and 
Trene A. Stegun. Vast compendium: 29 sets of tables, some to as high as 20 places. 
1,046pp. 8 x 104. 61272-4 
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FUNCTIONAL ANALYSIS (Second Corrected Edition), George Bachman and 
Lawrence Narici. Excellent treatment of subject geared toward students with back- 
ground in linear algebra, advanced calculus, physics and engineering. Text covers 
introduction to inner-product spaces, normed, metric spaces, and topological spaces; 
complete orthonormal sets, the Hahn-Banach Theorem and its consequences, and 
many other related subjects. 1966 ed. 544pp. 6's x 94. 40251-7 


ASYMPTOTIC EXPANSIONS OF INTEGRALS, Norman Bleistein & Richard A. 
Handelsman. Best introduction to important field with applications in a variety of sci- 
entific disciplines. New preface. Problems. Diagrams. Tables. Bibliography. Index. 
448pp. 5% x 84. 65082-0 


FAMOUS PROBLEMS OF GEOMETRY AND HOW TO SOLVE THEM, 
Benjamin Bold. Squaring the circle, trisecting the angle, duplicating the cube: learn 
their history, why they are impossible to solve, then solve them yourself. 128pp. 
5% x 84. 24297-8 


VECTOR AND TENSOR ANALYSIS WITH APPLICATIONS, A. I. Borisenko 
and I. E. Tarapov. Concise introduction. Worked-out problems, solutions, exercises. 
257pp. 5% x 84. 63833-2 


THE ABSOLUTE DIFFERENTIAL CALCULUS (CALCULUS OF TENSORS), 
Tullio Levi-Civita. Great 20th-century mathematician’s classic work on material nec- 
essary for mathematical grasp of theory of relativity. 452pp. 5% x 84. 63401-9 


AN INTRODUCTION TO ORDINARY DIFFERENTIAL EQUATIONS, Earl 
A. Coddington. A thorough and systematic first course in elementary differential 
equations for undergraduates in mathematics and science, with many exercises and 
problems (with answers). Index. 304pp. 5% x 84. 65942-9 


FOURIER SERIES AND ORTHOGONAL FUNCTIONS, Harry F. Davis. An 
incisive text combining theory and practical example to introduce Fourier series, 
orthogonal functions and applications of the Fourier method to boundary-value 
problems. 570 exercises. Answers and notes. 416pp. 5% x 84. 65973-9 


COMPUTABILITY AND UNSOLVABILITY, Martin Davis. Classic graduate- 
level introduction to theory of computability, usually referred to as theory of recur- 
rent functions. New preface and appendix. 288pp. 5% x 81. 61471-9 


ASYMPTOTIC METHODS IN ANALYSIS, N. G. de Bruijn. An inexpensive, com- 
prehensive guide to asymptotic methods—the pioneering work that teaches by 
explaining worked examples in detail. Index. 224pp. 5% x 8% 64221-6 


ESSAYS ON THE THEORY OF NUMBERS, Richard Dedekind. Two classic 
essays by great German mathematician: on the theory of irrational numbers; and on 
transfinite numbers and properties of natural numbers. 115pp. 5% x 84. 21010-3 
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APPLIED COMPLEX VARIABLES, John W. Dettman. Step-by-step coverage of 
fundamentals of analytic function theory—plus lucid exposition of five important 
applications: Potential Theory; Ordinary Differential Equations; Fourier Transforms; 
Laplace Transforms; Asymptotic Expansions. 66 figures. Exercises at chapter ends. 
512pp. 5% x 84. 64670-X 


INTRODUCTION TO LINEAR ALGEBRA AND DIFFERENTIAL EQUA- 
TIONS, John W. Dettman. Excellent text covers complex numbers, determinants, 
orthonormal bases, Laplace transforms, much more. Exercises with solutions. 
Undergraduate level. 416pp. 5% x 844. 65191-6 


MATHEMATICAL METHODS IN PHYSICS AND ENGINEERING, John W. 
Dettman. Algebraically based approach to vectors, mapping, diffraction, other topics 
in applied math. Also generalized functions, analytic function theory, more. 
' Exercises. 448pp. 5% x 84. 65649-7 


CALCULUS OF VARIATIONS WITH APPLICATIONS, George M. Ewing. 
Applications-oriented introduction to variational theory develops insight and pro- 
motes understanding of specialized books, research papers. Suitable for advanced 
undergraduate/graduate students as primary, supplementary text. 352pp. 5% x BA. 
64856-7 


COMPLEX VARIABLES, Francis J. Flanigan. Unusual approach, delaying com- 
plex algebra till harmonic functions have been analyzed from real variable view- 
point. Includes problems with answers. 364pp. 5% x 8'4. 61388-7 


AN INTRODUCTION TO THE CALCULUS OF VARIATIONS, Charles Fox. 
Graduate-level text covers variations of an integral, isoperimetrical problems, least 
action, special relativity, approximations, more. References. 279pp. 5% x 84. 

f 65499-0 


' CATASTROPHE THEORY FOR SCIENTISTS AND ENGINEERS, Robert 
Gilmore. Advanced-level treatment describes mathematics of theory grounded in the 
work of Poincaré, R. Thom, other mathematicians. Also important applications to 
problems in mathematics, physics, chemistry and engineering. 1981 edition. 
References. 28 tables. 397 black-and-white illustrations. xvii + 666pp. 6% x 94. 
67539-4 


INTRODUCTION TO DIFFERENCE EQUATIONS, Samuel Goldberg. Excep- 
tionally clear exposition of important discipline with applications to sociology, psy- 
chology, economics. Many illustrative examples; over 250 problems. 260pp. 5% x 84. 

65084-7 


NUMERICAL METHODS FOR SCIENTISTS AND ENGINEERS, Richard 
Hamming. Classic text stresses frequency approach in coverage of algorithms, poly- 
nomial approximation, Fourier approximation, exponential approximation, other 
topics. Revised and enlarged 2nd edition. 721pp. 5% x 84. 65241-6 


INTRODUCTION TO NUMERICAL ANALYSIS (2nd Edition), F. B. Hilde- 
brand. Classic, fundamental treatment covers computation, approximation, inter- 
polation, numerical differentiation and integration, other topics. 150 new problems. 
669pp. 5% x 84. 65363-3 
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Physics 


OPTICAL RESONANCE AND TWO-LEVEL ATOMS, L. Allen and J. H. Eberly. 
Clear, comprehensive introduction to basic principles behind all quantum optical 
resonance phenomena. 53 illustrations. Preface. Index. 256pp. 5% x8». 65533-4 


ULTRASONIC ABSORPTION: An Introduction to the Theory of Sound 
Absorption and Dispersion in Gases, Liquids and Solids, A. B. Bhatia. Standard ref- 
erence in the field provides a clear, systematically organized introductory review of 
fundamental concepts for advanced graduate students, research workers. Numerous 
diagrams. Bibliography. 440pp. 5% x 84. 64917-2 


QUANTUM THEORY, David Bohm. This advanced undergraduate-level text pre- 
sents the quantum theory in terms of qualitative and imaginative concepts, followed 
by specific applications worked out in mathematical detail. Preface. Index. 655pp. 
5% x 84. 65969-0 


ATOMIC PHYSICS (8th edition), Max Born. Nobel laureate’s lucid treatment of 
kinetic theory of gases, elementary particles, nuclear atom, wave-corpuscles, atomic 
structure and spectral lines, much more. Over 40 appendices, bibliography. 495pp. 
5% x Bs. 65984-4 


AN INTRODUCTION TO HAMILTONIAN OPTICS, H. A. Buchdahl. Detailed 
account of the Hamiltonian treatment of aberration theory in geometrical optics. 
Many classes of optical systems defined in terms of the symmetries they possess. 
Problems with detailed solutions. 1970 edition. xv + 360pp. 5% x 8%. 67597-1 


THIRTY YEARS THAT SHOOK PHYSICS: The Story of Quantum Theory, 
George Gamow. Lucid, accessible introduction to influential theory of energy and 
matter. Careful explanations of Dirac’s anti-particles, Bohr’s model of the atom, 
much more. 12 plates. Numerous drawings. 240pp. 5% x 84. 24895-X 


ELECTRONIC STRUCTURE AND THE PROPERTIES OF SOLIDS: The 
Physics of the Chemical Bond, Walter A. Harrison. Innovative text offers basic 
understanding of the electronic structure of covalent and ionic solids, simple metals, 
transition metals and their compounds. Problems. 1980 edition. 582pp. 6% x 94. 

’ 66021-4 


HYDRODYNAMIC AND HYDROMAGNETIC STABILITY, S. Chandrasekhar. 
Lucid examination of the Rayleigh-Benard problem; clear coverage of the theory of 
instabilities causing convection. 704pp. 5% x 84. 64071-X 


INVESTIGATIONS ON THE THEORY OF THE BROWNIAN MOVEMENT, 
Albert Einstein. Five papers (1905-8) investigating dynamics of Brownian motion 
and evolving elementary theory. Notes by R. Fiirth. 122pp. 5% x 8%. 60304-0 


THE PHYSICS OF WAVES, William C. Elmore and Mark A. Heald. Unique 
overview of classical wave theory. Acoustics, optics, electromagnetic radiation, more. 
Ideal as classroom text or for self-study. Problems. 477pp. 5% x 84. 64926-1 
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PHYSICAL PRINCIPLES OF THE QUANTUM THEORY, Werner Heisenberg. 
Nobel Laureate discusses quantum theory, uncértainty, wave mechanics, work of 
Dirac, Schroedinger, Compton, Wilson, Einstein, etc. 184pp. 5% x 8'4. 60113-7 


ATOMIC SPECTRA AND ATOMIC STRUCTURE, Gerhard Herzberg. One of 
best introductions; especially for specialist in other fields. Treatment is physical 
rather than mathematical. 80 illustrations. 257pp. 5% x 84. 60115-3 


AN INTRODUCTION TO STATISTICAL THERMODYNAMICS, Terrell L. 

Hill. Excellent basic text offers wide-ranging coverage of quantum statistical mechan- 

ics, systems of interacting molecules, quantum statistics, more. 523pp. 5% x 8/4. 
65242-4 


THEORETICAL PHYSICS, Georg Joos, with Ira M. Freeman. Classic overview 
covers essential math, mechanics, electromagnetic theory, thermodynamics, quan- 
tum mechanics, nuclear physics, other topics. First paperback edition. xxiii + 885pp. 
5% x BA. 65227-0 


PROBLEMS AND SOLUTIONS IN QUANTUM CHEMISTRY AND 
_ PHYSICS, Charles S. Johnson, Jr. and Lee G. Pedersen. Unusually varied problems, 
detailed solutions in coverage of quantum mechanics, wave mechanics, angular 
momentum, molecular spectroscopy, more. 280 problems plus 139 supplementary 
exercises. 430pp. 6% x 94. 65236-X 


THEORETICAL SOLID STATE PHYSICS, Vol. 1: Perfect Lattices in 
Equilibrium; Vol. 1: Non-Equilibrium and Disorder, William Jones and Norman H. 
March. Monumental reference work covers fundamental theory of equilibrium 
properties of perfect crystalline solids, non-equilibrium properties, defects and dis- 
ordered systems. Appendices. Problems. Preface. Diagrams. Index. Bibliography. 
Total of 1,301pp. 5% x 8%. Two volumes. Vol. I: 65015-4 Vol. II: 65016-2 


A TREATISE ON ELECTRICITY AND MAGNETISM, James Clerk Maxwell. 
Important foundation work of modern physics. Brings to final form Maxwell’s theo- 
ty of electromagnetism and rigorously derives his general equations of field theory. 
1,084pp. 5% x 8%. Two-vol. set. Vol. I: 60636-8 Vol. II: 60637-6 


OPTICKS, Sir Isaac Newton. Newton’s own experiments with spectroscopy, colors, 
lenses, reflection, refraction, etc., in language the layman can follow. Foreword by 
Albert Einstein. 532pp. 5% x 84. 60205-2 


THEORY OF ELECTROMAGNETIC WAVE PROPAGATION, Charles Herach 
Papas. Graduate-level study discusses the Maxwell field equations, radiation from 
wire antennas, the Doppler effect and more. xiii + 244pp. 5% x 84. 65678-5 


INTRODUCTION TO QUANTUM MECHANICS With Applications to 
Chemistry, Linus Pauling & E. Bright Wilson, Jr. Classic undergraduate text by Nobel 
Prize winner applies quantum mechanics to chemical and physical problems. 
Numerous tables and figures enhance the text. Chapter bibliographies. Appendices. 
Index. 468pp. 5% x 84. 64871-0 
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METHODS OF THERMODYNAMICS, Howard Reiss. Outstanding text focuses 
on physical technique of thermodynamics, typical problem areas of understanding, 
and significance and use of thermodynamic potential. 1965 edition. 238pp. 5% x 8'4. 

69445-3 


TENSOR ANALYSIS FOR PHYSICISTS, J. A. Schouten. Concise exposition of 
the mathematical basis of tensor analysis, integrated with well-chosen physical exam- 
ples of the theory. Exercises. Index. Bibliography. 289pp. 5% x 8's. 65582-2 


RELATIVITY IN ILLUSTRATIONS, Jacob T. Schwartz. Clear nontechnical treat- 
ment makes relativity more accessible than ever before. Over 60 drawings illustrate 
concepts more clearly than text alone. Only high school geometry needed. 
Bibliography. 128pp. 6% x 9%. 25965-X 


THE ELECTROMAGNETIC FIELD, Albert Shadowitz. Comprehensive under- 
graduate text covers basics of electric and magnetic fields, builds up to electromag- 
netic theory. Also related topics, including relativity. Over 900 problems. 768pp. 
5% x Bi. 65660-8 


GREAT EXPERIMENTS IN PHYSICS: Firsthand Accounts from Galileo to 
Einstein, edited by Morris H. Shamos. 25 crucial discoveries: Newton’s laws of 
motion, Chadwick’s study of the neutron, Hertz on electromagnetic waves, more. 
Original accounts clearly annotated. 370pp. 5% x 84. 25346-5 


RELATIVITY, THERMODYNAMICS AND COSMOLOGY, Richard C. 
Tolman. Landmark study extends thermodynamics to special, general relativity; also 
applications of relativistic mechanics, thermodynamics to cosmological models. 
501 pp. 5% x 8. 65383-8 


LIGHT SCATTERING BY SMALL PARTICLES, H. C. van de Hulst. Compre- 
hensive treatment including full range of useful approximation methods for 


researchers in chemistry, meteorology and astronomy. 44 illustrations. 470pp. 5% x 8%. 
64228-3 


STATISTICAL PHYSICS, Gregory H. Wannier. Classic text combines thermody- 
namics, statistical mechanics and kinetic theory in one unified presentation of ther- 
mal physics. Problems with solutions. Bibliography. 532pp. 5% x 8. 65401-X 


Paperbound unless otherwise indicated. Available at your book dealer, online at www.dover- 
publications.com, or by writing to Dept. GI, Dover Publications, Inc., 31 East 2nd Street, 
Mineola, NY 11501. For current price information or for free catalogues (please indicate field of 
interest), write to Dover Publications or log on to www.doverpublications.com and see every 
Dover book in print. Dover publishes more than 500 books each year on science, elementary and 
advanced mathematics, biology, music, art, literary history, social sciences, and other areas. 
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FUNDAMENTAL FORMULAS OF Puysics, VOLS. I & Il, Donald H. Menzel (ed.). 
(60595-7, 60596-5) 


OpTicks, Sir Isaac Newton. (60205-2) 

THEORY OF RELATIVITY, W. Pauli. (64152-X) 

INTRODUCTION TO QUANTUM MECHANICS WITH APPLICATIONS TO CHEMISTRY, Linus 
Pauling and E. Bright Wilson, Jr. (64871-0) 

SURVEY OF PHYSICAL THEORY, Max Planck. (67867-9) 

THE PHILOSOPHY OF SPACE AND TIME, Hans Reichenbach. (60443-8) 


BOUNDARY AND EIGENVALUE PROBLEMS IN MATHEMATICAL Puysics, Hans Sagan. 
(66132-6) 


STATISTICAL THERMODYNAMICS, Erwin Schrodinger. (66101-6) 

PRINCIPLES OF ELECTRODYNAMICS, Melvin Schwartz. (65493-1) 

ELECTROMAGNETIC FIELD, Albert Shadowitz. (65660-8) 

PARTIAL DIFFERENTIAL EQUATIONS OF MATHEMATICAL Puysics, S.L. Sobolev. 
(65964-X) 

PRINCIPLES OF STATISTICAL MECHANICS, Richard C. Tolman. (63896-0) 

LIGHT SCATTERING BY SMALL Partic.es, H.C. van de Hulst. (64228-3) 

UNDERSTANDING THERMODYNAMICS, H.C. Van Ness. (63277-6) 

MATHEMATICAL ANALYSIS OF PHYSICAL PROBLEMS, Philip R. Wallace. (64676-9) 


STATISTICAL Puysics, Gregory H. Wannier. (65401-X) 
X-Ray DIFFRACTION, B.E. Warren. (66317-5) 
SpACE—TIME—MartTer, Hermann Weyl. (60267-2) 


Paperbound unless otherwise indicated. Prices subject to change with- 
out notice. Available at your book dealer or online at www.doverpubli- 
cations.com. Write for free catalogues to Dept. 23, Dover Publications, 
Inc , 31 East 2nd Street, Mineola, NY 11501. Please indicate field of inter- 
est. Each year Dover publishes over 400 books on fine art, music, crafts 
and needlework, antiques, languages, literature, children’s books, chess, 
cookery, nature, anthropology, science, mathematics, and other areas. 

Manufactured in the U.S.A. 


THEORETICAL | 


PHYSICS 


Georg Joos 


Among the finest, most comprehensive treatments of theoretical physics ever 
written, this classic volume comprises a superb introduction to the main branches of 
the discipline and offers solid grounding for further research in a variety of fields. 
Students will find no better one-volume coverage of so many essential topics; 
moreover, since its first publication, the book has been substantially revised and 
updated with additional material on Bessel functions, spherical harmonics, 
superconductivity, elastomers, and other subjects. 


The first four chapters review mathematical topics needed by theoretical and 
experimental physicists (vector analysis, mathematical representation of periodic 
phenomena, theory of vibrations and waves, theory of functions of a complex 
variable, the calculus of variations, and more). This material is followed by 
exhaustive coverage of mechanics (including elasticity and fluid mechanics, as well 
as relativistic mechanics), a highly detailed treatment of electromagnetic theory, 
and thorough discussions of thermodynamics, kinetic theory and statistical 
mechanics, quantum mechanics and nuclear physics. 


Now available for the first time in paperback, this wide-ranging overview also 
contains an extensive 40-page appendix which provides detailed solutions to the 
numerous exercises included throughout the text. Although first published over 50 
years ago, the book remains a solid, comprehensive survey, so well written and 
carefully planned that undergraduate as well as graduate students of theoretical 
and experimental physics will find it an indispensable reference they will turn to 
again and again. 


Unabridged and unaltered Dover (1986) republication of the third edition 
published by Hafner Publishing Company, New York, 1958. Numerous illustra- 
tions and problems. Preface. Tables. Index. References for further study. xxiii + 
885pp. 5% x 84. Paperbound. 
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FUNDAMENTAL FORMULAS OF Puysics, edited by Donald H. Menzel. 848pp. 5% x 8%. 
Two-vol. set. 60595-7, 60596-5 Pa. 

THE Puysics OF Waves, William C. Elmore and Mark A. Heald. 477pp. 5% x 84. 64926-1 
Pa. 
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